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Local Host: Dr. Hiroshi Uechi 

Welcome Message  

Dear delegates and colleagues, 

It is my great honor to welcome all of you to the International Conferences in Osaka, Japan, 

which promote exchanges of information, communications and collaborations among researchers 

worldwide. I am Hiroshi Uechi, your local host in Osaka, Japan, and a Professor at Osaka Gakuin 

University, working in the field of physics, theoretical nuclear-astrophysics, biochemical interactions, 

and energy-harvesting technologies. We are living in the 21st century by succeeding cultural, 

economic, technological and scientific progress as a legacy of the prosperity of humanity in the 

present day. We have prospered and enjoyed the seed of advanced culture of currently society, but 

still have serious and delicate unsolved issues in ecology, environment, energy resources, economy, 

and education system. We need active and constructive communications and collaborations in all 

expertise in order to resolve problems and sustain in our societies, environmental and ecological 

systems, energy resources. 

  

The international conference will host many distinguished leading experts, executives and 

entrepreneurs in the fields of their expertise. On behalf of the participants for their enthusiastic 

support and contributions. In addition to researchers' mutual communications, we would like to 

welcome all of you to the conferences and hope that every participant and accompanying family 

member will enjoy cultural explorations in Osaka.  

 

Thank you. 

 

Dr. Hiroshi Uechi 

Osaka Gakuin University  
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March 24, 2020 @ International House Osaka 

Tuesday at a Glance 

08:50-09:10 

 

Gathering for Socializing Event 

@ 2
nd

 Floor Pre-function Area 

 

09:00-17:00 

 

One-day Tour in Osaka and Kyoto 
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March 25, 2020 @ International House Osaka  

Wednesday at a Glance 

08:30-16:00 

 

Registration| 2
nd

 Floor Pre-function Area 

 

09:00-10:30 

 

Oral Session (1) (2) (3) 

 

10:30-10:45 

 

Tea Break & Networking 

 

10:45-11:45 Keynote Speech 

■ Local Host – Dr. Hiroshi Uechi 

A Mechanoelectric Energy Generation by Disk-Magnet 

Electromagnetic Induction from a Drinking Bird 

 

11:45-13:00 

 

Group Photo Memories & Lunch Break 

 

13:00-14:30 

 

Oral Session (4) (5) (6) 

13:30-14:30 

 

Poster Session (1) 

 

14:30-14:45 

 

Tea Break & Networking 

 

14:45-16:15 

 

Oral Session (7) (8) 

 

15:00-16:00 

 

Poster Session (2) 
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March 26, 2020 @ International House Osaka 

Thursday at a Glance 

08:30-12:00 

 

Registration| 2
nd

 Floor Pre-function Area 

 

09:00-10:30 

 

Oral Session (1) (2) (3) 

 

9:30-10:30 

 

Poster Session (1) 

 

10:30-10:45 

 

Tea Break & Networking 

 

10:45-12:15 Oral Session (4) (5)  

 

11:00-12:00 Poster Session (2) 

 

12:15-13:30 

 

Group Photo Memories & Lunch Break 
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General Information 

Registration 

You will be able to pick up your registration pack and name card at the Conference Registration Desk. 

The Conference Registration Desk will be situated on the 2
nd

 floor at International House Osaka 

during the following time:   

8:30-16:00, Wednesday, March 25, 2020 

8:30-12:00, Thursday, March 26, 2020 

 

Name Badges 

When you check in, you will receive a registration pack, which includes your name badges. Wearing 

your badge is required for entrance to the sessions.  You must wear your badge at all times during 

the conference. 

 

Refreshment Breaks 

Complimentary coffee, tea, water and light snacks will be available during the scheduled coffee 

breaks.   

 

What to Wear & Bring 

Attendees generally wear business casual attire. You may wish to bring a light jacket as meeting 

rooms are air-conditioned and sometimes cool. 
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Presentation Guide  

Oral Presentations 

The time for the Oral Presentation (90 min/ Session) 

 

Number of 

Presentation 
Presentation Time 

3 15-25 min. each (+5 min. Q&A) 

4 15-18 min. each (+4 min. Q&A) 

5 15 min. each (+3 min. Q&A) 

6 12 min. each (+3 min. Q&A) 

 

Presenters are reminded that the time slots should be divided fairly and equally by the number of 

presentations, and that they should not overrun. The session chair is asked to assume this 

timekeeping role and to summarize key issues in each topic. 
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Poster Presentations 

The time for the Poster Presentation (50-60 min/Session) 

Please stay in the session to the end of it. All poster presenters must bring your poster materials with 

you in your session time. You can post your poster 10 minutes before your session starts.   

 

Materials Prepared by the Presenters: 

1. Home-made Poster(s) 

2. Material: not limited, can be posted on the canvases 

3. Recommended Poster Size: 60cm * 120 - 140cm 
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Presentation Certificates 

Presenters will receive a certificate of presentation from their Session Chair or a member of staff at 

the end of their session. 

 

Equipment 

Oral Presentation: 

All presentation rooms are equipped with a screen, an LCD projector and a laptop computer installed 

with Microsoft PowerPoint. You will be able to insert your USB flash drive into the computer and 

double check your file in PowerPoint. We recommend that you bring two copies of your presentation 

in case one fails, and suggest sending yourself the presentation by email as a third and final 

precaution. 

 

Poster Presentation: 

Materials Provided by the Conference Organizer: 

1. X-frame display & Base Fabric Canvases (60cm×160cm) 

2. Adhesive Tapes, clamps, or clips 

3. Our staff on-site will assist you to put up on the poster board with the clips we provide 

 

A Polite Request to All Participants 

Participants are request to arrive in a timely fashion for all addresses and refrain from talking amongst 

themselves and ensure that mobile phones are switched off or set to silent mode during 

presentations.  
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Room Schedule I 

Wednesday, March 25, 2020 

 Room A Room B Room C Room D 

8:30-16:00 Registration @ 2nd Floor Pre-Function Area 

09:00-10:30 

Oral Session (1) 

Special Session: 

Energy & 

Sustainability/ 

Material Science 

and Engineering 

- 

Oral Session (2) 

Special Session: 

Energy & 

Sustainability 

Oral Session (3) 

Special Session: 

Energy & 

Sustainable 

Development 

10:45-11:45 - 
Keynote 

Speech 
- 

11:45-13:00 Group Photo Memories & Lunch Break 

13:00-14:30 

Oral Session (4) 

Electrical and 

Electronic 

Engineering 

- 

Oral Session (5) 

Computer and 

Information 

Sciences 

Oral Session (6) 

 
13:30-14:30 

Poster Session (1) 

Environmental 

Science/ Computer 

& Information 

Sciences/ 

Fundamental & 

Applied Sciences/ 

Material Science & 

Engineering/ 

Mechanical 

Engineering 

14:45-16:15 
Oral Session (7) 

Material Science 

and Engineering/  

Mechanical 

Engineering/  

Fundamental & 

Applied Sciences 

- 

Oral Session (8) 

Computer and 

Information 

Sciences 

 

15:00-16:00 

Poster Session (2) 

Biological 

Engineering/Life 

Sciences 
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Room Schedule II 

Thursday, March 26, 2020 

 Room A Room B Room C Room D 

8:30-11:00 Registration @ 2nd Floor Foyer Area 

9:00-10:30 

Oral Session (1) 

Biological 

Engineering 

- 

Oral Session (2) 

Biological 

Engineering/ Life 

Sciences 

Oral Session (3) 

 
9:30-10:30 

Poster Session (1) 

Electrical & 

Electronic 

Engineering 

10:45-12:00 

 

- 

Oral Session (4) 

Environmental 

Sciences 

Oral Session (5) 

 
11:00-12:15 

Poster Session (2) 

Business & 

Management/ 

Education/ Finance 

12:15-13:30 Group Photo Memories & Lunch Break 
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Directions & Access 

International House Osaka, The 2nd floor 

2-6 Uehommachi 8-chome, Tennoji-ku, Osaka 543-0001, Japan 

Phone: +81-6-6772-6729 

 

Location 

International House, Osaka (iHOUSE/ Osaka Conference Center & Hotel) which was established in 

1987 in the town of Uehommachi (South part of Osaka City), is a representative convention facility of 

Osaka. 

 

Transportation 

*Subway: 

1-1. [Tanimachi 9-chome Station] (Tanimachi and Sennichimae Lines) Exit No.3 or 5. In 10 minutes 

walk. 

1-2. [Shitennoji-mae Yuhigaoka Station] (Tanimachi Line) Exit No.1 or 2. In 10 minutes walk. 

 

*Kintetsu Railway 

2-1. [Osaka-Uehommachi Station] 5 minutes walk. 

 

*City bus 

3-1. [Uehommachi 8-chome Bus Stop] 1minute walk.  

 

 



17 
 

Floor Guide 

 

The 2nd floor plan 

 

 

 

 

 

 

Oral Session: 2nd floor – Room B, C and D 

 

Poster Session: 2nd floor – Room B 

Tea Break & Networking: 2nd floor – Room B 

Lunch: 2nd floor – Sakura 

  

Lunch 

Oral & Poster Session 
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Keynote Presentation: Dr. Hiroshi Uechi 

A Mechanoelectric Energy Generation by Disk-Magnet 

Electromagnetic Induction from a Drinking Bird 

Wednesday, March 25 | 10:45-11:45| Room C 

 

Abstract 

1. Energy Harvesting Technology and heat engines 

The prosperity of human society and ecological systems on Earth depend on energy production and 

consumption and basic chemicals (H2O, CO2,  NO3
− …) which transport energy and nutrients 

indispensable for life. However, huge energy generations and consumptions cause environmental 

problems and so, it is important to generate clean and sustainable 

energy by employing and improving energy harvesting technology.  

We discussed mechanoelectric energy generations (MEG) [1] from 

very sensitive model of heat engines, such as a Stirling engine and 

a water drinking bird shown in Fig.1.  

  The stirling engine convers heat-flow from hot water into 

rotational motion, but a water drinking bird uses water to produce a simple back and forth motion.  

These motions are simple but based on thermodynamic principles. Hence, energies from heat 

engines can be universally produced in dayly life and converted to electric energy. 

 

2.  The nonlinear differential equation of a thermomechanical drinking bird 

The appropriate mechanoelectric energy conversion method is necessary to extract usable energy 

from these small motions. We proposed a Disk-magnet electromagnetic 

induction (DM-EMI) for a direct mechanoelectric energy conversion from 

Stirling and water drinking bird heat engines.  The detailed calculations and 

results are discussed in the papers [2][3].  We proposed a 

thermomechanical model of a DB’s periodic motion.  The equation of motion for the 

thermomechanical DB results in,   

      (2.1) 

A drinking bird motion, a solution to Eq. (2.1), is shown in Fig. 2.  

 

3.  The Disk-magnet electromagnetic induction method (DM-EMI).  

The pulse electric current, I(t), and electric power extracted from a drinking bird motion are shown in 

Fig.3.  The pulses of electric currents change from -0.3 to 0.3 (ampere), according to the direction of 

DB's back and forth motion. 

Fig.1 A Stirling engine and a 

Fig.2 The solution of 
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The pulses of the electric power change from -35 to 35 (watt) in Fig.3 (b), which is usable for lighting 

LEDs (light emitting diodes).  The computer simulations with the disk-magnet electromagnetic 

induction (DM-EMI) with the assumption of the sharp magnetic-flux produce a moderate electric 

power characteristic to a system. The dynamics of a drinking bird and a Stirling engine is a very 

sensitive physical problem of the irreversible thermodynamics, and it helps us understand natural 

phenomena in terms of energy and heat flows, resulting in conspicuous applicability and testability. 

The heat engine suggests that the energy can be more efficiently produced so that the waste of 

energy can be dramatically improved. 

 

Keywords: Heat engines, mechanoelectric energy conversion, disk-magnet electromagnetic induction 

(DM-EMI). 

 

References 

[1] Uechi, S.T. and Uechi, H. (2019) A Mechanical Vibration-Induced Electric Energy 

Generation (MVEG) and Applications to Ride Quality of Vehicles and International 

Roughness Index (IRI). Studies in Engineering and Technology, 6, 59-69. 

https://doi.org/10.11114/set.v6i1.4301 

[2] Archives in Researchgate, in progress. 

[3] S. T. Uechi, H. Uechi, and A. Nishimura, The Analysis of Thermomechanical Periodic Motions of a 

Drinking Bird, World Journal of Engineering and Technology, 7, (2019) 559-571.  

https://doi.org/10.4236/wjet.2019.74040  

 

Dr. Hiroshi Uechi 

Faculty of Commerce,  

Osaka Gakuin University 

  

Fig.3 (a) Pulse of electric current Fig.3 (b) Pulse of electric power 

https://doi.org/10.4236/wjet.2019.74040
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09:00-10:30 | Room A 

Wednesday Oral Session (1) 

Special Session: Energy & Sustainability/ Material Science and Engineering 

Session Chair: Prof. Rong-Hua Yeh 

 

10038 

Recovery of Engine Waste Heat for ORC Systems Utilizing Mixture Working Fluids  

Rong-Hua Yeh, National Kaohsiung University of Science and Technology, Taiwan 

 

10090 

Control of Thermal Spray Process via Flattening Behavior of Single Splat  

Masahiro Fukumoto, Toyohashi University of Technology, Japan 

 

20040 

Investigation of Direct Ethanol Fuel Cell (DEFC) with Proton Exchange Membranes 

Prepared from Epoxidized Natural Rubbers (ENRs) 

Apichat Boontawan, Suranaree University of Technology, Thailand 

 

10078 

High Performance Anionic Conductivity and Methanol Permeability of Alkaline Doped 

Polybenzimidazole/ Graphene Oxide-Magnetite Electrolytes for Direct Alkaline 

Methanol Fuel Cells  

Selvaraj Rajesh Kumar, Chang Gung University, Taiwan 

Guomei Wu, Chang Gung University, Taiwan 

Shingjiang Jessie Lue, Chang Gung University, Taiwan 
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10038 

Recovery of Engine Waste Heat for ORC Systems Utilizing Mixture 

Working Fluids 

 

Rong-HuaYeh* 

Department of Marine Engineering, National Kaohsiung University of Science and 

Technology, Taiwan 

E-mail address: rhyeh@nkust.edu.tw 

 

Abstract 

Lately, waste heat recovery from internal combustion engines has attracted a lot 

of attentions since it can both improve the thermal efficiencies of engines and help 

vehicles and vessels meet the worldwide restrictions of CO2 emissions. For a very 

large diesel main engine in a merchant ship, the exhaust gas, cylinder cooling water 

and scavenge air cooling water may serve as the waste heat sources. In this regard, 

the organic Rankine cycle system possesses a great potential in conversion of this 

waste heat into electricity due to its low boiling temperature of working fluid. The 

pure-component working fluid having the pinch points in exchangers leads to an 

obstacle in heat transfer and degrades the performance of the system. Overall, the 

mixtures are superior to their compositions of single-component working fluids in 

economic performance. 

The advantages of the waste heat recovery using organic Rankine cycle (ORC) 

system have been widely recognized. Because of the low boiling temperature 

characteristics of the working fluid, the ORC was superior in recovering low-grade 

waste heat [1]. Selection of suitable working fluid with superior properties is one of 

the primary roles in the ORC using single-component working fluids. Multiple 

criterions were proposed to evaluate the performance of ORC [2-3]. Based on the 

first-law of thermodynamics, the comparisons of the thermal efficiency and the net 

power output of the ORCs with various pure working fluids were provided [4-7]. An 

experimental study of the ORC was reported to employ the working fluid of R245fa 

with lower evaporation pressure [8]. Applying the second-law efficiency of 

thermodynamics, the exergy destruction and exergy efficiency evaluation methods 

were used to evaluate the performance of ORC [4, 9]. In addition, to enhance the 

effects of the thermal energy conversion or the net power output, several 

improvements of the components configurations were suggested in the ORC systems. 

Adding the pre-heater or regenerator in the ORC systems was investigated to obtain 

the performance-improvement of the ORC [10, 11]. 

Furthermore, the costs of apparatus and maintenance are considered in the 

mailto:rhyeh@nkust.edu.tw
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qualitative analyses of the pure-component working fluids for the ORCs. The factors 

of the power cost for various working fluids used in the ORC were compared and 

assessed [12-15]. The parameter of net power output per heat transfer area was 

applied as a cost index to evaluate the appropriateness of pure working fluid in 

thermal energy conversion [16]. Combining exergy and apparatus costs as an index, 

Wang and Dai [17] estimated the favorability of working fluid in the ORC. Moreover, 

combining multiple thermodynamic cycles was also an efficient way to raise the 

output capability of the overall system [18-20]. The performance of a novel dual-loop 

ORC, composed by a high temperature loop with R245fa and a low temperature loop 

with R134a, was presented for waste heat recovery of a diesel engine [21]. 

Furthermore, consisting of supercritical and subcritical cycles, Wang et al. [22] 

proposed a regenerative dual-loop ORC to achieve a better performance for waste 

heat recovery applications [22]. By improving the construction of the expander, the 

ORC performance was examined experimentally in waste heat recovery of a gasoline 

engine [23]. To enhance the effects of heat transfer and thermal energy conversion, 

the ORC system with fin-and-tube evaporator was evaluated practically [24]. The 

performances of ORC system with R1233zd and R245fa were investigated using a 

radial-inflow turbine for waste heat recovery on a diesel application [25]. A 

small-scale pumpless organic Rankine cycle system with R245fa driven by the low 

temperature heat source was established experimentally to investigate the 

performance enhancement from a conventional one [26].  

Nevertheless, the constant temperatures of evaporation lead to narrow the 

minimal temperature between waste heat source and pure working fluid and decline 

the ratio of thermal energy conversion in the ORC. Similar phenomenon also 

occurred in the condensation process and enlarged the obstacle for heat sinking of the 

ORC [27]. The mixtures which had temperature glide in saturation state might 

perform advantages in thermodynamics and heat transfer for the ORC [28, 29]. The 

effects of temperature glide in saturation state and pressure drop in the heat 

exchangers for mixtures on the performances of ORC system were investigated 

numerically [30]. To convert the geothermal energy to power, the mixture, SF6–CO2, 

was selected as the working fluid of the power system because of its high density [31]. 

The net power output was used as the objective function to maximize the ORC 

performance with various evaporation temperatures using two-component mixtures 

composed by R227ea, R236fa, R245ca and R245fa [32]. Li et al. [33] analyzed the 

effects of vapor quality for R600/R601a mixture in the condensation process on the 

heat transfer coefficients of condenser and net power outputs of the ORC. 

Both the evaporator and condenser area per unit power output of the system using 

R600a/R601a were higher than those using R600a or R601a due to the reduction in 
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the heat transfer coefficient and the temperature difference between the mixture 

working fluid and the heat source/sink [34]. Based on the net output power, thermal 

efficiency, exergy efficiency and exergy destruction, the potential and optimal 

concentrations of two-component mixture were investigated [35-37]. The effects of 

condensation temperature glides on the performances of ORC were assessed to select 

suitable two-component mixtures [38]. Under various restrictive conditions such as 

the fixed condenser bubble temperature, the fixed cooling water temperature rise and 

the fixed cooling water flowrate, the thermodynamic and economic performances of 

mixtures were predicted numerically [39]. By employing power cost as an evaluation 

standard for economic consideration, the beneficial behaviors of the mixtures were 

examined of the ORC for waste heat recovery [40]. Moreover the economic 

feasibility of ORC applications for various transportations was analyzed and reported 

[41]. The experimental works of 1 kW ORC system with R245fa/R134a [42] and 

R245fa and R365mfc [43] were conducted to validate the feasibility of mixture. 
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Main concern of our research is how we can control the thermal spray process, by 

which we can fabricate thick coatings so effectively, even in both metallic and 

diameter, onto the substrate surface is a fundamental phenomenon for the coating 

formation, elucidation of flattening behavior of the sprayed particle on the substrate 

becomes key. It was found in our systematic research
1-3) 

that the fraction of disk splat 

changes transitionally at a critical substrate temperature and also the adhesion 

strength of the coating changes correspondingly to the single splat behavior, as shown 

in Fig. 1. This critical substrate temperature was defined and introduced as Transition 

temperature, Tt, by the author. Currently, some manufacturers in Japan who produce 

tens of thousands of coated parts a year have used the findings to strengthen the 

adhesive strength of the coatings and assure the quality of their products. Examples 

include automakers who apply the findings for the internal surfaces of cylinder bores, 

and energy relating company for the metal layers of sodium-sulfur batteries. 

The result reveals that the mechanism for controlling splash splats holds the key 

to unlocking the nature of the flattening transition. The findings from our research 

into the flattening behavior of thermal spray particles attest that dynamic wetting at 

the particle/substrate interface constitutes a critical academic issue to explore and 

elucidate. The flattening of thermal sprayed particle may be dominated essentially by 

the dynamic wetting of the substrate by the sprayed particles. 

 

Keywords: thermal spray, splat, substrate temperature, transition temperature, disk 

splat, dynamic wetting 
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Fig.1 Relation between fraction of disk splat, adhesion strength of the coating and 

substrate temperature. The definition of transition temperature, Tt, is shown in the 

figure. 
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Abstract 

A direct ethanol fuel cell was investigated in this work. Proton exchange 

membranes were prepared from epoxidized natural rubber (ENR), ENR blended with 

chitosan, and chitosan. Experimental results showed that addition of chitosan to ENR 

increased sorption of water, ethanol, electrical properties, ion exchange capacity, and 

proton conductivity. However, dipping of membrane in 10% v/v sulfuric acid caused 

a higher degree of cross-linking resulting in a lower proton conductivity. In 

comparison to Nafion
TM

 membrane which is a commercially available proton 

exchange membrane for fuel cells, the chitosan membrane dipped in 10% v/v sulfuric 

acid for 5 minutes still possessed much lower proton conductivity. For the testing for 

electricity generation of the direct ethanol fuel cells using Nafion
TM

 membrane and 

prepared membranes, experimental results revealed that the peak power density for 

Nafion
TM

 membrane was found to be 80 mW/cm
2
 at a load current-density of 280 

mA/cm
2
. However, a peak power density of 58 mW/cm

2
 at a load current-density of 

210 mA/cm
2
 was observed with the prepared membrane. 

 

Keywords: Direct Ethanol Fuel Cell (DEFC), Proton Exchange Membranes, 

Epoxidized Natural Rubber (ENR), Chitosan, Nafion
TM

. 

 

1. Background/ Objectives and Goals 

In the recent years, the use of energy especially fossil fuel form has accelerated 

and this triggers a global energy crisis. Renewable bioenergy, which becomes as 

alternative energy, has gained considerable interest to substitute the depleting 

petroleum fuels. Major efforts are devoted to developing alternative electricity 

production methods (Lovley et al., 2006). A fuel cell is an electrochemical energy 

https://en.wikipedia.org/wiki/Electrochemical_cell
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conversion device that converts the chemical energy of a fuel and an oxidizing 

agent into electricity through a pair of redox reactions. At the anode, a catalyst 

oxidizes the fuel, usually hydrogen, turning the fuel into a positively charged ion, and 

an electron. The electrolyte is a substance specifically designed so only ions can 

migrate through from anode to cathode. The freed electrons also migrate to cathode 

through a thread creating an electric current. At cathode, the ions are reunited with the 

electrons and the two react with oxygen to create water as a by-product.  

Fuel cells are classified mainly by the type of electrolyte used such as solid acid 

fuel cell (SAFC), solid oxide fuel cells (SOFC), proton exchange membrane fuel cells 

(PEMFC), alkaline fuel cell (AFC), phosphoric acid fuel cell (PAFC), microbial fuel 

cell, and direct methanol fuel cell (DMFC), and direct ethanol fuel cell (DEFC), 

respectively. Among these, the direct ethanol fuel cell is the focus of this work 

because ethanol can be produced from renewable agricultural substrates. The 

different components of a DEFC are cathode, anode, catalyst, proton exchange 

membrane (PEM), and the necessary hardware such as current collectors and gaskets. 

In the design, a proton-conducting polymer membrane (typically Nafion
TM

) contains 

the electrolyte solution that separates the anode and cathode sides.  

In this work, proton exchange membranes were prepared from epoxidized 

natural rubber (ENR), ENR blended with chitosan, and chitosan, respectively. 

Physico-chemical properties of the prepared membrane were characterized in terms 

of morphology, electrical properties, ion exchange capacity, and proton conductivity. 

Finally, the DEFC was tested for is efficacy in comparison to commercially available 

proton exchange membrane.         

 

2. Methods 

2.1 Preparation of proton exchange membranes (PEMs)   

2.1.1 Preparation of chitosan membrane  

 Concentrated chitosan solution 2% w/v was dissolved in formic acid 

concentration at 10% v/v. Subsequently, 15 g of the chitosan solution was casted by 

using a casting knife, and was incubated in 70 C for 5 h. The resulting chitosan 

membrane was soaked in 10% w/v NaOH solution for 1 h before being rinsed with 

distilled water until the pH reached 7.0. It was kept in a desiccator until further use.  

2.1.2 Preparation of epoxidized natural rubber (ENR) and ENR membrane  

 Natural rubber latex with the solid content of 60% was diluted with distilled 

water until the solid content reached 20% w/v. A preservative was added, then the 

solution was stirred at 50 C for 30 min. Subsequently, concentrated formic acid was 

added at 10%v/v, and was left for 1 h. Hydrogen peroxide was also added at 10%v/v, 

and was left until ambient temperature was obtained. The solution was casted with a 

https://en.wikipedia.org/wiki/Electrochemical_cell
https://en.wikipedia.org/wiki/Chemical_energy
https://en.wikipedia.org/wiki/Oxidizing_agent
https://en.wikipedia.org/wiki/Oxidizing_agent
https://en.wikipedia.org/wiki/Redox
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casting knife, and was incubated at 60 C for 24 h before being kept for further 

testing.   

2.1.3 Preparation of chitosan and epoxidized natural rubber (ENR) mixture  

 Chitosan was dissolved in 10% v/v formic acid at 1, 2, 3, 4 % w/v, and was 

stirred for overnight. Undissolved material was filtered out. Natural rubber latex with 

the solid content of 60% was diluted with distilled water until the solid content 

reached 20% w/v. A preservative was added, then the solution was stirred at 50 C for 

30 min. Each chitosan solution was added into the solution and was left for 1 h. 

Hydrogen peroxide was also added at 10%v/v, and was left until ambient temperature 

was obtained.    

2.1.4 Preparation of chitosan and epoxidized natural rubber (ENR) membranes 

The resulting mixtures from 2.1.3 were casted with a casting knife, and were 

further incubated in an infrared incubator for 12 h. They were conditioned with 10% 

v/v H2SO4 solution for 5, 10, 20, 30, 60 min, and 24 h. Distilled water was employed 

to rinse the membrane until pH neutral prior to dry at 70 C for 1 h. The membrane 

was kept in a desiccator until use (Fook et al., 2018). 

   

2.2 Characterization of the chitosan and epoxidized natural rubber membranes 

 2.2.1 Chemical test 

 The chemical property testing of the prepared membranes was conducted by 

using a Fourier-transform infrared spectroscopy (FTIR) by using attenuate total 

reflectance technique (ATR-FTIR). The wavelength between 4000-400 cm
-1 

was 

employed for the characterization  (Winarto et al., 2017). 

 2.2.2 Dynamic mechanical thermal analysis, DMTA 

 Dynamic mechanical analysis is a powerful tool employed to comprehend 

thermal transitions of viscoelastic materials by characterizing the evolution of their 

macromolecular relaxation as a function of temperature and loading frequency.  The 

DMTA property was examined by using a dynamic mechanical thermal analyzer 

(Rheometric Scientific DMTA V, USA) with dual cantiliver technique. The dynamic 

temperature ramp at frequency 1.0 Hz, stress 0.1%, temperature between -90 to 90 C, 

and the increasing rate at 5 c/min. 

 2.2.3 Electrical property characterization  

 Electrical property of the prepared membranes was characterized for dielectric 

constant, lost factor, and electrical conductivity by using a precision LCR meter 

(Agilent 4285A, USA) at the frequency between 75 kHz to 30 MHz at room 

temperature. The membrane samples were cut in a circular shape with the diameter of 

2 cm. From the measurement, the values were obtained from conductivity at different 

frequencies, lost factor (tan δ), and capacitance  (Cp) (Lumlong and Taweepreda, 
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2014). 

 2.2.4 Proton conductivity property  

 Prepared membrane sample was cut at 3 × 3 cm before being submerged in 

deionized water for 24 h. The membrane was dried, and was measured for its 

thickness. The resistance (R) was measured at the frequency 10 kHz by using a LCR 

meter (HEWLETT PACKARD 4263B, USA) equipped with a parallel probe with the 

diameter of 2 cm. The value of R was used to calculate the proton conductivity (σ, 

Siemen/cm
2
) by the followed equation (de Oliveiraa and Mendes, 2016) 

σ = l/RS 

 where;  l  = membrane thickness (cm) 

       R = Resistance (Ohm) 

       S = Cross-sectional area (cm
2
) 

 

2.3 Membrane Electrode Assembly, MEA 

Ethanol

solution

Oxygen

(air)

C2H5OH + 3H2O              2CO2+ 12H+ + 12e-

Anode

Cathode

Polymer Electrolyte Membrane (PEM)

12H+ + 3O2 + 12e-                  6H2O  

CO2

e-

(air)

H+

 

Fig. 1. Membrane electrode assembly of the direct ethanol fuel cell in this work.  

       Direct Ethanol Fuel Cells or DEFC is a subcategory of proton-exchange fuel cells 

in which ethanol is used as the fuel. Ethanol (EtOH) can be utilized directly (without 

the need for a reformer) with DEFC membrane electrode assembly (MEA) as 

illustrated in Fig. 1. This allows a liquid fuel to be used directly in a DEFC. Their 

main advantage is the ease of transport of ethanol, an energy-dense yet reasonably 

stable liquid at all environmental conditions. However, the efficiency is quite low for 

this type of fuel cell so it is targeted especially to portable applications, where energy 

and power density are more important than efficiency. For membrane electrode 

assembly, the process starts by placing the proton exchange membrane between the 

anode and cathode. After that, acrylic housing plates were employed to at the end of 

both sides. At anode, ethanol solution at 3 % v/v was used as the fuel solution whilst 

only air was contacted with the cathode. Oxygen will react with proton and electron 

to generate water. The DEFC was tested in a closed system called cyclic voltammetry 

by using a 1 k resistor in order to monitor the characteristic, and the power 
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generation efficiency, respectively. 

 The half-reaction are; C2H5OH + 3 H2O   12H
+
 + 12 e

-
 + 2 CO2 at anode,        

       3 O2 + 12H
+
 + 12 e

-
  6 H2O at cathode,  

And the overall reaction is; C2H5OH + 3 H2O + 3 O2   2 CO2 + 3 H2O   

 

3. Results 

3.1 Proton Exchange Membrane (PEM)  

 3.1.1 Characterization of ENR and NR membranes  

 

Fig. 2. ATR-FTIR spectrum of natural rubber (NR) before and after epoxidation 

process.  

 

Fig. 2. shows the ATR-FTIR spectrum of natural rubber (NR) before and after 

epoxidation process. Epoxidation of natural rubber modifies the chemical structure 

causing the replacement of oxygen molecule into the double bond position. This 

chemical reaction can be confirmed by comparing the spectrum of ATR-FTIR of 

natural rubber before modification and after modification. Epoxidation process results 

in the formation of cis-epoxy and the reduction of R1R2C=CHR3 functional group at 

the wavenumber 3036. In addition, the decrease in the intensity of the peak at 

position 835 cm
-1

 was the result of =CH- group reduction during the epoxidation 

process (Yoksan, 2008).              

  

  

ENR 

NR 
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3.1.2 Structural study of the ENR and chitosan blend  

 

Fig. 3. ATR-FTIR spectrum of ENR, ENR blended with chitosan at 3% (ECS1), 5% 

(ECS2), 8% (ECS3), 10% (ECS4) and chitosan (CS). 

Fig. 3. Shows the ATR-FTIR spectrum of ENR, ENR blended with chitosan at 

3% (ECS1), 5% (ECS2), 8% (ECS3), 10% (ECS4), and chitosan (CS), respectively. 

For the study of epoxidized natural rubber and chitosan blends at the composition of 

3% (ECS1), 5% (ECS2), 8% (ECS3) and 10% (ECS4), experimental result revealed 

that peak shipment was observed from position 875 cm
-1

 to 871, 872, 875, 875 cm
-1

 

for sample ECS1, ECS2, ECS3, and ECS4, respectively. In comparison to chitosan, it 

was found that there was a significant change at wavenumber 3356 cm
-1 to 3461, 

3400, 3390, 3400 cm
-1

 for the sample ECS1, ECS2, ECS3, and ECS4, respectively. 

This change was the effect of changing in hydroxyl group (-OH). Moreover, it was 

found that the change in N-H group resulted in a significant change at wavenumber 

3277 cm
-1

 to 3275, 3276, 3270, 3273 cm
-1

 for the sample ECS1, ECS2, ECS3, and 

ECS4, respectively. These changes can be confirmed that there was a chemical 

reaction between CH2OH group of chitosan and epoxy group of the epoxidized 

natural rubber (Zhu et al., 2018).                     

 

 

 

CS 

ECS4 

ECS3 

ECS2 

ECS1 

ENR 
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 3.1.3 Electrical property of the membrane 

 

 

Fig. 4. Electrical conductivity (S/cm) of the different prepared membranes.  

 

Fig. 4. shows the electrical conductivity (S/cm) of the different prepared 

membranes. The objective of this work was to study and compare the electrical 

conductivity of the epoxidized natural rubber and its blend with chitosan. 

Experimental result shows that ENR membrane possessed the lowest electrical 

conductivity because it had the insulation property. However, the conductivity 

increased with the increasing chitosan content in the ENR because chitosan is a 

highly charged polymer (Khiar, A.S.A. and Arof, A.K., 2011). All prepared 

membranes resulted in the electrical conductivity in the range from 10
-8

-10
-3

 S/cm 

and shows the semiconductor property (Zhang et al., 2007). Electrical conductivity 

was also tested by using a commercially available proton exchange membrane 

(Nafion
TM

). It was revealed that the value was much higher than all prepared 

membranes used in this work (data not shown). A high value of electrical 

conductivity implies that the membrane allows ions especially proton to migrate at a 

high rate. This is their essential function when incorporated into a membrane 

electrode assembly (MEA) of a proton-exchange membrane fuel cell: separation of 

reactants and transport of protons while blocking a direct electronic pathway through 

the membrane.          

  

Frequency (MHz) 

Log conductivity (S/cm) 
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Fig. 5. Ion exchange capacity of the prepared membranes at different soaking time.  

 

Table 1. Proton conductivity of the membranes at different soaking time  

Sample 
Proton conductivity of the membranes at different soaking time (S/cm)×10

-4  
 

0 min 5 min 10 min 20 min 30 min 60 min 24 h 

ENR 0.0011 0.0013 0.0004 0.0004 0.0003 0.0007 0.0009 

ECS1 0.0022 0.0004 0.0007 0.0004 0.0003 0.0003 0.0009 

ECS2 0.0037 0.0011 0.0013 0.0013 0.0005 0.0005 0.0007 

ECS3 0.0045 0.0004 0.0016 0.0025 0.0021 0.0007 0.0010 

ECS4 0.0064 0.0010 0.0009 0.0010 0.0011 0.0018 0.0006 

CS 0.0521 3.3671 1.7554 1.9498 1.8867 1.3847 1.6762 

Nafion
TM

 49.7241 

 

Fig. 5. shows the ion exchange capacity of the prepared membranes at different 

soaking time. Ion-exchange capacity (IEC) represents the total of active sites or 

functional groups responsible for ion exchange in polymer electrolyte membrane. The 

graph shows that the IEC of epoxidized natural rubber membrane increased at the 

soaking time of 5 and 10 mins before the value reduced at the prolonged soaking time. 

The blending of ENR with chitosan resulted in a higher IEC value because chitosan 

itself possesses a high ion-exchange capacity. Nevertheless, an increase of the 

soaking time resulted in a decrease in the IEC value. The possible reason for this 

Soaking time (min) 

 (24 h) 
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phenomenon was due to the ionic cross-link inside the ENR resulting in a lower ion 

exchange ability. Although the blends contained chitosan, the composition was lower 

in comparison to ENR.            

Table 1 shows proton conductivity of the prepared membranes at different 

soaking time. The value was obtained from the measurement of a LCR meter. 

Experimental result showed that the proton conductivity directly depended on the 

concentration of added chitosan (Widiastutieti et al., 2016). A higher concentration of 

chitosan results in a higher proton conductivity. However, soaking time in 10% v/v 

H2SO4 did not play a significant role in the proton conductivity for both ENR and 

ENR blended with chitosan. For chitosan membrane (CS), the proton conductivity 

increased to its maximum value at 3.3671 ×10
-4 

S/cm when soaked membrane at 5 

min. However, further increase in soaking time tended to lower the proton 

conductivity value. Commercially available Nafion
TM

 was also tested for comparison 

purpose, and experimental result showed that the proton conductivity was much 

higher than all prepared membranes. In addition, the soaking time did not change the 

value for all tested conditions. The proton conductivity value of ENR membrane 

possessed 45,200 times lower,
 
and the ENR blended with chitosan membrane had the 

lower value at approximate 7,800 times in comparison to the Nafion
TM

. The highest 

proton conductivity was obtained at 3.3671 ×10
-4 

S/cm from the chitosan membrane 

with the soaking time of 5 min. This resulted in approximately 15 times lower than 

the value of Nafion
TM

. The increase in proton conductivity in ENR membrane with an 

increasing chitosan content is due to the higher proton conductivity of chitosan 

compared to ENR membrane. This was the consequence of sulfonation reaction of 

sulfuric acid solution with the active sites in the ENR. This part serves as the proton 

transporting purpose. In addition, chitosan possesses a high degree of water swelling 

which facilitates proton transportation in comparison to ENR. However, a longer 

soaking time resulted in a lower proton conductivity, and the reason probably due to 

an excessive sulphate group in the membrane. This resulted in an interaction between 

the polymer chain causing a high degree of cross-linking. Consequently, the polymer 

chains can not move freely. Although the water sorption of ENR and ENR blended 

with chitosan increased at the first 5 min of soaking time, the value decreased with a 

prolonged soaking time. This was because the sulphate at membrane surface tends to 

adsorb water but not in the membrane matrix due to a high degree of cross-linking. 

The decreasing amount inside the membrane resulted in a decrease in proton 

conductivity. In addition, ENR is a low constant dielectric polymer resulting a low 

proton conductivty (Mukoma et al., 2004).  
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a. Direct Ethanol Fuel Cell (DEFC) 

From the experimental results of proton conductivity obtained from the 

prepared membranes in previous section, it was found that all membranes processed 

much lower value compared to the commercially available Nafion
TM

. As a result, the 

DEFC experiments in this work employed the chitosan membrane with the soaking 

time of 5 min, and was compared with the commercially available Nafion
TM

.  

 

Fig. 6. Effect of current density on the cell voltage and power density at 35 C 

between CS, and Nafion
TM 

membrane.  

 

Fig. 6 shows the effect of current density (Ma/cm
2
) on the cell voltage (V), 

and power density (mW/cm
2
) at 35 C between chitosan, and the Nafion

TM 

membrane, respectively. According to this study, 3% ethanol solution was fed for the 

DEFC. In comparison, the power density was obtained at 80 mW/cm
2
 at the current 

density of 250 mA/cm
2
. On the other hand, CS membrane had the power density per 

unit area of the membrane at 58 mW/cm
2
 at the current density of 210 mA/cm

2
, 

respectively. The polarization curves of the DEFC were also obtained from both 

chitosan, and the Nafion
TM 

membrane. The open circuit voltages of the DEFC at 150, 

250, and 280 mA/cm
2
 were obtained at 0.40, 0.38, and 0.34 V for chitosan membrane 

whilst 0.35, 0.26, and 0.09 V were obtained from the Nafion
TM 

membrane, 
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respectively.    

In conclusion, DEFC is a subgroup of proton-exchange fuel cells in which 

ethanol was used as the fuel. The main advantage is the renewable source of ethanol 

fermentation. DEFC is a new fuel cell that is similar to the PEMFC fuel cells, where 

both are used as polymer-type membrane electrolytes. However, in this fuel cell 

itself, it is an anode catalyst, extracting hydrogen from liquid ethanol. A more 

efficient version of a direct fuel cell would play a key role in the theoretical use of 

ethanol as a general energy transport medium.  
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1. Background/ Objectives and Goals 

Recently, the alkaline anion exchange membranes (AEMs) have expected growing 

attention owing to their potential applications in energy- and environment-associated 

fields. In alkaline fuel cells, the incorporation of effective carboneous nanofillers onto 

polybenzimidazole (PBI) polymeric matrix are an interesting strategy for assembling 

high-performance electrolytes for direct alkaline methanol fuel cells (DAMFCs). 

 

2. Methods 

The present work investigates the preparation of magnetite (Fe3O4) nanoparticles 

decorated onto graphene oxide (GO) and incorporated into PBI polymeric matrix. 

The Fe3O4 particles are concurrently attached onto carbon basal planes to form 

GO-Fe3O4 via the solvothermal process whereas PBI/GO-Fe3O4 nanocomposite 

membrane prepared using solution casting method. The pristine and PBI/GO-Fe3O4 

composite membrane was doped with 6 M potassium hydroxide (KOH) solution to 

form anionic conducting membrane. 

 

3. Expected Results/ Conclusion/ Contribution 

The PBI/GO-Fe3O4 composite membrane selectivity was improved 3-fold times than 

those of pristine PBI, PBI/GO and PBI/ Fe3O4 membranes. This was owing to the 

suppressed methanol permeation rate through GO nanofillers while the decorated 

Fe3O4 nanoparticles resulted in reduced chain packing, bumpy surface that increased 



40 
 

the anionic conductivity via polymeric free volume properties. Thereby, the 

PBI/GO-Fe3O4 composite membrane achieved the maximum peak power density 

(Pmax) of 233 mW cm
-2

 at 80 °C. The results conclude that the presence of GO-Fe3O4 

into PBI polymeric matrix is a facile and promising scheme for high-performance 

electrolytes in developing energy storage applications. 

 

Keywords: Solution casting method; ionic conductivity; permeability; alkaline fuel 

cells. 
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Abstract 

The aim of this study is to investigate the performance of an innovative vertical axis 

turbine consisting of deflectable blades for ocean current and tidal energy application. 

The deflecting angle of each blade varies with rotating angle by interaction of blades. 

This interaction of blades not only increases the torque of blade at downstream, but 

also to decreases the resistance of the corresponding blade at upstream.   

 

Keywords: tidal, ocean current, deflectable-blades turbine, power coefficient, 

performance 

 

1. Background/ Objectives and Goals 

The issues of energy shortage and environmental protection have become important 

topics for energy utilization. Ocean current energy utilized the kinetic energy of 

seawater are predictable and continual to be a significant renewable energy. With 

regarding to ocean hydrokinetic power utilization, vertical turbines are being 

designed for either floating or near-surface mounting arrangements. Because the 

vertical axis turbine can be driven by multi-directional current flow which is in 

perpendicular to the turbine axis, has been widely applied in current energy 

conversion. The detailed flow field analysis and hydrodynamic characteristic are 

reported as deflectable-blades turbine is driven by the water stream. Fig. 1(a)-(b) 

show the profile of fixed blade turbine and variable-angle-blade turbine, respectively. 

Each blade not only rotates around the center of entire turbine, but also enables to 

deflect around its center axis, individually.  

 

2. Methods 

Two corresponding blades and one interacting device are joined to be a set of 

variable-angle blade, as shown in Fig. 2. 
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Fig. 1(a)-(b) The profile fixed blade turbine and variable-angle-blade turbine. 

 

Fig. 2. The interaction between two corresponding blades with connecting rods. 

Fig. 3. The variations of power coefficient for the VABT and FABT. 

 

3. Conclusion 

The results of Fig. 3 show that the power coefficients rise with TSR first for FABT 

and VABT. This is because the angular velocities of turbines rise and contribute 

power output continually, as TSR increases at lower rotation speed. Then, the values 

of CP attain their maximum, and both of them decline finally. As a consequence, 

concave downward profiles of power coefficients can be observed for FABT and 

VABT, respectively. It can be attributed mainly to the reduction of averaged torque as 

TSR rises at higher rotation speed for these turbines. The maximal CP of FABT and 

VABT are 0.107 and 0.151, respectively, with their corresponding optimal TSR of 

0.217 and 0.269. It can be learned that the maximal power coefficient of VABT is 

41.1％ higher than that of FABT. 
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Abstract 

A fuel cell is one of the most efficient devices for converting chemical energy into 

electrical power. In this research, the direct ethanol fuel cell (DEFC) is selected to 

overcome both the hydrogen storage and infrastructure for fuel cell applications. 

Bioethanol fuel has been greatly received an interest in growing the fuel cell systems 

since the major limitations to the commercialization of fuel cell applications, mostly 

for the vehicle segment, are the hydrogen storage and almost lack of hydrogen 

transportation and distribution infrastructure. The effect of ethanol concentration on 

the direct ethanol fuel cell (DEFC) performance to generate power is investigated in 

this study. The results in terms of the open circuit voltage and the power generation 

are determined. In the experimental, a commercial of DEFC is applied to generate 

electricity by varying the ethanol concentration between 0.34 and 2.06 M operating at 

25°C. The fixed ethanol concentration of 1.37 M gives the maximum peak of open 

circuit voltage for 1.136 V and the average value of open circuit voltage of 0.992 V 

operating for 660 s after the highest open circuit voltage. An increase in power 

density is observed with the increase of ethanol concentration to 1.37 M for a low 

range of current density between 0-1.5 mA/cm
2
 and to 1.71 M for a higher range of 

current density between 1.5-3.6 mA/cm
2
. By using ethanol solution of 1.71 M, the 

maximum power density is 1.702 mW/cm
2
 at current density of 3.26 mA/cm

2
. 

 

Keywords: Cell voltage, Current density, Direct ethanol fuel cell, Power density 
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1. Introduction 

Thailand is principally an agricultural country producing many sugar containing raw 

materials for ethanol production via fermentation process. Ethanol is a promising 

alternative source for renewable energy. The use of bioethanol instead of hydrogen as 

a fuel for fuel cell application, not only reduces constraints in hydrogen storage and 

infrastructure challenge, but can also provide a carbon dioxide (CO2) neutral power 

generation technology and lead to a reduction in CO2 (Badwal et al., 2015). 

Moreover, bioethanol is non-toxic, inexpensive, renewable resource, less corrosive, 

and readily available and gives high theoretical moles of hydrogen per moles of fuel.  

 

Wang et al. (1995) found that ethanol is a promising alternative fuel with an 

electrochemical activity comparable to that of methanol when the performances of 

direct methanol/oxygen fuel cell operating on various alcohol fuel including ethanol, 

1‐propanol, and 2‐propanol were compared. Consequently, the studies of direct 

ethanol fuel cells (DEFCs) have been focused on the electrode catalysts, the ethanol 

concentrations and the fuel cell temperatures in decade years. The carbon supported 

platinum is normally used as anode catalyst in low temperature fuel cells (Perez, 

2011). Although many research have concentrated on the effects of electrode catalyst 

of DEFC on the fuel cell performance, various researches focused on the effects of 

ethanol concentration as one of the key parameters. Assumpção et al. (2014) studied 

the effect of ethanol concentration on DEFC performance and products distribution in 

situ using a single fuel cell/ATR-FTIR setup performed at 80 °C using commercial 

anodic catalyst by varying ethanol solution from 0.1 to 2.0 mol/L and found that an 

increase in power density increases with the ethanol concentration to 1.0 mol/L 

(approximately 4.6% ethanol) obtaining the maximum power density of about 1.2 

mW/cm2. Song et al. (2005) investigated the effect of ethanol concentration between 

0.5 and 4 mol/L on ethanol crossover and the performance of DEFC and found that 

the ethanol crossover rate increases with ethanol concentration and temperature. The 

maximum power density about 19 mW/cm2 was also observed for 1.0 mol/L while 

Heysiattalab et al. (2011) found the maximum power density of 16.73 mW/cm2 at 0.5 

mol/L; however, it is noted that the operating conditions and the anode and cathode 

catalysts have the significant effects on the values of power density. Li and Pickup 

(2006) also studied the performances of direct ethanol fuel cells with different anode 

catalysts, different ethanol concentrations, and at different operating temperatures. 

However, there is the limitation in the study of the response testing of fuel cell (An et 

al., 2009), especially for the different ethanol concentrations for DEFC. Saisirirat 

(2018) also studied the effect of cell temperature and ethanol concentration and found 

that an increase of ethanol concentration and cell operating temperature results in the 
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electrical current production and power of the fuel cell but do not affect the electrical 

potential. 

 

In this study, the commercial single DEFC tests are performed to study the effect of 

ethanol concentration on open circuit voltage, power density and cell voltage of 

DEFC. The results of response of circuit voltage with different ethanol concentrations 

are proposed as well. 

 

2. Methods 

DEFC is a type of fuel cells based on the proton exchange membrane fuel cell 

(PEMFC), where hydrogen is replaced by the ethanol (Lamy et al., 2009). Ethanol 

can be directly converted into electricity in DEFC which relies upon the oxidation of 

ethanol on a catalyst layer to form CO2. The reaction is completed when CO2 is the 

final product, yielding twelve electrons per ethanol molecule (Assumpção et al., 

2014). Water is consumed at the anode and produced at the cathode. Protons (H+) are 

transported across the proton exchange membrane to the cathode and reacted with 

oxygen to produce water. Electrons are transported through an external circuit from 

anode to cathode, providing electric power to connected devices. The reactions taking 

place at anode and cathode sides of DEFC are given by Eq. (1) and Eq. (2), 

respectively. The overall reaction presents the production of H2O and CO2 as in Eq. 

(3).  

 

Anode reaction (oxidation):  

 

C2H5OH + 3H2O  12H+ + 12e- + 2CO2        (1) 

 

Cathode reaction (reduction): 

 

3O2 + 12H+ + 12e-  6H2O           (2) 

 

Overall reaction (redox reaction): 

 

C2H5OH + 3O2  3H2O + 2CO2             (3) 

 

Nevertheless, it has been reported that the ethanol oxidation reaction (EOR) can 

occur by different pathways as illustrated in Fig. 1. 
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Fig. 1: Mechanism of ethanol oxidation reaction (adapted from Assumpção et al. 

(2014)) 

A commercial single DEFC from the Horizon Fuel Cell Technologies Company was 

used to operate the electricity generation as shown in Fig. 2. The platinum-based 

catalysts, which are some of the most efficient materials for the oxidation of small 

organic molecules, were used for anode and cathode sides. The electrode dimensions 

of single DEFC are 4 cm x 2.3 cm. It consists of the membrane electrolyte enclosed 

by two electrodes (anode and cathode) and tubes for filling ethanol fed by gravity 

force of liquid in the fuel tank and passing residue solution after EOR. In this 

experiment, the data of voltage, current and power generation from DEFC were 

measured and monitored by using the Renewable Energy Monitor from the Horizon 

Fuel Cell Technologies. 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 2: Direct ethanol fuel cell system 
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3. Results and Discussion 

The effects of ethanol concentrations on the DEFC performance were studied when 

the ethanol concentrations were varied at 0.34, 0.86, 1.37, 1.71 and 2.06 M (mol/L). 

Fig. 3 shows the maximum open circuit voltage (OCV) for the different ethanol 

concentrations at operating cell temperature of 25°C. The highest value of OCV of 

1.136 V appears at the ethanol concentration of 1.37 M. While ethanol concentration 

increases from 1.37 to 2.06, the peak value of OCV decreases from 1.136 V to 0.970 

V. At fixed ethanol concentration, the average value of OCV operating for 660 s after 

the appeared maximum OCV was calculated. As shown in Fig. 4, the average values 

of OCV are 0.887, 0.909, 0.992, 0.931 and 0.920 at ethanol concentration of 0.34, 

0.86, 1.37, 1.71 and 2.06 M, respectively. When these experimental results of this 

study were compared with the work of Assumpção et al. (2014), the ethanol solution 

from 0.1 to 2.0 M operating at 80°C gave the OCV between 0.55 and 0.6 V. Song et 

al. (2005) found that when the ethanol aqueous solution concentration supplied to the 

anode is increased, the ethanol crossover through Nafon®  membrane will be 

increased; this could result in a more negative effect on the OCV of DEFC, with a 

decrease in OCV from 0.62 to 0.497 V when the ethanol solution concentration 

increases from 0.5 to 4.0 M. 

 

 

Fig. 3: Maximum open circuit voltage at different ethanol concentrations 
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(a) 

 

Fig. 4: Average open circuit voltage at different ethanol concentrations 

 

For closed circuit voltage, the polarization and power density curves for DEFC 

operating at different ethanol concentrations are illustrated in Fig. 5. An increase in 

power density was observed with the increase of ethanol concentration up to 1.37 M 

for a low range of current density between 0-1.5 mA/cm
2
 and to 1.71 M for a higher 

range of current density between 1.5-3.6 mA/cm
2
. The maximum power density is 

1.702 mW/cm
2
 at current density of 3.26 mA/cm

2
 for 1.71 M of ethanol concentration. 

However, increasing the ethanol concentration of 2.06 M results in a decrease of 

power density and this result was also observed by Assumpção et al. (2014), 

Heysiattalab et al. (2011) and Song et al. (2005). This is because an increase of 

ethanol concentration affects an increase of ethanol crossover rate to the cathode side 

which can reduce the power density.  
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(b) 
 

 

Fig. 5: Polarization curves (a) and power density curves (b) of direct ethanol fuel cell 

at different ethanol concentrations 

 

4. Conclusion 

As ethanol is considered as an alternative choice for a direct ethanol fuel cell (DEFC) 

because of its non-toxicity and its availability from biomass resources, this study 

proposed the effects of ethanol concentration on the open circuit voltage (OCV) and 

performance of DEFC. The average values of DEFC’s OCV for 660 sec increase as 

the ethanol concentration increases up to 1.37. An increase in power density was 

observed with the increase of ethanol concentration up to 1.37 M for the range of 

current density between 0-1.5 mA/cm
2
 and to 1.71 M for the range of current density 

between 1.5-3.6 mA/cm
2
. At fixed ethanol concentration of 1.71 M, the maximum 

power density is 1.702 mW/cm
2
 at current density of 3.26 mA/cm

2
. 
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Abstract 

As Thailand can produce the sugar-containing and biomass raw materials to produce 

ethanol, which is deliberated as an alternative option as the sustainable energy, a 

direct ethanol fuel cell (DEFC) is one of types of fuel cell technology that can 

generate electricity from a direct feed of ethanol. An effect of feed temperature of 

aqueous ethanol solution on the change of open circuit voltage (OCV) with time is 

performed in this study. A commercial DEFC is used to test DEFC’s OCV as a 

function of time when the feed temperature is varied at 30, 40, 45, 50, 55 and 60°C. 

The feed temperature of ethanol solution has a slight effect on the maximum and 

average OCV changes but an increase of feed temperature more than 40°C strongly 

affects the rise time of OCV response. In addition, the average values of OCV 

operating continuous for 550 sec predominantly increase from 0.784 V to 0.848 V 

when the feed temperature increases from 30°C to 40°C. The maximum OCVs 

deviate between 1.024 and 1.107 for the range of different feed temperature from 

30°C to 60°C.  

 

Keywords: Cell voltage, Direct ethanol fuel cell, Feed temperature 

 

1. Introduction 

For many fuel cell applications, the direct hydrogen feed into an anode side and 

oxygen/air feed into a cathode side of the fuel cell can generate electricity when the 

chemical energy can be changed to power energy. Nevertheless, hydrogen is not a 

primary fuel, so that it has to be produced from various sources such as water, fossil 

fuels (natural gas, hydrocarbons, etc.) and biomass resources. The clean production of 

hydrogen (including the limitation of carbon dioxide production) and the problems 

with hydrogen storage and large-scale distribution are still strong restrictions for the 

development of such techniques (Lamy et al., 2009).  



53 
 

 

Direct Ethanol Fuel Cell (DEFC), referred as a proton exchange membrane fuel 

cell-based direct alcohol fuel cell, is promising candidates as power sources 

especially at small-scale applications such as mobile phones as well as commercial 

drones (Badwal et al., 2015; Sung and Yun, 2016). The DEFC technology is currently 

rapid development. As innovative electricity-supply equipment for hydrogen-powered 

drones, direct alcohol (methanol or ethanol) fuel cells (DMFC or DEFC) and polymer 

electrolyte membrane fuel cell (PEMFC) have been developed (Kamarudin et al., 

2013). Wang et al. (1995) found that ethanol is a promising alternative fuel with an 

electrochemical activity comparable to that of methanol. The aqueous ethanol 

solution is fed to the anode side of the DEFC, where with the aid of the Pt-based 

electrocatalysts, ethanol is oxidized to produce carbon dioxide releasing 

simultaneously protons and electrons (Song and Tsiakaras, 2006). Protons are then 

transported to the cathode side through the membrane electrolyte and electrons flow 

through an external circuit, and then arrive at the cathode (Zhou et al., 2003). 

 

Direct ethanol fuel cells (DEFCs) have been investigated on the electrode catalysts, 

the ethanol concentrations and the fuel cell temperatures in decade years (Neto et al., 

2013; Antolini, 2007; Goel and Basu, 2014; Perez, 2011). For DEFC, carbon 

supported platinum is commonly used as anode catalyst in low temperature fuel cells 

(Perez, 2011). Although many researches have concentrated on the effects of 

electrode catalysts and ethanol concentrations in DEFC on fuel cell performance, the 

studies of ethanol solution feed temperature are limitations (Saisirirat, 2018; Lamy et 

al., 2009; Isidoro et al., 2009). However, there is no research that illustrated the 

response of the OCV with the beginning when the ethanol solution is fed in the 

DEFC. 

 

As mentioned above, the effects of ethanol feed temperatures into the DEFC on the 

responses of OCV are investigated when the ethanol feed temperatures are changed to 

be 30, 40, 45, 50, 55 and 60°C. The results of the response of OCV as a function of 

time are reported. 

 

2. Methods 

Direct ethanol fuel cell or DEFC is a type of fuel cells based on the proton exchange 

membrane fuel cell (PEMFC), where hydrogen is replaced by the ethanol (Lamy et 

al., 2009). Ethanol can be directly converted into electricity in DEFC which relies 

upon the oxidation of ethanol on a catalyst layer to form CO2. The reaction is 

completed when CO2 is the final product, yielding twelve electrons per ethanol 
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molecule (Assumpção et al., 2014). Water (H2O) is consumed at the anode and is 

produced at the cathode. Protons (H+) are transported across the proton exchange 

membrane to the cathode where they react with oxygen to produce water. Electrons 

are transported through an external circuit from anode to cathode, providing electric 

power to connected devices. The reactions taking place at anode and cathode sides of 

DEFC are given by Eq. (1) and Eq. (2), respectively. The overall reaction presents the 

production of H2O and CO2 as in Eq. (3).  

Anode reaction (oxidation):  

 

C2H5OH + 3H2O  12H+ + 12e- + 2CO2         (1) 

 

Cathode reaction (reduction): 

 

3O2 + 12H+ + 12e-  6H2O           (2) 

 

Overall reaction (redox reaction): 

 

C2H5OH + 3O2  3H2O + 2CO2          (3) 

 

A DEFC studied in this work is a commercial single ethanol fuel cell made by the 

company, Horizon Fuel Cell Technologies (Fig. 1). The platinum-based catalysts, 

which are some of the most efficient materials for the oxidation of small organic 

molecules, were used for anode and cathode sides. The electrode dimensions of single 

DEFC are 4 cm x 2.3 cm. It consists of the membrane electrolyte enclosed by two 

electrodes (anode and cathode) and tubes for filling ethanol fed by gravity force of 

liquid in the fuel tank and passing residue solution after EOR. In this experiment, the 

data of voltage, current and power generation from DEFC were measured and 

monitored by using the Renewable Energy Monitor from the Horizon Fuel Cell 

Technologies. 
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Fig. 1: Direct ethanol fuel cell system 

 

3. Results 

Fig. 2 demonstrates the effects of ethanol feed temperature on the responses of open 

circuit voltage (OCV) at different times as the feed temperatures are varied at 30, 40, 

45, 50, 55 and 60°C for ethanol solution concentration of 5%. The rise time for 

reaching to the maximum OCV increases with increasing ethanol temperature. It is 

noted that the batch feed of 1 ml for each experimental test for 550 sec was operated 

that the ethanol solution was continuously utilized and cooled down from the starting 

ethanol feed temperature because the operating cell temperature was fixed at 25°C. 

As shown in Fig. 2, the feed temperature of ethanol solution has a minor effect on the 

peak and average OCV changes but an increase of feed temperature more than 40°C 

mostly affects the rise time of OCV response. Moreover, the average values of OCV 

for 550 sec of testing mainly increase from 0.784 V to 0.848 V when the ethanol feed 

temperature increases from 30°C to 40°C as shown in Fig. 3. The maximum OCVs 

change between 1.024 and 1.107 for the range of different feed temperature varied 

from 30°C to 60°C as shown in Fig. 4.  

 



56 
 

 

 

Fig. 2: Open circuit voltage of various ethanol feed temperatures vs. time 

 

 

 

Fig. 3: Average OCV of DEFC at different ethanol feed temperature 
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Fig. 4: Maximum OCV of DEFC at different ethanol feed temperature 

 

4. Conclusion 

DEFC is endlessly developed in order to apply for the small electrical equipment that 

ethanol is an alternative choice as a fuel in a direct ethanol fuel cell because of its 

non-toxicity and its availability from biomass resources to support it applying for 

DEFC. At the fixed ethanol concentration of 5%, the effects of ethanol feed 

temperature between 30 and 60°C on the OCV were investigated. Moreover, the 

response of OCV was also presented to observe the suitable ethanol feed temperature. 

A commercial DEFC was used to observe OCV at different time. The feed 

temperatures of ethanol solution affect the small changes of maximum and average 

OCV but an increase of feed temperature higher than 40°C illustrates the faster time 

for reaching to the maximum OCV. However, the average values of OCV operating 

continuous for 550 sec can improve from 0.784 V to 0.848 V by increasing feed 

temperature from 30°C to 40°C. The maximum OCVs are between 1.024 and 1.107 

for the range of different feed temperature from 30°C to 60°C. 
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1. Background/ Objectives and Goals 

Direct alkaline ethanol fuel cells (DAEFCs) produce electrical power through redox 

reactions of ethanol and oxygen. A membrane separator between the anode and 

cathode is required to transport ions and suppress fuel loss. In the present work, 

potassium hydroxide (KOH) doped chitosan (CS)-graphene oxide (GO) composite 

membranes were synthesized and applied in direct alkaline ethanol fuel cells. 

 

2. Methods 

Chitosan (CS) was dissolved in DI water by adjusting the pH to 2.0 at room 

temperature. Graphene oxide (GO) was modified with melamine (MA) and used as N 

precursor at ratios of MA: GO = 1:1 or 3:1. The N-doped GO was heated at 450 °C in 

air or 900 °C in nitrogen. For membrane preparation, 1.0 wt% of CS was dissolved in 

a pH 2.0 solution, followed by adding NaOH to reach pH 6.0. One percent of GO was 

dispersed in water and added into the CS solution. The CS/GO suspension was cast 

and the resulting membrane was dried at 40°C in a vacuum oven. 

 

The membranes were doped with 5 M KOH solution for the cell performance test. 

Gas diffusion electrodes were 1 mg cm
−2

 Pt/C for the cathode and 2 mg cm
−2

 Pt-Ru/C 

for the anode. The membrane electrode assembly had an effective area of 1 cm × 1 

cm. The anode fuel was 3 M ethanol in 5 M KOH solution and cathode feed gas was 

humidified oxygen. The current density and cell potential values of the single cell 

performance of the DAEFCs were determined using an electric load at a fuel flow 

rate of 5 mL min
−1

 and oxygen flow rate of 100 mL min
−1

 at 80 °C and 60 °C. The 

power density-current density (P-I) curve was plotted to determine the maximum 

power density (Pmax) under a specific operating condition. 

 

3. Expected Results/ Conclusion/ Contribution 

The Pmax of the DAEFCs ranged from 102 to 114 mW cm
-2

 at 60 °C and 130 to 148 

mW cm
-2 

at 80 °C. Higher Pmax values were obtained at 80 °C due to higher 
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conductivity, faster reaction kinetics, and increased reactant diffusion rates. The 

highest Pmax (148 mW cm
-2

) was achieved using 0.01%MA-GO 3:1 fillers, annealed 

at 450 °C. This filler contained the highest nitrogen level (29%) and pyridinic content 

(51%). Therefore it was beneficial for hydroxide ion transport. The CS-GO 

composites are promising membrane separators for alkaline alcohol fuel cells. 

 

Keywords: chitosan-graphene oxide composite, mixed matrix membrane, ionic 

conductivity, alcohol barrier membrane, alkaline fuel cell performance. 
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1. Background/ Objectives and Goals 

As energy consumption increases with population and technology foster, energy 

storage system becomes an important research topic. Lithium-oxygen batteries have 

higher specific energy densities than lithium ion batteries. However, the endurance of 

lithium metal is extremely susceptible to the influence of moisture in the air. Thus, 

the research aims to fabricate a protective layer for lithium metal in the battery in 

order to prolong the battery life time. 

 

2. Methods 

The lithium protective layer was poly(vinylidene fluoride-co-hexafluoropropylene) 

(PVDF-HFP), which was coated on a lithium foil at a thickness of 80 μm. The 

polymer coated lithium was dried in a vacuum oven and heated at 60℃ for 48 hours. 

The coated lithium was used as anode and platinum on carbon cloth was air cathode. 

The electrolyte was made of 1 M lithium bis(trifluoromethanesulfonyl)imide and 0.5 

M lithium iodide dissolved into tetraethylene glycol dimethyl ether. The 

lithium-oxygen battery was assembled in a split cell and tested for discharge/charge 

cycles. The applied current was 0.1 mA and discharge and charge periods were 5 

hours, unless the voltage reached 2 V lower limit or 4 V upper limit. 

 

3. Expected Results/ Conclusion/ Contribution 

The polymer protective thin film can form a uniform water-proof layer while 

allowing lithium ion transport. This layer also acted as a separator between anode and 

cathode. The columbic efficiency of the developed battery was over 90% after several 

charge and discharge cycles. Compared with the control battery using Celgard 

membrane as separator without lithium protective layer, this battery showed a lower 

overpotential at discharge and charge cycles (0.5 V vs. 1 V in control). The smooth 

curve of the linear sweep voltammetry also showed that the battery exhibited steady 

reaction. The cycle life of this developed battery can be operated over 500 hours. This 

work presents an efficient improvement to extend the life of the lithium-oxygen 

mailto:jessie@mail.cgu.edu.tw
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battery.  

Keywords: Lithium-oxygen battery, PVDF-HFP, cycle life, protective layer 
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Abstract 

This paper considers using antenna array elements for adaptive beamforming to 

receive multiple target signals under the problem due to look direction mismatch. We 

present an efficient adaptive beamforming method against the considered mismatch 

problem. The proposed array beamformer utilizes the presumed and received data 

information to estimate the actual direction vectors of the target signals and 

reconstruct the correlation matrix of the received array data vector. The estimated 

direction vectors of the target signals are then used for constructing the constraint 

matrix required for performing adaptive beamforming. Accordingly, the linearly 

constrained minimum variance (LCMV) beamformer can be utilized to find the 

optimal adaptive weights based on the estimated multiple-beam constraint matrix and 

the reconstructed data correlation matrix. The novelty is that the proposed method is 

effective without complexity for implementation. Computer simulation results are 

provided for evaluating and comparing the proposed method with the existing robust 

techniques. 

 

Keywords: Adaptive beamforming, Antenna array, Linearly constrained minimum 

variance. Look direction, Multiple-beam constraints, Target signals, Weight vector. 

 

1. Background/ Objectives and Goals 

The main application of an adaptive array beamformer is to achieve the goal of 

automatically receiving the target signals while rejecting undesired jammers and 

background noise [1, 2]. For the application in satellite communications, an antenna 

array must possess beamforming capability to receive more than one signal with 

specified gain requirements while suppressing all jammers [3]. This purpose can be 

mailto:jhlee@ntu.edu.tw
mailto:r02942112@ntu.edu.tw


67 
 

effectively achieved by using an antenna array with multiple-beam pattern [3, 4]. 

However, there are many model mismatches when we perform adaptive array 

beamforming in practical real world. For example, the presumed direction vector or 

the steering vector does not match with the actual direction vector of the desired 

signal. It has been shown in the literature [2, 5, 6, 7, 8] that the performance of an 

adaptive array beamformer deteriorates even if a small mismatch between the 

steering vector and the actual direction vector of the desired signal exists. Providing 

robustness against mismatches and tracking possible environment changes calls for 

robust adaptive beamforming techniques. 

In the literature, some typical research endeavor like [9, 10, 11] has been devoted to 

develop robust technique for curing the performance degradation due to look 

direction mismatch. However, there are practically no papers considering the problem 

of adaptive array beamforming with multiple-beam constraints (MBC) under look 

direction mismatch. Therefore, it is worth developing robust techniques to deal with 

the considered problem. 

In this paper, we present an effective LCMV-based beamformer against the mismatch 

problems mentioned above. The proposed LCMV-based array beamformer adaptively 

estimates the actual direction for each of the target signals by using only the 

presumed steering vector and the received array data snapshots. First, the presumed 

steering vector and a presumed angle tolerance range for each of the target signals are 

adopted to carry out the required estimation for obtaining an appropriate steering 

vector for each of the considered target signals. A matrix associated with MBC 

required for receiving the target signals is then created. Next, we reconstruct the 

correlation matrix of the data vector received by the antenna array. Finally, the weight 

vector required for LCMV-based beamforming can be easily found by using the 

estimated multiple-beam constraint matrix and the reconstructed data correlation 

matrix. As a result, the performance deterioration due to look direction mismatch in 

adaptive beamforming with MBC can be effectively mitigated. Computer simulation 

results show that the proposed LCMV-based beamformer outperforms the existing 

robust techniques in dealing with the considered problem. 

 

2. Methods 

2.1 Adaptive beamforming with multiple-beam constraints 

Consider a uniform linear array (ULA) with M sensors and inter-element spacing 

equal to λ/2, where λ is the smallest signal wavelength of the far-field target signals 

impinging on the array from direction angles θi, i = 1, 2,…, P off array broadside with 

specified gain/null arrangements. Moreover, there are K jammers impinging on the 

array from the direction angles θj, j = 1, 2,…, K off array broadside. The signal 
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received at the mth array sensor of the ULA can be expressed as 
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     (1) 

where am(θ) = exp{j(2πdmsinθ)/λ} and dm is the distance between the mth and the first 

array sensor, si(t) is the complex waveform of the ith target signal, and nm(t) is the 

spatially white noise with mean zero and variance σn
2
 received at the mth array sensor. 

The data vector received by the ULA can be written as 

x(t)=As(t)+n(t),                                            (2) 

where A = [a(θ1) a(θ2) … a(θP+K)] with the direction vector of the ith signal given by 

a(θi) = [a1(θi) a2(θi) …. aM(θi)]
T
 denotes the M × (P+K) direction information matrix 

associated with the signal sources, s(t) =[s1(t) s2(t) … sP+K(t)]
T
 the signal source 

vector, and n(t) = [n1(t) n2(t) …. nM(t)]
T
 the noise vector. The superscript T denotes 

transpose operation. Let s(t) and n(t) be uncorrelated. The ensemble correlation 

matrix of x(t) is Toeplitz- Hermitian with size M × M and given by 

        Rx=E{x(t)x
H
(t)}=ASA

H
+σn

2
I,                                  (3) 

where the superscript H denotes the complex conjugate transpose and I the identity 

matrix with appropriate size. Assume that the signal sources are uncorrelated. Then, S 

= E{s(t)s
H
(t)} has rank equal to (P+K). In practical environments, it is impossible to 

have the ensemble correlation matrix Rx of x(t). Only the data snapshots taken from 

x(t) are available for computing the sample correlation matrix xR


which is an 

appropriate approximation of Rx. The sample correlation matrix xR


 is computed as 

follows 
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                                  (4) 

where x(tl) denotes the data sample of x(t) taken at the time instant tl. For the 

application in a communication system requiring more than one signal reception, we 

can utilize the LCMV criterion to operate an adaptive antenna array which possesses 

the capability to provide selective gain/null arrangements for different signal beams 

while suppressing all jammers. Accordingly, we consider that a ULA deploys a 

weight vector w = [w1 w2 …. wM]
T
 to process the received data vector x(t) and 

produces an output y(t) = w
H
x(t) with the selective gain/null requirement ci at the 

direction vector a(θi) for i = 1, 2, …, P. Therefore, we can formulate the following 

constrained optimization problem due to LCMV criterion: 

Minimize E{|y(t)|
2
} = w

H
Rxw 

Subject to G
H
w = c,                                          (5) 
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where G = [a(θ1) a(θ2) …. a(θP)] denotes the MBC matrix and c = [c1 c2 …. cP]
T
 the 

corresponding gain vector. Following the LCMV algorithm of [1], the optimal 

solution, i.e., the optimal weight vector for (4) can be easily found as follows: 

w0=Rx
-1

G(G
H
Rx

-1
G)

-1
c.                                       (6) 

For the case of ideal circumstance, i.e, the presumed target signal angles or the 

steering angles for the target signals θi, i = 1, 2,…, P are exactly the same as those of 

the actual target signal angles, our simulation results confirm the capability of the 

LCMV-based adaptive beamformer with MBC shown by (6) in receiving multiple 

signals as well as suppressing incoherent jammers effectively. However, our 

simulation results also reveal that the performance of the above LCMV-based 

adaptive beamformer is deteriorated in the circumstances with look direction 

mismatch. This is due to the fact that the target signals with look direction mismatch 

will be viewed as jammers and the beamformer of (6) tends to suppress them.  

 

2.2 Proposed Adaptive Beamforming with Robustness 

Here, we present a LCMV-based adaptive beamformer with robustness to tackle the 

problem due to look direction mismatch. This mismatch induces that the correlation 

matrix Rx of x(t) and the correlation matrix associated with the P target signals 

denoted by Rs are significantly different from the those without mismatch. As a result, 

the effectiveness of the LCMV-based adaptive beamformer using the weight vector 

given by (6) will be deteriorated because the target signals will be viewed as jammers 

and suppressed. 

In the following, the proposed robust method is developed based on the estimation of 

the MBC matrix as well as the correlation matrix of the data vector received by the 

array. First, we explore the estimation of the MBC matrix G = [a(θ1) a(θ2) …. a(θP)]. 

For each a(θp), p = 1, 2, …, P, a matrix is constructed based on the concept of [10] as 

follows 
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where p denotes the angle range of integration with respect to the presumed 

steering angle θp and NE


 the basis matrix spanning the noise subspace related to 

the sample correlation matrix xR


. We proceed with performing the eigenvalue 

decomposition (EVD) of Rsp. Let the eigenvector corresponding to the principal 

eigenvalue of Rsp be e1p for p = 1, 2, …., P. By using these eigenvectors e1p for p = 1, 
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2, …., P, the estimate Gest of the MBC matrix G is constructed as follows 

 P11211 eeeGest  .                                 (8) 

Next, we continue on the reconstruction of the sample correlation matrix xR


to 

further enhance the robust capability. Similar to idea used in (7), the reconstructed 

sample correlation matrix xR
~

 is calculated as follows 

,
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In (9), the angle range of integration is set to [-90
o
, 90

o
]. After obtaining the estimate 

Gest of the MBC matrix and reconstructed sample correlation matrix xR
~

 from (8) 

and (9), respectively, we compute the following adaptive weight vector instead of (6) 

for achieving robust adaptive beamforming 
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H
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(10) 

 

3. Results 

In this section, we present computer simulation results for illustration and 

comparison. 

3.1 Parameter Settings for Conducting Computer Simulations 

Assume that there are two target signals impinging on a ULA with M = 10, 

signal-to-noise power ratio (SNR) = 10 dB, and direction angles = (-30
o
, 25

o
) off 

array broadside. Moreover, two jammers with interference-to-noise power ratio (INR) 

= 20 dB are impinging on the ULA from the direction angles = (-5
o
, 60

o
). Let the 

presumed steering angles are set to (-33
o
, 22

o
), i.e., there is 3

o
 in look direction 

mismatch for each target signal. The number of Monte Carlo runs is 100. 

 

3.2 Figures and Discussion 

In this section, we show the computer simulation results. The results of employing 

the proposed method, the methods of [9] and [10] are presented for illustration and 

comparison. The following simulation results are also provided. The optimal case 

denotes the theoretical results without using data snapshots and steering angle errors. 

The LCMV without errors indicates the results of using LCMV-based algorithm and 

data snapshots without steering angle errors. Under the parameter settings as 
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described in Section 3.1, Figure 1 shows the array output signal-to-interference plus 

noise power ratio (SINR) versus the number of data snapshots. Figure 2 plots the 

array output SINR versus the steering angle error under the number of data snapshots 

equal to 30. Figure 3 depicts the array output SINR versus the SNR of target signals 

under the number of data snapshots equal to 30, where each of the target signals has 

the same SNR. As we can observe from these simulation results, the proposed method 

provides better robust capabilities than the existing robust techniques in dealing with 

the considered mismatch problem. Moreover, we can easily evaluate that the 

computational complexity required by the proposed method is likely comparable to 

those required by the methods of [9] and [10]. We think that the manner of 

developing the proposed method can also be adopted for further exploring 

appropriate techniques to cure the performance degradation of adaptive array 

beamforming due to several mismatches. 

 

 

Fig. 1: The array output SINR versus the number of data snapshots. 
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Fig. 2: The array output SINR versus the steering angle error. 

 

 

Fig. 3: The array output SINR versus the SNR of target signals. 
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Abstract 

Neural network controller can enables the accurate position control, even if a load 

changes on some numerical control lathes and robots. However, the online learning 

method of neural network controls needs to calculate again the value of weight every 

time a user changes the load. Moreover, the offline learning method of neural 

network controls needs to prepare many weights which correspond to the change in 

load. Thus, In this study, we proposed the learning method which executes the small 

online learning if a user changes a load while executing the offline leaning. 

Furthermore, we verified the effectiveness of proposed the learning method from 

responds of the rotation angel control. As a result, we confirmed the value of rotation 

angel error of proposed method which did not diverge for the change in load. The 

result suggests that the proposed method is effective the learning method for the 

change in load. 

 

Keywords: Neural network, Robust control, Adaptive control, Servo motor 

 

1. Background 

Neural network control can obtain the dynamic characteristics of a controlled object 

through self-learning. For position control with a feedback which is used in NC lathes, 

that combines the neural network control as the compensator of a feedforward with 

the feedback control, even if a load of controlled object changes, servo system can 

enables the high accurate position control 
[1~3]

. However, every time a load changes, 

the online learning needs to read the value of weight and calculates again the value of 

mailto:cd18002@ns.kogakuin.ac.jp
mailto:huang@cc.kogakuin.ac.jp
javascript:%20mailViewer.compose(%22morisita%40cc.kogakuin.ac.jp%22);
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weight, thus the computation process of this learning is slow. Therefore, this is not 

suitable for real time control. Besides, the offline learning reads many values of 

weight which is calculated the online learning. Thus, the computation process of the 

offline learning is fast, however, that cannot corresponds to the unexpected the 

change in load. Therefore, we propose the online - offline integrated learning method 

which executes the small online learning if a user changes a load while executing the 

offline leaning. 

 

2. Controlled Object 

In this study, we simulate for position control an AC motor with the load inertias. 

Besides, the controlled object in this study is an AC motor of the 1 degree of freedom. 

Table 1 shows the specs of surface permanent magnet synchronous motor; 

 

Table 1: Specs of AC motor 

 

 

3. Feedback Error Learning Method 

 

 

Fig. 1: Structure of the Feedback Error Learning 
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Fig. 1 shows the structure of the feedback error learning with the neural network
 [4]

.  

The structure of the feedback control consists of a PID control which added to the 

feedforward control consists of a hierarchical neural network compensator. In 

addition, the neural network compensator and a feedback controller are connected in 

parallel. In this study, the back and forth of the controlled object that does not add 

noise. 

 

The neural network can be approximated to be the inverse dynamic model of the 

controlled object by the back-propagation method using the input of the controlled 

object as the teacher signal of the neural network. 

 

 

Fig. 2: Constitution of the Neural Network 

 

Fig. 2 shows the constitution of the neural network
 [5][6]

. The neural network consists 

of three layers: Input layer, Middle layer, and Output layer. Also, we set the layers of 

each of the units as 𝑖 = 3, 𝑗 = 9, 𝑘 = 1. In addition, we defined the value of the 

weight of the output layer to the middle layer and the middle layer to the input layer 

as 𝑉(𝑗, 𝑘),𝑊(𝑖, 𝑗). Besides, the input layers there are three variables, which are the 

rotation angle of the servo motor, the turning angle velocity, and the angular 

acceleration. The middle layer contains variables, which take into account both the 

accuracy of position control and the calculation time of the value of the weight of the 

middle layer and the output layer. The output layer is the number of motor shaft. 

 

For the neural network, the process of the back-propagation is shown in equations (1) 

to (9). Here, the teacher signal of the neural network is 𝑢. The error 𝐸 of the neural 

network is shown in the following equation, which is the square of the difference 

between output 𝑢𝑛 of the neural network and input 𝑢 of the controlled object. 
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𝐸 =
1

2
∑{𝑢𝑛(𝑘) − 𝑢(𝑘)}

2

1

𝑘=1

=
1

2
∑{−𝑢𝑓(𝑘)}

2
1

𝑘=1

           (1) 

Next, the relationship between each of the layers of the input and the output are 

shown as follows: 

𝑥1 = 𝜃𝑟𝑒𝑓 , 𝑥2 = �̇�𝑟𝑒𝑓 , 𝑥3 = �̈�𝑟𝑒𝑓                       (2) 

𝐹2(𝑗) =∑𝑤(𝑖, 𝑗)𝑥(𝑖)

3

𝑖=1

, 𝐹3(𝑘) =∑𝑣(𝑗, 𝑘)𝑦(𝑗)

9

𝑗=1

        (3) 

𝑦(𝑗) = 𝑓{𝐹2(𝑗)} =
2

1 + 𝑒−𝐹2(𝑗)
− 1                                 (4) 

𝑧(𝑘) = 𝑢𝑛(𝑘) = 𝑓{𝐹3(𝑘)} =
2

1 + 𝑒−𝐹3(𝑘)
− 1              (5) 

The variations of weight are shown as follows: 

 

    𝑣(𝑗, 𝑘)(𝑁) = 𝑣(𝑗, 𝑘)(𝑁 − 1) + 𝛥𝑣(𝑗, 𝑘)(𝑁)             (6) 

    𝑤(𝑖, 𝑗)(𝑁) = 𝑤(𝑖, 𝑗)(𝑁 − 1) + 𝛥𝑤(𝑖, 𝑗)(𝑁)              (7) 

Where 𝑁 is the number of times the weight changes, 𝜂 is the learning rate which 

decides the weight’s value, 𝛼 is the inertia coefficient which decides the weight’s rate 

of change. 

 

Also, in equation (6) and equation (7), the respective right sides, 𝛥𝑣(𝑗, 𝑘)(𝑁) and 

𝛥𝑤(𝑖, 𝑗)(𝑁), are shown as follows: 

Δ𝑣(𝑗, 𝑘)(𝑁) = −𝜂
𝜕𝐸

𝜕𝑣(𝑗, 𝑘)
+ 𝛼Δ𝑣(𝑗, 𝑘)(𝑁 − 1)         (8) 

Δ𝑤(𝑖, 𝑗)(𝑁) = −𝜂
𝜕𝐸

𝜕𝑤(𝑖, 𝑗)
+ 𝛼Δ𝑤(𝑖, 𝑗)(𝑁 − 1)          (9) 

 

4. The Learning Method of the Neural Network Control 

Fig. 1 shows the structure of feedback error learning. We explained the 1 degree of 

freedom revolution dynamic model in section 2. We explained the structure of 

feedback error learning and the neural network compensator in section 3. In this 

section we explain as for the methods of the neural network control. Firstly, we will 

explain the normal online learning method in section 4.1; then we will explain the 

normal offline learning method at the section 4.2. Moreover, we will explain the 

proposed online-offline integrated learning method at the section 4.3. Here, for all the 

value of the weight of the flowchart of the online learning method, the offline learning 
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method, and the online-offline integrated learning method, which are the same marks 

we explained the marks at the section 3. 

 

4.1  Online Learning Method 

 

Fig. 3: Flowchart of the Normal Online Learning Method 

 

For the online learning method, the error 𝐸 of the neural network is obtained the 

output 𝑢𝑓 of the feedback control. Next, the neural network compensator initializes 

the value of the weight in the middle layer and the output layer. At this point each 

value of the weight for the middle layer and the output layer is set using random 

function. When the clock time surpasses sampling time, the neural network calculates 

the value of the weight of the middle layer and the output layer using the equations 

from (6) to (9). The neural network saves the calculation results. The neural network 

obtains the error 𝐸 again; the neural network also loads the saved calculation results 

of the weights; then the neural network calculates equations from (6) to (9) again. 
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In the online learning method, the parameters of the controlled object change the 

value of the weight, the value of the weight is quickly rewritten through learning 

because online learning corresponds to the controlled objects changes. However, in 

the online learning method, the calculations for the equation (6) to (9) until they reach 

the most appropriate value for weight takes long time. Also, in the online learning 

method, by increasing; the number of layer of the middle or unit of the middle layer 

or both of these, the accuracy of the position control improves. However, the problem 

that the calculation time of equations from (6) to (9) takes long. 

 

4.2  Offline Learning Method 

 

Fig. 4: Flowchart of the Normal Offline Learning Method 

 

Nevertheless, the offline learning method, the controlled object changes, the feedback 

control at the control object using the weight, which obtained from the online leaning. 

Namely, the offline learning method do not initialize the value of weight and do not 

recalculate of the value of weight independent of the error 𝐸. Therefore, it is difficult 

to control at the control object, which accepts the rate of after the change. 
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4.3  Online - Offline Integrated Learning Method 

 

Fig. 5: Flowchart of Proposed Online - Offline Integrated Learning Method 

 

Therefore, the online - offline integrated learning method loads the weights, which it 

obtained from the online leaning. In addition, we adopt limit the number of times the 

calculation from the value of weight to the value of output layer. Namely, the small 

online learning such as in fig. 5, only the number of times the weight change by user. 

By doing this, the accuracy for the position control is not reduced. Additionally, if the 

error 𝐸 of the neural network is zero, do not calculate of the value of weight. 

Therefore, the calculation time of online - offline integrated learning method is 

shorted than the online learning method. 

 

5. Analyses and Results 

In this study of the analysis using the MATLAB / Simulink. For the offline learning 

method and the proposed method, we set the value of weight of after the online 

learning ( Initial rotation angle command : Amplitude ± 90 degree, Frequency 1Hz, 

Phase 0 rad, Initial load inertia : 5 times of the motor inertia ). Next, we are not 

change the rotation angle command, and change the value of load inertia from the 

initial value to the value of twice times of the initial value after 20 seconds. In 

addition, we compare the change in rotation angle error of the offline learning method 

and the proposed method. 
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Fig. 6: Characteristics of Offline Learning Method before and after the Load Changes 

(After the Load Changes: Twice the Initial Load Inertia) 

 

 

Fig. 7: Characteristics of Proposed Method before and after the Load Changes 

 (After the Load Changes: Twice the Initial Load Inertia) 

 

Fig. 6 shows the characteristics of offline learning after the load inertia changed. Fig. 

7 shows the characteristics of the proposed method after the load inertia changed. 

When we changed the load inertia, we confirmed the value of the rotation angle error 

which was oscillated and was gradually diverged. The amplitude value of the error 

was ± 1 degree before we changed the load inertia. Conversely, when we changed the 

load inertia, we confirmed the value of the rotation angle error of the proposed 

method which is oscillating, however, did not diverge and was marginal decreased. 

The amplitude value of the error was less than ± 1 degree before we changed the load 
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inertia. 

 

Fig.8: Characteristics of Proposed Method after Change the Value of 𝛼 and 𝜂 

 

 

Fig. 9: Characteristics of an Output of the Neural Network  

 

Fig. 8 shows the characteristics of the proposed method when we changed the value 

of the learning rate 𝜂 and the inertia coefficient 𝛼 from 10−5 to 10−4. Fig. 9 shows the 

characteristics an output of the proposed method when we changed the value of 𝜂 and 

𝛼 from 10−5 to 10−4. We confirmed the value of rotation angle error which did not 

diverge. However, we confirmed the value of rotation angle error which is large 

oscillating after the load inertia changed. For the reason, when the rotation angle 

command was switched, the value of rotation angle error was the largest therefore the 

value of weight was large. Thus, the value of an output of the neural network 

compensator is distorted such as in fig. 9. 
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6. Conclusion 

The online learning method needs to read the value of weight and needs to calculate 

again the value of weight every time the load changes. Therefore the online learning 

method can corresponds to the loads changes, however, this is not suitable for real 

time control. The offline learning method needs to prepare many weights corresponds 

to the change in load. Therefore, the computation process of the offline learning 

method is fast, however, that cannot corresponds to the unexpected the change in load. 

Thus, we propose the online - offline integrated learning method, and we compared 

the offline learning method and the proposed method of the value of rotation angle 

when we changed the value of the load inertia. As a result, we confirmed, which the 

offline learning cannot corresponds to the load inertia changes. However, we 

confirmed, which the proposed method can corresponds to load inertia changes. 

Therefore, we confirmed, which the proposed method is effective the learning 

method for the change in load. 

 

7. References 

[1] Shiro Urushihara, “Tracking Performance of a Positioning System with a Linear 

DC Servo Motor using Neural Network”, The Institute of Electrical Engineers of 

Japan, Vol. 115-D, No.3, 1995, pp.204-209. 

[2] Tornonobu Senjyu,“Position Control of Ultrasonic Motors Using Neural 

Network”, 

   The Institute of Electrical Engineers of Japan, Vol. 116-D, No. 10, 1996, 

pp.1059-1066. 

[3] Kazuo Shimane, Shigeru Tanaka, and Susumu Tadakuma, “Vector Controlled 

Induction Motors Using Neural Network”,  The Institute of Electrical Engineers 

of Japan, Vol. 113-D, No. 10, 1993, pp.1154-1161. 

[4] Hiroaki Gomi and Mitsuo Kawto, “Learning Control of a Closed Loop System  

Using Feedback-Error-Learning”, Transactions of the Institute of Systems Control 

and Information Engineers, Vol.4, No.1, 1991, pp.37-47. 

[5] Qingjiu Huang, “Intelligent Control of Multi-Legged Walking Robot Based on 

 Neural Network “, Chiba University, 2003, pp.1-137. 

[6] Masakazu Morita, Qingjiu Huang, Minpei Morishita, “Online-Offline Integrated  

Learning Method of the Neural Network Control”, The 15th International 

Conference on Automation Technology, TP2-3: Automatic Measurement and 

Control Technology (II), 2018, Taichung. 

  



84 
 

10056 

Fusion Splicing Loss Reduction of SMF-28 and MP980 Single-mode 

Fibers by Increasing Heating Region Length  

 

Weerachai Asawamethapant
 

Department of Electrical and Computer Engineering, Faculty of Engineering,  

Thammasat University, Thailand 

E-mail address: aweerach@engr.tu.ac.th 

 

Abstract 

This paper presents the analysis of fusion splicing loss of SMF-28 and MP980 

single-mode optical fibers by use of Matching mode field theory and Phase-front 

transformer model. The effect of heating region length to fusion splicing loss is 

analyzed. It is found that the increasing of heating region length decreases the total 

fusion splicing loss. And then, the reduction of total fusion splicing loss by increasing 

heating region length is proposed. Finally, using our proposed structure of both 

single-mode fibers, the total fusion splicing loss is decreased from 0.0201 dB to 

0.0053 dB when heating region length is increased from 675 µm to 1350 µm, 

respectively.       

 

Keywords: heating region length, Matching mode field theory, Phase-front 

transformer model, fusion splicing loss 

 

1. Background/ Objectives and Goals 

In optical communication system communication, the single-mode fiber is very 

prominent because of their low loss and low dispersion. Single-mode fiber has ability 

to transfer a large amount of data over long distances. Anyway, fiber optical splicing 

is very important to join two of optical fibers together when available single-mode 

fiber is not sufficiently long for long distance optical communication system. Fusion 

splicing is the process of fusing (or welding) two optical fibers together by heating 

from an electric arc, as shown in Fig. 1 [1], and fusion splicing is the most widely 

used method of splicing for optical communication system. Because, fusion splicing 

provides for the lowest loss and least reflectance between two fibers.  
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Fig. 1: Schematic of fusion splicing of SMF-28 and MP980 optical fibers [1] 

Here, the fusion splicing of two different types of single-mode fiber, i.e. SMF-28 and 

MP980, is very necessary in optical amplifier system (Erbium-doped fiber Amplifier; 

EDFA) as shown in Fig. 2 [2].  

 

Fig. 2: Configuration of an Erbium Doped Fiber Amplifier [2] 

 

From our previous work, the fusion splicing loss reduction of SMF-28 and MP980 

single-mode fibers by using matching mode field model and phase-front transformer 

model was presented [3]. It was found that the total fusion splicing loss is decreased 

from 0.9322 dB to 0.0201 dB by decreasing the core radius of MP 980 optical fiber 

from the standard value of 1.46 µm to 1.16 µm and by increasing the core radius of 

SMF-28 optical fiber from the standard value of 4.1 µm to 4.15 µm, respectively. 

Here, this paper presents the effect of heating region length on the fusion splicing loss, 

and then the further reduction of fusion splicing loss by increasing the length of 

heating region is proposed. Finally, we have expected that this analysis can be 

adapted for the actual work in optical communication system.    

 

2. Methods 

In the fusion splicing process of single-mode fiber, the joint between two optical 

fibers is fused by heating from electric arc, which caused the changing of their 

diffusion coefficient (D). And the changed diffusion coefficient directly affects to the 

particularity optical fiber with the length 2L in the heating region as shown in Fig. 3. 

Here, the number 1 and 2 are used for the optical fiber parameter on the left and the 
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right hand side, respectively. 

 

Fig. 3: Schematic of the transition area (2L) of connected fusion splicing.  

In Fig. 3, a1, a2 are the core radius of the optical fibers, W1, W2 are mode field radius 

of the optical fibers, Adiff1, Adiff2 are the core radius of the connected optical fibers in 

the connected place at the heating region (or transition area), and Wdiff1, Wdiff2 are the 

mode field radius of the connected optical fibers in the transition area. Here, the 

heating region with length 2L is the fusion splicing intermediate area where the 

particularity of the optical fibers are changed, and it is longitudinal symmetry [4], [5]. 

In this paper, the calculation of fusion splicing loss in the single mode optical fiber 

can be defined by applying Matching mode field theory and Phase-front transformer 

model, respectively. 

 

2.1 Matching mode field theory 

Matching mode field is one of the theories that used to determine the fusion splicing 

loss of single-mode fibers [4], [5]. Here, AM is the loss caused by Matching mode 

field which is calculated from matching mode field radius of the connected optical 

fibers. 

 𝐴𝑀 = −10𝑙𝑜𝑔 [(
2𝑊𝑑𝑖𝑓𝑓1𝑊𝑑𝑖𝑓𝑓2 

𝑊𝑑𝑖𝑓𝑓1
2 +𝑊𝑑𝑖𝑓𝑓2

2 )
2

]                                       

(1) 

 

where AM is the loss due to the Matching mode field theory (dB), and we can 

calculate Wdiff  by 

𝑊𝑑𝑖𝑓𝑓 = 𝐴𝑑𝑖𝑓𝑓/√𝑙𝑛𝑉                                               (2) 

 

where V is the normalized frequency, and Adiff is defined by  

 

𝐴𝑑𝑖𝑓𝑓 = √𝑎2 + 4𝐷𝑡                                                   (3) 

 

where t is the splicing time and D is the diffusion coefficient of the core dopant in the 
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optical fiber (m
2
/s). 

 

2.2 Phase-front transformer model 

Phase-front transformer model is also used to determine the fusion splicing loss of 

single-mode fibers [4], [5]. Here, Af is the loss caused by Phase-front transformer 

model which is calculated from the transit area size, transmission loss, and from the 

diffusion process of the core dopant. Here, Fig. 4 shows the phase-front distribution 

of light travelled in transition area (or heating region). The suddenly changes in 

phase-front at points A, B1, B2 and C cause the loss due to Phase-front transformer 

model. 

 

 

Fig. 4: Phase-front distribution of light travelled in transition area (or heating region)  

 

Here, Af is defined by 

 

𝐴𝑓 = −10log𝑇𝑓                                                      (4) 

 

where Af is the loss due to the Phase-front transformer model (dB) and Tf is the 

transmission coefficient, and Tf is given by 

 

𝑇𝑓 = 𝑇𝐴𝑇𝐵1𝑇𝐵2𝑇𝐶                                                     (5) 

 

where TA, TB1, TB2 and TC are the optical power transmission coefficients at points A, 

B1, B2 and C shown in Fig. 3. Here, TA, TB1, TB2 and TC are defined by  

 

𝑇𝐴 = {1 + [
1

2
(𝛾𝑚𝑎𝑥1 − 1)

𝜋𝑛𝑟1𝑊1
2

𝐿
]
2

}
−1

                                    (6) 

𝑇𝐵1 = {1 + [𝛾𝑚𝑎𝑥1(𝛾𝑚𝑎𝑥1 − 1)
𝜋𝑛𝑟1𝑊1

2

𝐿
]
2

}
−1

                               (7) 
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𝑇𝐵2 = {1 + [𝛾𝑚𝑎𝑥2(𝛾𝑚𝑎𝑥2 − 1)
𝜋𝑛𝑟2𝑊2

2

𝐿
]
2

}
−1

                               (8) 

𝑇𝐶 = {1 + [
1

2
(𝛾𝑚𝑎𝑥2 − 1)

𝜋𝑛𝑟2𝑊2
2

𝐿
]
2

}
−1

                                    (9) 

 

where nr is the core refractive index of the optical fiber, 𝛾𝑚𝑎𝑥 is the ratio between 

𝐴𝑑𝑖𝑓𝑓  and a, W is calculated by  

 

𝑊 = 𝑎/√𝑙𝑛𝑉                                                       (10) 

 

2.3 Total fusion splicing loss of single-mode fibers 

In this paper, the total fusion splicing loss of single mode optical fibers without axial 

misalignment and angular misalignment can be calculated by the following equation; 

 

𝐿𝑜𝑠𝑠𝑇𝑜𝑡𝑎𝑙 = 𝐴𝑀 + 𝐴𝑓                                                  

(11) 

 

2.4 SMF-28 and Erbium-doped fiber MP980 particularities 

This paper selects two popular of single mode fiber type used in the optical 

communication; i.e. SMF-28 and Erbium-doped fiber Amplifier MP980. Both 

single-mode fiber are used in optical amplifier system (Erbium-doped fiber Amplifier; 

EDFA) as shown in Fig. 1. And the standard optical fiber particularities of SMF-28 

and MP980 are shown in TABLE I [6], [7]. 

 

Table 1: Standard optical fiber particularities of SMF-28 and MP980 

 

 
a 

(µm) 
 (µm) NA 

n 

(core) 

n 

(cladding) 
D0 (m2/s) Q (J/mol) 

SMF-28 4.1 1.55 0.1228 1.452 
1.447 6.7082  

10-6 
3.1  105

 

MP980 1.46 1.55 0.23 1.465 
1.458 

0.5  10-6 
2.89  

105
 

 

3. Results 

3.1 Analysis of effect of heating region length on fusion splicing loss of SMF-28 

and MP980 for standard structure  

To analysis the relationship between the length of heating region (2L) and fusion 

splicing loss of SMF-28 and MP980, the value of 2L is varied from 475 µm to 1350 



89 
 

µm, with light wavelength () = 1.55 µm. Here, the fusion splicing condition without 

any misalignment of both optical fibers is shown in Table 2. In this paper, 2L = 675 

µm is the standard value of heating region length following the single mode fusion 

splicing program of splicer Ericsson FSU 925TC. Furthermore, the fusion splicing 

temperature = 2000 ºC is the temperature used in the silica optical fiber fusion 

splicing process [8].     

 

Table 2: Fusion splicing condition of SMF-28 and MP980  

 

 [µm] Splicing temperature [ºC] Splicing time [sec] heating region 2L [µm] 

1.55 2000 1-20 475 - 1350 

 

Fig.5 shows the effect of 2L to the loss due to Matching mode field theory (or 

Matching mode field loss). It is found that the Matching mode field loss is 

independent from the length 2L for every fusion splicing times. Matching mode field 

loss remains constant although 2L is increased from 575 µm to 1350 µm. This is 

because the parameter 2L is not included in the calculation of 𝐴𝑀  and 𝑊𝑑𝑖𝑓𝑓 of 

both fibers as described in Eq. (1) – (3). Therefore, the relationship between 2L and 

𝐴𝑀 is not found in this paper. 

 

Fig. 5: Matching mode field loss of SMF-28 and MP980 by  

heating region length (2L) adjustment 

Next, the fusion splicing loss due to Phase-front transformer model (or Phase-front 

transformer model loss) for different value of 2L is shown in Fig. 6. From Fig. 6, at 

the same splicing times, the Phase-front transformer model loss is decreased when 2L 

is increased. For example, when the splicing time is 10 sec, the Phase-front 

transformer model loss is 0.2689 dB at 2L = 475 µm, whereas that loss becomes 
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0.0338 dB at 2L = 1350 µm. This is because the parameter 2L has effect to the 

transmission coefficient 𝑇𝑓, as described in Eq. (5) – (9). Therefore, Phase-front 

transformer model loss is inversely proportional to the length 2L. 

Furthermore, at the same value of 2L, the difference of Phase-front transformer 

model loss for different splicing times can be observed. It is clearly found that the 

increasing of splicing time increases the Phase-front transformer model loss. 

Therefore, Phase-front transformer model loss is directly proportional to splicing time. 

Furthermore, when 2L is between 475 µm and 675 µm, the difference of the values of 

loss due to Phase-front transformer model from each splicing times is very large. 

However, when 2L is between 675 µm and 1175 µm, the difference of Phase-front 

transformer model loss from each splicing times becomes lower, and then when 2L is 

larger than 1275 µm, the difference of Phase-front transformer model loss from each 

splicing times is close to 0 dB. This means this type of fusion splicing loss is nearly 

constant when 2L is larger than 1275 µm.          

 

Fig. 6: Phase-front transformer model loss of SMF-28 and MP980 by  

heating region length (2L) adjustment 

 

Note that if the length of transition area (or heating region) is too short, such as 2L = 

475 µm, the suddenly change in phase-front of light travelled inside heating region at 

points A, B1, B2 and C occurs. And it causes very large transition loss (or Phase-front 

transformer model loss). On the other hand, when the length of transition area is 

sufficiently long, such as 2L  1275 µm, the change in phase-front of light at points 
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A, B1, B2 and C is very smooth, and then low Phase-front transformer model loss can 

be obtained.  

 

   Fig. 7: Total fusion splicing loss of SMF-28 and MP980 by  

heating region length (2L) adjustment 

 

Next, the values of total fusion splicing loss of SMF-28 and MP980 for the different 

2L values and different splicing times are shown in Fig. 7. It is clearly found that the 

increasing of the value of 2L decreases the total fusion splicing loss, when the fusion 

splicing time is between 1 and 20 sec. In this paper, the total fusion splicing loss is 

the sum of Matching mode field loss and Phase-front transformer model loss. As 

mentioned before, when 2L is increased, the value of Matching mode field loss is 

constant, whereas the value of Phase-front transformer loss is decreased. Therefore, 

the total fusion splicing loss is reduced when 2L is increased. 

Moreover, the lowest total fusion splicing loss of SMF-28 and MP980 by the length 

of 2L adjustment is present in Figure 8. Figure 8 shows that the lowest total fusion 

splicing loss can be reduced when the fusion splicing length (or heating region 

length) is increased. For the standard value of 2L = 675 µm, the lowest total fusion 

splicing loss is 0.9311 dB. On the other hand, using twice the standard value of 2L 

(or 2L = 1350 µm), the lowest total fusion splicing loss becomes 0.7885 dB, 

respectively.      
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Fig. 8: Lowest total fusion splicing loss of SMF-28 and MP980 by  

heating region length (2L) adjustment 

 

3.2 Further total fusion splicing loss reduction of SMF-28 and MP980 by using 

proposed structure  

From our previous work, the new structures of both single-mode fibers were 

proposed by decreasing the core radius of MP980 optical fiber from the standard 

value of 1.46 µm to 1.16 µm, and by increasing the core radius of SMF-28 optical 

fiber from the standard value of 4.1 µm to 4.15 µm, respectively. Then the total 

fusion splicing loss was decreased from 0.9322 dB to 0.0201 dB with 2L = 675 µm 

[3]. In this section, the further reduction of total fusion splicing loss is considered by 

increasing the value of 2L, as described in section 3.1. Furthermore, the other fusion 

splicing conditions are the same as the conditions mentioned in section 3.1.  

Figure 9 shows again that, using our proposed structure, lower total fusion splicing 

loss can be obtained for longer heating region length. For the standard value of 2L = 

675 µm, the lowest total fusion splicing loss is 0.0201 dB. And then, using twice the 

standard value of 2L (or 2L = 1350 µm), the lowest total fusion splicing loss is 

further reduced to be 0.0053 dB. The value of this total fusion splicing loss is 

acceptable for the optical communication system. Therefore, from section 3.1 and 

3.2, we can conclude that the total splicing loss can be reduced by increasing heating 

region length. Finally, we have expected that the analysis described in this paper can 

be adapted for the actual work in optical communication system.    

    

0.75

0.8

0.85

0.9

0.95

1

1.05

450 550 650 750 850 950 1050 1150 1250 1350

L
o
w

es
t 

to
ta

l 
sp

li
ci

n
g
 l

o
ss

 [
d
B

] 
 

Heating region length (2L) [µm] 



93 
 

 

Fig. 9: Lowest total fusion splicing loss of SMF-28 and MP980 by  

heating region length (2L) adjustment using our proposed structure 
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Abstract 

In this study, we propose a process for diagnosing the fault type of the motor in a 

rotary machine. Three types of faults, rotor imbalance, misalignment failure, and 

bearing failure, are found out in the operation of a rotary machine. In the process, 

percent tolerance precontrol chart (PTPCC) is used to determine the correct mean and 

standard deviation in the zone rule chart such that the zone rule and expert system can 

be used to determine the fault type of the motor. If the motor faults can be detected in 

advance, then we can take essential measures for the operation of the rotary machine 

such that the impact of motor faults and the energy consumption will be reduced. 

 

Keywords: Fault diagnosis, Energy saving, Motor vibration, Process, percent 

tolerance pre-control chart.   

 

2. Background/ Objectives and Goals 

The motors are generally used in numerous industrial applications and consume a 

substantial portion of energy. There have been many studies for the detection of 

motor faults. Betta, Liguori, Paolillo, and Pietrosanto (2002) performed an 

experimental analysis of common motor rotation faults and defined the margin of 

vibration. Zheng (2009) mentioned that the motor may be disturbed by low-frequency 

noises during the actual operation, and causes temporary abnormalities in the 

vibration spectrum of the motor. The author used a neural network to identify the 

abnormal signal and combined the statistical process control and zone rules together 

to rule out the temporary fault signal. Esfahani, Wang, and Sundararajan (2014) 

proposed the stand-alone multisensory wireless system for continuously monitoring 

induction motors, in which Hilbert-Huang transform (Yan & Gao, 2006) of vibration 
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data (Wang & Jianu, 2010) and power spectral density of current and acoustic signals 

(AI-Dossary, Hamzah, & Mba, 2009) were used to classify the normal and faulty 

motors.  

 

In this study, we like to design a diagnosis process to detect the motor fault types in a 

rotary machine. Three types of faults, rotor imbalance, misalignment failure, and 

bearing failure, will be detected. Percent tolerance precontrol chart (PTPCC) 

(Vermani, 2000), zone rule and expert system are used in the process to achieve the 

goal. 

2. Experiment Setting Up 

This paper considers three types of motor failures which are rotor imbalance, 

misalignment failure, and bearing failures. We use vibration data of the rotary 

machine to diagnose the type of faults. The used diagnosis platform is the PBS-5000 

rotary machine rotor disturbance system as shown in Fig.1. It is equipped with 4 

vibration sensors (100mv / g) and uses a 4-20mA output vibration signal processor to 

receive vibration signals.  

 

About 70% of the failures of rotating machinery are related to the imbalance of the 

rotor; the causes of the imbalance of the rotor are various, such as the irrational 

structural design of the rotor, the deviation of the machining quality, etc.. In the 

experiment, some screws were installed on one side of the mass disk to simulate the 

imbalance of the rotor state during the motor operation. Large machinery usually 

consists of multiple rotors, and each rotor is connected with a coupling to form a shaft 

system to transmit motion and torque. Due to some causes such as installation error, 

thermal expansion, load-deformation, or original unevenness of the machine, the 

abnormality of the misalignment between the rotors may occur during the working of 

the machine. The rolling bearing is an easily damaged part of rotating machinery. 

About 30% of the rotating machinery failures are caused by bearing failures. 

Therefore, the quality of bearings is very important to a rotary machine.  

 

Fig. 1: Experimental test bench 
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The fast Fourier transform (FFT) is used to convert the time domain signal to the 

frequency domain signal. In this study, both time domain signal and frequency signals 

are considered extracting signal features. The measurement bandwidth of this 

experiment is 10KHz and the total number of sampling points is 4096. After 

completing the setup of the experiment, the main objective is to establish a diagnosis 

process to detect the type of motor failures.  

 

3. Diagnosis for the Fault Types  

This section will present the process of fault type diagnosis for the motor in a rotary 

machine. The following figure is the flowchart of the diagnosis process. 

 

 

Fig. 2: Flowchart of the diagnosis process   

 

According to the flowchart in Fig.2, initially, we read the accelerometer ID and meter 

ID from the SQL database. Then extract the acceleration peak data from the 

VibrationOA datasheet. When the data number reaches 3000, we calculate the mean 

and standard deviation from those 3000 data, and then remove those outliers which 

are out of the range of deviation 3standardmean . The remaining data are stored 

in the database and establish the zone rule chart with a new mean and standard 

deviation as Fig. 3. Next, we measure KW value from the LastesBigPLC datasheet 

every 30 minutes and measure two times, when the difference of two times KW does 

not exceed the threshold, measure the acceleration peak value from the VibrationOA 
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datasheet every 60 minutes and measure 8 times. Then the zone rule test is performed. 

When the zone rule test fails, the final diagnosis is performed through the expert 

system to diagnose motor fault types. When the difference between two times KW 

exceeds the threshold measure the acceleration peak value from the VibrationOA 

datasheet every 10 minutes and measure 2 times. Then the tolerance percentage x* is 

calculated and PTPCC diagnosis is performed.  

 

3.1. Zone rule (Davis & Woodall, 1988) 

It is a very popular on-line monitor tool for statistical process control (SPC) 

(MaxGregor & Kourtl, 1995). Fig. 3 shows the so called zone rule chart in which the 

central line (CL) is the mean value and two limit lines are upper control limit (UCL) 

and lower control limit (LCL). UCL/LCL is determined by the three times of standard 

deviation value mentioned in the above subsection. Based on the zone rule chart, any 

one of the following cases is satisfied, then the abnormal situation occurs.  

1. A point is beyond UCL or LCL. 

2. Two of three consecutive points are outside of zone B on the same side of the CL. 

3. Four of five consecutive points are outside of zone C on the same side of the CL. 

4. Consecutive eight points continuously rising or falling on the same side of the CL. 

 

Fig. 3: Zone rule chart 

 

If one of the above four cases happens, that means the operation of the rotary 

machine is abnormal. Therefore, we need to use an expert to find the fault type of the 

motor in the rotary machine. 

 

3.2. Expert system 

In general, the different vibration signals reflect different faults of the motor. Then the 

motor’s fault can be diagnosed according to its specific fault features. In this study, 

the expert rule is established based on the vibration characteristic frequency for the 

three types of fault. It is known from Betta, Liguori, Paolillo, and Pietrosanto, 2002, 
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each type of the fault characteristic frequency of the motor occurs as shown in Table 

1, where 
180

R
X  and R is the rotation speed of the motor.  

 

Table 1: Expert system for the motor fault  

Fault type Fault characteristic frequency  

Rotor imbalance At 1X 

Misalignment failure  At 1 X and 2 X, and the amplitude at 2 X is 

much higher 

Bearing failure At 1 X, 2 X, and k X with k >2 

 

In Table 2, we design three experiment methods to simulate three types of faults, 

rotor imbalance, misalignment failure, and bearing failure, and show the experiment 

responses which match the rules in Table 1.  

 

Table 2: Experiment results 

 

In the flowchart in Fig. 2, when the difference of two times KW exceeds the threshold, 

then measure the acceleration peak value from the VibrationOA datasheet every 10 

minutes and measure 2 times. Then the tolerance percentage x* is calculated and 

PTPCC diagnosis is performed.  
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3.3 Percent tolerance precontrol chart method (PTPCC) 

In Fig. 4, PTPCC is proposed by Vermani in 2000 and mainly calculates the tolerance 

percentage with the zone rule chart to diagnose the system. First, we calculate the 

tolerance percentage as follows 

)LSLUSL(

)meanx(2
x*




                            (1) 

 

where x is the acceleration peak value from the VibrationOA datasheet for each 10 

mins period. The use of PTPCC is to taking two x continuously and calculate (1) to 

check the position of x*. The PTPCC determine whether we need to re-calculate the 

mean and standard deviation of the peak values of the acceleration. The decision table 

is shown in Table 3, where xi*, i=1, 2, are from (1) with two sample points x; and R 

denotes “re-calculate” and N denotes “no need to re-calculate”.  

 

Fig. 4: PTPCC 

 

Table 3: PTPCC decision table 

Region One xi* in 

red region 

Two xi* in 

different 

yellow 

regions 

Two xi* in the 

same yellow 

region 

Two 

xi* in 

green 

region 

One xi* in green region, and 

the other xi* in yellow 

region 

Red xi*           

Yellow   x1* x2*  x1* x2*    x1* x2* 

Green       x1* x2* x1* x2* x2* x1* 

Yellow   x2* x1* x1* x2*   x2* x1*   

Red  xi*          

Decision R R R R R R N N N N N 

 

When the decision is R, it means we need to remove the accelerator and re-start to 

calculate the mean and standard deviation for the zone rule chart. 
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4. Conclusions 

In this study, we have proposed a diagnosis process to recognize the types of motor 

faults in the operation of a rotary machine. In the process, the zone rule chart and 

expert system are used to determine three types of fault. Furthermore, PTPCC is used 

to find the suitable mean value and standard deviation of the peak values of the 

acceleration. This study can be used as a reference for energy-saving research for 

rotary machines. 
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Abstract 

In linear optimal control theory, since it is unclear how the weights Q and R of the 

quadratic evaluation function can be selected, the weights have to be selected by trial 

and error, which is a major impediment to practical use. In this study, by using the 

least square method, the weights Q and R of the quadratic evaluation function to be 

controlled are state variables and the relation with the control input is approximated 

to a linear function and a quadratic function by a database. Formulate. 

 

Keywords: optimal control, quadratic evaluation function, weight determination 

method 

 

1. Background   

Motors are used in home appliances/AV equipment, IT/communication/OA 

equipment, medical/healthcare, business equipment, industrial equipment, 

vehicles/robots. Among them, servo motors are widely used in manufacturing plants 

such as machine tools, packaging machines, and industrial robots. Servo motors can 

be controlled precisely and at high speed, but many parameters must be set and 

empirical knowledge is required. In the pole placement method, the maximum value 

of the response becomes excessive, and the maximum value of the control input 

becomes excessive. Therefore, it is difficult to understand the size of the size of the 

input necessary for control and the obtained control performance.[1] In linear optimal 

control theory, design parameters are weights Q and R of quadratic evaluation 

function. By adjusting Q and R, you can determine how important state variables and 

control inputs are.[1] However, in the linear optimal control theory, it is unclear how 

the weights the weights Q and R of the quadratic evaluation function can be selected. 

mailto:cm18036@ns.kogakuin.ac.jp
mailto:huang@cc.kogakuin.ac.jp
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Therefore, the weights have to be selected by trial and error, which is a major 

impediment to practical.[2] In this study, using the least square method, the weights Q 

and R of the quadratic evaluation function to be controlled are approximated to be 

controlled are approximated to the linear function and the quadratic function by the 

database using the relation between the state variables and the control inputs. Things 

are formulated. By doing so, we propose a method for determining the weight of the 

quadratic evaluation function for optimal control. Moreover, the effectiveness of the 

proposed method of this research is confirmed using the positioning control of the 

servo motor. 

 

  2.  Servo system 

Equation (1) and (2) show the control targets used in this study. 

�̇�(𝑡) = 𝑨𝒙(𝑡) + 𝒃𝑢(𝑡) (1) 

𝑦 = 𝒄 𝒙(𝑡)   (2) 

Furthermore, when the servo system is used, the block diagram shown in Fig.1. is 

obtained. 

 

                 Fig.1: Servo system block diagram 

 

From Fig.1, the control input 𝑢(𝑡), deviation 𝑒(𝑡), and deviation integral 𝑤(𝑡) are as 

follows. 

   𝑢(𝑡) = 𝒇𝒙(𝑡) + 𝑔𝑤(𝑡) (3) 

 𝑒(𝑡) = 𝑟𝑚(𝑡) − 𝑦(𝑡) (4) 

𝑤(𝑡) = ∫ 𝑒(𝜏)𝑑𝜏
𝑡

0
  (5) 

Furthermore, when the enlargement system is used, equation (6) and equation (7) are 

obtained in the case of a control target. 

[
�̇�(𝑡)
�̇�(𝑡)

] = [
𝑨 𝟎
−𝒄 0

] [
𝒙(𝑡)
𝑤(𝑡)

] + [
𝒃
0
] 𝑢(𝑡) + [

𝟎
1
] 𝑟𝑚(𝑡) 

(6) 

𝑦 = [𝒄 0 ] [
𝒙(𝑡)
𝑤(𝑡)

] 
(7) 

In the case of a control input, equation (8) is obtained. 



104 
 

𝑢(𝑡) = [𝒇 𝑔] [
𝒙(𝑡)
𝑤(𝑡)

] 
(8) 

However, the value of 𝒇 is negative. 

 

3. Optimal control 

Optimal control is minimized by equation (9). equation (9) is called an evaluation 

function because it is a function that evaluates the speed response of the state variable, 

overshoot, and the magnitude of the input energy.[3] equation (9) evaluates the square 

of each variable and is therefore called quadratic form.[3] 

𝐽 = ∫ {𝒙𝑇(𝑡)𝑸𝒙(𝑡) + 𝑟𝑢2(𝑡)}𝑑𝑡
∞

0
  (9) 

If 𝑸 is a diagonal matrix, equation (10) is obtained. 

𝐐 = [

𝑞1 0 ⋯ 0
0
⋮

𝑞2
⋱

⋱
⋱

⋮
0

0 ⋯ 0 𝑞𝑛

] 

 

(10) 

𝑞𝑖(𝑖 = 1,2⋯𝑛). The value of 𝑟 is a positive number. 

In Equations (9), 𝐐 is a weight for the state variable, and 𝑟 is a weight for the input 

𝑢(𝑡) in Equations (9) is shown in equation (11). 

𝑢(𝑡) = 𝒇𝒙(𝑡) = −𝑟−1𝒃𝑇𝑷𝒙(𝑡) (11) 

𝒇 is referred to as a state feedback vector and is shown in equation (12). 

𝒇 = −𝑟−1𝒃𝑇𝑷 (12) 

𝑷 is the following Riccati equation. 

𝑨𝑇𝑷 + 𝑷𝑨 − 𝑷𝒃𝑟−1𝒃𝑇𝑷 + 𝑸 = 0 (13) 

A positive definite matrix 𝑷 = 𝑷𝑇 > 0 that satisfies.[1] 

 

4.   Least squares method 

The least square method used in this study is a method that minimizes the sum of the 

squares of errors contained in the observer.[4] Let 𝑛 data 𝑥𝑖 , 𝑦𝑖(𝑖 = 1,2,⋯ , 𝑛). The 

observed value is 𝑓(𝑥), and the error between the data and the observed value 𝑓(𝑥) 

is shown in equation (14). 

𝑠𝑖 = 𝑦𝑖 − 𝑓𝑖(𝑥𝑖) (14) 

Since the error takes both positive and negative, add it to the square.[5] Summing this 

up, 

                                                      𝑆 = ∑ {𝑦𝑖 − 𝑓𝑖(𝑥𝑖)}
2𝑛

𝑖=1   (15) 

become. 

In the case of Linear function, the function 𝑦 = 𝑓(𝑥) is shown in equation (16).  

𝑦 = 𝑓(𝑥) = 𝑎𝑥 + 𝑏 (16) 

The sum of errors at this time is expressed by the following equation. 

𝑆 = ∑ {𝑦𝑖 − (𝑎𝑥𝑖 + 𝑏)}
2𝑛

𝑖=1   (17) 
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In order to minimize 𝑆, equation (17) is partially differential between 𝑎 and 𝑏, and 

the result is set to 0.  

  
𝜕𝑆

𝜕𝑎
= −∑ 2𝑥𝑖

𝑛
𝑖=1 {𝑦𝑖 − (𝑎𝑥𝑖 + 𝑏)} = 0  (18) 

 
𝜕𝑆

𝜕𝑏
= −∑ 2𝑛

𝑖=1 {𝑦𝑖 − (𝑎𝑥𝑖 + 𝑏)} = 0     (19) 

It becomes. Furthermore, when equation (18) and equation (19) are rearranged into a 

matrix, equation (20) is obtained. 

 [
∑ 𝑥𝑖

2𝑛
𝑖=1 ∑ 𝑥𝑖

𝑛
𝑖=1

∑ 𝑥𝑖
𝑛
𝑖=1 𝑛

] [
𝑎
𝑏
] = [

∑ 𝑥𝑖𝑦𝑖
𝑛
𝑖=1

∑ 𝑦𝑖
𝑛
𝑖=1

]  
(20) 

Furthermore, 𝑎 and 𝑏 can be obtained by solving equation (20). 

In the case of polynomials, since this study used quadratic function, the function 

𝑦 = 𝑓(𝑥) is shown in equation (21). 

𝑦 = 𝑓(𝑥) = 𝑎𝑥2 + 𝑏𝑥 + 𝑐 (21) 

The sum of errors at this time is expressed by the following Equations. 

𝑆 = ∑ {𝑦𝑖 − (𝑎𝑥𝑖
2 + 𝑏𝑥𝑖 + 𝑐)}

2𝑛
𝑖=1   (22) 

In order to minimize 𝑆, equation (22) is partially differentiated by 𝑎,𝑏 and 𝑐, and 

the result equation is set to 0. 
𝜕𝑆

𝜕𝑎
= −∑ 2𝑥𝑖

2𝑛
𝑖=1 {𝑦𝑖 − (𝑎𝑥𝑖

2 + 𝑏𝑥𝑖 + 𝑐)} = 0  (23) 

𝜕𝑆

𝜕𝑏
= −∑ 2𝑥𝑖

𝑛
𝑖=1 {𝑦𝑖 − (𝑎𝑥𝑖

2 + 𝑏𝑥𝑖 + 𝑐)} = 0  (24) 

 

𝜕𝑆

𝜕𝑐
= −∑ 2𝑛

𝑖=1 {𝑦𝑖 − (𝑎𝑥𝑖
2 + 𝑏𝑥𝑖 + 𝑐)} = 0  (25) 

  

It becomes. Further, when equation (23), equation (24) and equation (25) are 

rearranged into a matrix, equation (26) is obtained. 

 

[

∑ 𝑥𝑖
4𝑛

𝑖=1 ∑ 𝑥𝑖
3𝑛

𝑖=1 ∑ 𝑥𝑖
2𝑛

𝑖=1

∑ 𝑥𝑖
3𝑛

𝑖=1 ∑ 𝑥𝑖
2𝑛

𝑖=1 ∑ 𝑥𝑖
𝑛
𝑖=1

∑ 𝑥𝑖
2𝑛

𝑖=1 ∑ 𝑥𝑖
𝑛
𝑖=1 𝑛

] [
𝑎
𝑏
𝑐
] = [

∑ 𝑥𝑖
2𝑦𝑖

𝑛
𝑖=1

∑ 𝑥𝑖𝑦𝑖
𝑛
𝑖=1

∑ 𝑦𝑖
𝑛
𝑖=1

]  

 

(26) 

 

Furthermore, 𝑎,𝑏 and 𝑐 can be obtained by solving equation (26). 
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5.   Modeling the model 

In our laboratory, we controlled DC brushless motors. Fig.2. shows the configuration  

of the controlled object. 

Fig.2: Motor model 

 

In Fig.2, 𝑣𝑖(𝑡) is the input voltage, 𝑖(𝑡) is the current, 𝑅 is the resistance, 𝐿 is the 

inductance, 𝑣𝑏(𝑡)  is the back electromotive force, and 𝐽  is the inertia. The 

relationship between input voltage, current, resistance, inductance, and back 

electromotive force is shown in equation (27). 

𝑅𝑖(𝑡) + 𝐿
𝑑𝑖(𝑡)

𝑑𝑡
= 𝑣𝑖(𝑡) − 𝑣𝑏(𝑡)  (27) 

 

The counter electromotive force 𝑣𝑏(𝑡) is shown in the equation (28). 

 𝑣𝑏(𝑡) = 𝐾𝑏
𝑑𝜃(𝑡)

𝑑𝑡
    (28) 

Since the back electromotive force constant 𝐾𝑏 is equal to the torque constant 𝐾𝜏, 

 𝑣𝑏(𝑡) = 𝐾𝜏
𝑑𝜃(𝑡)

𝑑𝑡
  (29) 

Further, the torque 𝜏(𝑡) acting on the rotational motion of the armature coil is 

expressed by the equation (30). 

𝜏(𝑡) = 𝐽
𝑑2𝜃(𝑡)

𝑑𝑡2
  

(30) 

Since the torque 𝜏(𝑡) is proportional to the current 𝑖(𝑡), it is shown in equation (31). 

𝜏(𝑡) = 𝐾𝜏𝑖(𝑡) (31) 

From the equations (30) and (31), the current 𝑖(𝑡) becomes the equation (32). 

  𝑖(𝑡) =
𝐽

𝐾𝜏

𝑑2𝜃(𝑡)

𝑑𝑡2
  

(32) 

The motor to be controlled has a smaller 𝐿 value than other parameters, so if the 𝐿 

value is 0, equation (33) is obtained. 

𝑅𝑖(𝑡) = 𝑣𝑖(𝑡) − 𝑣𝑏(𝑡) (33) 



107 
 

Substituting equation (29) and equation (32) into equation (33) yields equation (34). 

𝐽𝑅

𝐾𝜏

𝑑2𝜃(𝑡)

𝑑𝑡2
= 𝑣𝑖(𝑡) − 𝐾𝜏

𝑑𝜃(𝑡)

𝑑𝑡
   

(34) 

When Laplace transform is performed on both sides of equation (34), equation (35) is 

obtained. 

𝐽𝑅

𝐾𝜏
𝑠2 = 𝑣𝑖(𝑡) − 𝐾𝜏𝑠  

(35) 

Since the input to be controlled is a voltage and the output is an angle from equation 

(35), it is represented by equation (36) when represented by a transfer function. 

𝜃(𝑆)

𝑉𝑖(𝑆)
=

𝐾𝜏

𝐽𝑅𝑠2+𝐾𝜏
2𝑠

  
(36) 

When Equations (36) is subjected to inverse Laplace transform, equation (37) is 

obtained. 

�̈�(𝑡)𝐽𝑅 + �̇�(𝑡)𝐾𝜏
2 = 𝐾𝜏𝑣𝑖(𝑡) (37) 

Further, when expressed in the state space, the equation (38) is obtained. 

[
�̇�(𝑡)

�̈�(𝑡)
] = [

0 1

0 −
𝐾𝜏
2

𝐽𝑅

] [
𝜃(𝑡)

�̇�(𝑡)
] + [

0
𝐾𝜏

𝐽𝑅

] 𝑢(𝑡)    
 

(38) 

𝑢(𝑡) is 𝑣𝑖(𝑡). This is a state space differential equation to be controlled. 

Further, since the output is an angle from the transfer function, the output equation of 

the controlled object is shown in the equation (39). 

𝑦 = [1 0] [
𝜃(𝑡)

�̇�(𝑡)
]    

(39) 

The configuration of the simulation is the servo system shown in Fig.1 in 2. The state 

variable 𝒙(𝑡) shown in Fig.1 is shown in equation (40). 

𝒙(𝑡) = [
𝜃(𝑡)

�̇�(𝑡)
]  

(40) 

As describe in Section 2, since it is necessary to use an expanded system, the state 

space differential equation and output equation of the controlled object when used are 

shown in equation (41) and (42). 

[

�̇�(𝑡)

�̈�(𝑡)

�̇�(𝑡)

] = [

0 1 0

0 −
𝐾𝜏
2

𝐽𝑅
0

−1 0 0

] [

𝜃(𝑡)

�̇�(𝑡)

∫ 𝑒(𝜏)𝑑𝜏
𝑡

0

] + [

0
𝐾𝜏

𝐽𝑅

0

] 𝑢(𝑡) + [
0
0
1
] 𝑟𝑚(𝑡)  

 

(41) 

 

𝑦 = [1 0 0] [

𝜃(𝑡)

�̇�(𝑡)

∫ 𝑒(𝜏)𝑑𝜏
𝑡

0

]  

 

(42) 

 

TABLE1. shown the values of armature resistance 𝑅, torque constant 𝐾𝜏, and inertia 

𝐽 of the DC brushless motor to be controlled. 
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TABLE1. Parameters to be controlled 

Each parameter The value of the parameter 

Armature resistance  𝑅 12.4Ω 

Torque constant      𝐾𝜏  0.018Nm/A 

Inertia              𝐽  0.0225 × 10−5kg・m2 

 

Further, the weight 𝑸 for the state variable of equation (9) is as follows. 

𝑸 = [

𝑞1 0 0
0 𝑞2 0
0 0 𝑞3

]   
 

(44) 

The state feedback gain 𝒇  and the integral gain 𝑔  were obtained using the 

following equation (40) 

[𝒇 𝑔] = −𝑟−1𝒃𝑇𝑷 (45) 

 

6.  Simulation 

Analysis was performed using MATLAB. The parameters to be controlled are shown 

below using equation (1) and equation (2). 

𝑨 = [

0 1

0 −
𝐾𝜏

2

𝐽𝑅

]   𝒃 = [
0
𝐾𝜏
𝐽𝑅
]   𝒄 = [1 0] 

The target value was set to 𝑟𝑚 = 90 [deg], and deg was converted to rad. Then, it 

became the following value. 

𝑟𝑚 = 90 × (
𝜋

180
) = 1.57[𝑟𝑎𝑑] 

become. 

The weight 𝑞1 of the state variable shown in Equation (44) was changed from 100 to 

500, 𝑞2 was changed from 100 to 500, and 𝑞3 was changed from 100 to 500. Also, 

the input weight 𝑟 shown in Equation (9) was changed from 100 to 500.Furthermore, 

the basic sample time in MATLAB/Simulink is set to 0.0001, the solver is set to 

ode4(Rnuge-Kutta), and the simulation time is set to 10.0 (sec). 

 

7.   Simulation results 

This time, we approximate the relationship between angle 𝜃(𝑡), angular velocity �̇�(𝑡), 

integrated value 𝑤(𝑡), input voltage 𝑢(𝑡), state variable weights 𝑞1, 𝑞2, 𝑞3, and input 
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weight r And formulated. 

The integrated value of the angle 𝜃(𝑡), angular velocity �̇�(𝑡), and deviation 𝑤(𝑡) 

when the state variable weights 𝑞1, 𝑞2, 𝑞3 are from 100 to 500 and the input weight 

r is from 100 to 500 Then, the value of the input voltage 𝑢(𝑡) was taken, and further, 

the values of 𝑎, 𝑏, and 𝑐 were solved using the Equations (21) and (22), and the 

approximate equation of the linear function and the quadratic function was obtained. 

Fig. 3 shows the case where the weight 𝑀 is set from 100 to 500, the angle 𝜃(𝑡), the 

angular velocity �̇�(𝑡), the deviation integrated value 𝑤(𝑡), and the input voltage 𝑢(𝑡) 

are linearized. (a) to (d). In addition, when the angle 𝜃(𝑡), the angular velocity �̇�(𝑡), 

the integrated value 𝑤(𝑡) of the deviation, and the input voltage 𝑢(𝑡) are quadratic 

function (a) to (d) in Fig. 4 Shown in 

 

             (a)Angle                  (b) Angular velocity 

 

          (c) Integral value                   (d) Input voltage   

                    Fig.3: For linear function 
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(a)Angle                  (b) Angular velocity 

 

(c) Integral value               (d) Input voltage   

Fig.4: For quadratic function 

 

Comparing Fig.3 and Fig.4, in the case of angle, when the weight M is 𝑞1, 𝑞2, 𝑞3, it 

becomes a straight line of a linear function and a curve of a quadratic function, but 

when the weight M is r, Even if the weight was changed, it became almost constant. 

In the case of the angular velocity, when the weight 𝑀 is 𝑞1, 𝑞2, and 𝑞3, a straight 

line of a linear function and a curve of a quadratic function are obtained, but when the 

weight M is r, the weight is almost constant even if the weight is changed. In the case 

of a value obtained by integrating the deviation, when the weight 𝑀 is 𝑞1, 𝑞2, and 

𝑞3, a straight line of a linear function and a curve of a quadratic function are obtained. 

It became constant. In the case of the input voltage, when the weight 𝑀 is 𝑞1, 𝑞2, 𝑞3, 

it becomes a straight line of a linear function and a curve of a quadratic function, but 

when the weight M is r, it becomes almost constant even if the weight is changed. 

From the above results, when the weight 𝑀 is 𝑞1, 𝑞2, and 𝑞3, when approximated 

by a straight line, an approximate expression of the straight line was obtained. Further, 

when approximated by a curve of a quadratic function, an approximate expression of 

a curve of a quadratic function was made. On the other hand, when the weight 𝑀 

was r, it remained almost constant even when the weight was changed. 
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In the case of a value obtained by integrating an angle, an angular velocity, a 

deviation, and an input voltage when the weight 𝑀 is r, linear function expression 

and curve of quadratic function are shown below. 

𝜃 = 1.3538 × 10−9𝑟 + 1.5698 (46) 

𝜃 = 1.5063 × 10−13𝑟2 + 1.2635 × 10−9𝑟 + 1.5698 (47) 

𝜃′ = −9.5372 × 10−10𝑟 + 3.8922 × 10−4      (48) 

𝜃′ = −7.5653 × 10−14𝑟2 − 9.0833 × 10−10𝑟 + 3.8921 × 10−4    (49) 

𝑤 = −1.8220 × 10−6𝑟 + 2.8683 (50) 

    𝑤 = 2.0252 × 10−8𝑟2 − 1.3973 × 10−5𝑟 + 2.8697 (51) 

𝑤 = 2.0252 × 10−8𝑟2 − 1.3973 × 10−5𝑟 + 2.8697 (52) 

𝑢 = −1.7082 × 10−11𝑟 + 6.9833 × 10−6 (53) 

From the above formula, the constant with the variable 𝑟 is close to 0, so it seems 

that the graphs are as shown in Fig.3 and Fig.4. 

 

              8.   Conclusion 

In this study, by using the least square method, the weights Q and R of the quadratic 

evaluation function to be controlled are state variables, and the relation with the 

control input is approximated to a linear function and a quadratic function by a 

database. Formulated. 

In this time, the relationship between the angle, the angular velocity, the deviation, 

the input voltage, the weight of the state variable, and the input weight were 

formulated by the method of least squares. As a result, when the weights were 𝑞1, 𝑞2, 

and 𝑞3, a straight line of a linear function and a curve of a quadratic function were 

obtained, but when the weight was 𝑟, neither became. As described in 7., the constant 

with the variable 𝑟 was almost zero, so it did not become a straight line of a linear 

function and a curve of a quadratic function. 

In the future, use actual equipment to check whether it will be as simulated. 
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Abstract 

In recent years, with the prediction of Moore's law slowing down, utilization of 

hardware other than CPU such as FPGA which is energy effective is increasing. 

However, when using heterogeneous hardware other than CPUs, barriers of technical 

skills such as OpenCL are high. Based on that, I have proposed environment adaptive 

software that enables automatic conversion, configuration, and high-performance 

operation of once written code, according to the hardware to be placed. Partly of the 

offloading to the GPU was automated previously. In this paper, I propose and 

evaluate an automatic extraction method of appropriate offload target loop statements 

of source code as the first step of offloading to FPGA. I evaluate the effectiveness of 

the proposed method using existing applications. 

 

Keywords: Environment Adaptive Software, FPGA, Automatic Offloading, Power 

Efficiency 

 

1. Introduction 

Recently, it is said that Moore's Law will slow down and CPU's semiconductor 

density cannot be expected to double in 1.5 years. Based on this background, 

applications with hardware such as FPGA (Field Programmable Gate Array) or GPU 

(Graphics Processing Unit) are increased. In particular, FPGA has better power 

efficiency than CPU, and it is expected to reduce power consumption by using FPGA. 

For example, Microsoft's search engine Bing tries to use FPGA [1] to improve search 

effectivity and Data Center energy consumption. Amazon AWS (Amazon Web 

Services) [2] provides FPGA and GPU instances using Cloud technologies (e.g., 

[3]-[13]). 

However, to obtain high performances using non-CPU hardware appropriately, 

programmers need to program and configure considering hardware specification and 

need to use expert skills such as OpenCL (Open Computing Language) [14] and 

CUDA (Compute Unified Device Architecture) [15]. These barriers are high for many 

programmers.  
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Along with the progress of IoT (Internet of Things) technology (e.g., Industrie 4.0 

and so on [16]-[20]), IoT devices are increasing rapidly, and many IoT applications 

are developed using service coordination technologies such as [21]-[30]. 

In summary of backgrounds, systems with heterogeneous hardware such as FPGA, 

GPU and many IoT devices are expected to increase more and more, however 

barriers are high to utilize heterogeneous hardware effectively. In order to remove 

these barriers and utilize heterogeneous hardware easily and effectively, the platform 

that developers only write logics to be processed, then software will adapt to the 

deployed environments with heterogeneous hardware by converting, configuring 

automatically is expected, I think. 

Because Java [31] is insufficient for environment adaptation with performances, I 

have proposed environment adaptive software which execute once written 

applications with high performance by automatic code conversion and configurations 

so that FPGA, GPU, IoT devices or others can be used on deployed environments 

appropriately. As elementary technology of environment adaptive software, I have 

also achieved automatic GPU offloading of some applications software [32][33]. In 

this paper, I propose a method for automatic offloading of appropriate loop 

statements of application software as the first step of offloading to FPGA, which is 

energy effective compared to CPU. I implement the proposed method and evaluate 

the effectiveness of FPGA offloading using existing applications. 

 

2. Existing Technologies 

To control heterogeneous hardware such as FPGAs, many core CPUs and GPUs 

uniformly, OpenCL specification are appeared and its SDK (e.g., [34][35]) are spread. 

For GPGPU (General Purpose GPU) that uses GPU parallel computation power not 

only for graphics processing (e.g., [36]) but also for other purposes, CUDA is a major 

environment. OpenCL and CUDA need not only C language extension grammars but 

also additional hardware oriented descriptions such as memory copy between FPGA 

devices and CPUs. Because of these difficulties, there are few OpenCL or CUDA 

programmers. 

Comparing to OpenCL, for easy using of heterogeneous hardware, there are 

technologies that specify parallel processing areas by specified directives and 

compilers convert these codes into device oriented codes based on specified directive 

meanings. In terms of directive-based specifications, OpenACC [37] is one example, 

and in terms of directive-based compilers, PGI compiler [38] is one example. For 

example, users specify OpenACC directive "#pragma acc kernels" on Fortran/C/C++ 

codes to process them in parallel, and the PGI compiler checks the parallel processing 

possibility, outputs and deploys binary files to execute on CPUs and GPUs. For Java, 
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IBM JDK supports GPU offloading based on Java lambda expression [39]. 

In this way, OpenCL, CUDA, OpenACC and other technologies enables FPGA or 

GPU offload processing itself. However, although processing on FPGA or GPU can 

be performed, high performance is difficult to achieve. For example, there are 

automatic parallelization technologies like the Intel compiler [40] for many core CPU. 

Those extract possible areas of parallel processing such as for and while loop 

statements. However, naive parallel processing performances with FPGAs or GPUs 

are not high because of overheads of CPU and FPGA/GPU devices memory data 

transfer. To achieve high performances with FPGA/GPU, high skill programmers 

need to tune using OpenCL/CUDA or appropriate offloading areas  

 

Fig. 1: Flow of environment adaptive software need to be searched for.  

 

3. Proposal of Automatic FPGA Offloading for Loop Statements 

3.1 Flow of environment adaptive software 

To achieve software adaptation to the environment, I have proposed the following 

processing flow of environment adaptive software (Figure 1). The environment 

adaptive software is executed in cooperation with functions including an environment 

adaptation function which is a main function, a verification environment, a 

production environment, a test case DB (using Jenkins, etc [41][42]), a code pattern 

DB, a facility resource DB. 

 

3.2 Consideration points for automatic FPGA offloading 

For code analysis in Step 1, parse and analyzation of application code is executed 

using a parsing tool such as Clang [43]. Code analysis is hard to generalize because it 

is necessary to analyze considering devices to be offloaded. However, in analyzing 

step, it is necessary to grasp the structure of the source code such as loop statements, 

reference relations with the variables and grasp function blocks of specified 
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processing or calling a specified function library such as FFT processing in common. 

It is very difficult for machine to detect function blocks automatically, I will use 

similarity detection tools such as Deckard to judge code similarity. In addition, Clang 

is a tool for C/C++, it is needed to choose a tool suited to the language to be parsed. 

In Step 2-3, it is necessary to consider processing according to the offload destination, 

such as FPGA, GPU and IoT GW, it is assumed that processing functions are plugged 

in for each offloading destination. In general, regarding to performances, it is difficult 

to automatically detect the configuration that will be the maximum performance at 

one time, thus we repeatedly try the offload patterns in the verification environment 

several times to detect an appropriate offload pattern by an evolutionary computation 

method. Regarding to GPU, I achieved automatic offloading for some applications in 

the previous work [32]. Therefore, this paper studies FPGA offloading of application 

software. 

Applications that users want to offload are various. However, typical processing that 

require a lot of computation time are many number of loops such as image analysis 

([44][45]) for movie processing, machine learning processing for analyzing sensor 

data, or so on. Therefore, in this paper, first target to FPGA offloading is also loop 

statements. 

For GPU offloading, OpenACC only specify #pragma acc kernels directive so that 

specified loop statements can be executed on GPU or CUDA can describe more detail 

control. To control FPGA, OpenCL can describe detail control like CUDA and High 

Level Synthesis (HLS) tools can specify more abstract control like OpenACC. 

Regarding to OpenCL, 10 steps descriptions are needed. "Prepare devices, Prepare 

kernels, Allocate devices memory, Transfer data from hosts to devices, Configure 

variables of kernel functions, Execute kernel functions, Transfer data from devices to 

hosts, Release devices memory, Release kernels, Release other objects such as 

devices".  

To extract appropriate offloading areas from general CPU programs automatically, 

my previous work of [32] firstly checks all loop statements to determine whether they 

can be processed or not and secondly executes performance verifications repeatedly 

in the verification environment using Genetic Algorithm (GA) [46] for processable 

loop statements to search for the appropriate offload pattern. However, code 

compiling to FPGA takes several hours in general, and performance measurements of 

many patterns like [32] are difficult. Therefore, it is assumed that the number of 

performance measurement will be reduced after narrowing down the pattern for 

performance measurement with actual FPGA. 
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3.3 Automatic FPGA offloading method 

The method firstly parses source codes to be offloaded. It understands the loop 

statements and variables information according to the language of the source codes. 

Next, a process to narrow down candidates is performed for whether or not to try 

FPGA offloading for the loop statements. Arithmetic intensity can be a one indicator 

of whether a loop statement has an offload effect. Arithmetic intensity is an index that 

increases when the number of loops and the amount of data are large, and decreases 

when the number of accesses is large. Processing with high arithmetic intensity is a 

heavy processing for the processor and takes time. Therefore, an arithmetic intensity 

analysis tool analyzes the arithmetic intensity of the loop statement and narrows 

down the high intensity loop statements for offloading candidates. 

Even if it is a high intensity loop statement, it is a problem that it consumes FPGA 

resources excessively when it is processed on FPGA. Therefore, we move on to 

estimating the amount of resources when processing high intensity loop statements on 

FPGA. When compiling to FPGA, it is converted from a high level language such as 

OpenCL to a hardware level language such as HDL, and actual wiring processing is 

performed based on hardware level language. At this time, wiring processing and so 

on take a lot of time, but it takes only a minute until to extract HDL as the 

intermediate state. Since resources such as Flip Flop and Look Up Table used in 

FPGA can be estimated at the HDL level, the amount of resources used can be known 

in a short time even if compiling is not completed. Since the target loop statement is 

converted into a high level language such as OpenCL and the resource amount is 

calculated from the OpenCL, the arithmetic intensity and resource amount when the 

loop is offloaded are determined. In this method, the loop statements with high 

resource efficiency are further narrowed down as offload candidates. High resource 

efficiency means (arithmetic intensity/resource amount) is high. 

Here, two processes are required to make a loop statement into a high level language 

such as OpenCL. One is to divide a CPU processing program into a kernel (FPGA) 

program and a host (CPU) program based on the syntax of a high level language. The 

other is to include techniques for speeding up for loop statements. In general, there 

are techniques for speeding up using FPGA such as local memory cache, stream 

processing, multiple instantiation, loop statement expansion, integration of nested 

loop statements, memory interleaving and so on. Depending on the loop statement, 

these may not have an absolute effect, but are often used as methods for speeding up. 

Next, because some loop statements with high resource efficiency are selected, plural 

offloading patterns that measure the performances using these loop statements are 

generated. There are types of speed up in FPGA, one type of processing speeds up by 

concentrating the amount of FPGA resources to one process, and the other is the 
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speedup by distributing FPGA resources to multiple processes. The method generates 

patterns for the selected single-loop statements, compiles them to run on FPGA, and 

measures the performances. Then, the method generates combination patterns for the 

single loop statements that can be accelerated, 

 

Fig. 2: FPGA offloading method of loop statements 

and measures the performance in the same way. 

Finally, a high-speed pattern is selected as the solution among the multiple patterns 

whose performance has been measured in the verification environment. 

In this way, the method focuses on loop statements with high calculation density and 

resource efficiency, creates offloading patterns, and searches for patterns at high 

speed through actual measurements in the verification environment (Figure 2). 

 

4. Implementation 

In this section, I explain the implementation of the proposed method. To confirm the 

method effectiveness, we use C/C++ language applications for offloading 

applications and Intel PAC with Intel Arria10 GX FPGA for FPGA.  

To control FPGA, we use Intel Acceleration Stack Version 1.2 (Intel FPGA SDK for 

OpenCL 17.1.1，Quartus Prime Version 17.1.1). 

Here, I explain the outline of the implementation. We implement the implementation 

by Python 2.7.  

When a C/C++ application is specified, the implementation analyzes C/C++ code, 

detects "for" loop statements and understand the program structure such as variables 

data used in the "for" statements. For parsing, our python program uses parsing 

libraries of LLVM/Clang 6.0 libClang python binding. 

Next, the implementation executes the arithmetic intensity analysis tool to judge the 

possibility of the FPGA offloading effect of each loop statement, and obtains an index 

of arithmetic intensity determined by the number of loops, data size, number of 
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accesses and so on. Only the number of top A loop statements with the highest 

arithmetic intensity are targeted. PGI compiler 19.4 is used for arithmetic intensity 

analysis. Although the PGI compiler is a GPU compiler, it can be used for arithmetic 

intensity analysis, so only the arithmetic intensity analysis part is used. To count loop 

number, we also can use gcov [47] or gprof. 

The implementation then generates FPGA offloading OpenCL code for each loop 

statement with high arithmetic intensity. The OpenCL code is divided into the loop 

statement as an FPGA kernel and the rest as a CPU host program. When the FPGA 

kernel code is generated, the loop sentence is expanded by number B as a speed-up 

technique. The loop statement expansion process increases the amount of resources, 

but is effective for speeding up. The number of expansions is limited to a fixed 

number B, and the amount of resources does not become enormous. 

The implementation then pre-compiles the A OpenCL codes using the Intel FPGA 

SDK for OpenCL, and calculates the amount of resources such as Flip Flop and Look 

Up Table to be used. The amount of resources used is displayed as a percentage of the 

total resource amount. Here, the resource efficiency of each loop statement is 

calculated from the arithmetic intensity and resource amount. For example, a loop 

statement with an arithmetic intensity of 10 and a resource amount of 0.5 has a 

resource efficiency of 10/0.5=20, a loop statement with a arithmetic intensity of 3 and 

a resource amount of 0.3 has a resource efficiency of 3/0.3=10, and the former is high. 

In loop statements, the implementation selects C OpenCL codes with high resource 

efficiency. 

Next, the implementation generated patterns to be measured using selected C loop 

statements as candidates. For example, if the first, third and fifth loops are highly 

resource efficiency, the implementation generates and compiles an OpenCL patterns 

with #1 offloaded, #3 offloaded, and #5 offloaded. In the first measurement, the 

implementation generates patterns within D and conducts performance measurements 

on a server with FPGA in the verification environment. For performance 

measurement, the sample processing specified by the application to be accelerated is 

performed. For example, in the case of an application of Fourier transform, the 

performance is measured using the transform processing with sample data as a 

benchmark. Among them, if #1 and #3 offloading can be accelerated, the 

implementation generates a pattern with both #1 and #3 offloaded in the second 

measurement. Note that when generating a combination of single loop, the amount of 

resources is also a combination, so if it does not fit within the upper limit, the 

combination pattern is not generated.  

The implementation finally selects the maximum performance pattern from plural 

measured patterns. 
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5. Evaluation 

5.1 Evaluation method 

5.1.1 Evaluated applications 

I evaluate signal processing of time domain finite impulse response filter. 

Time domain finite impulse response filter is a type of filter that performs processing 

in a finite time on the output when an impulse function is input to the system. There 

are various implementations. Among them, I use [48]’s C code and also use sample 

tests with it for performance measurement. When considering applications that 

transfer signal data from IoT devices over the network, to reduce network costs, it is 

assumed that signal processing such as filters are conducted devices sides. For this, 

the automatic FPGA offloading of signal processing has a wide range of applications, 

I think. 

MRI-Q [49] processes MRI (Magnetic Resonance Imaging) 3D images. In an IoT 

environment, image processing is often necessary for automatic monitoring from 

camera videos and performance enhancements are requested in many cases.  

5.1.2 Experiment conditions 

For automatic FPGA offloading, we do not conduct many performance measurements 

like previous automatic GPU offloading study [32]. In the verification, the 

performance measurement results of the sample tests with multiple offload patterns in 

the verification environment are recorded together with the intermediate information 

such as arithmetic intensity, resource efficiency, HDL related information during 

compilation and so on. Through performance measurement, the highest performance 

pattern is the search solution, and the performance of the solution is evaluated as 

compared to performances of all CPU processing. 

Conditions of experiments are as follows. 

Offloading target number: Number of loop statements. 36 for time domain finite 

impulse response filter. 16 for MRI-Q. 

Narrow down of arithmetic intensity: Narrow down to the top five loop statements of 

arithmetic intensity. 

Number of loop statement expansions: 1. Expansion processing and multiple 

instantiations can often be accelerated as the amount of resources is used. Thus, in 

this verification, I confirm the effect of FPGA offloading with OpenCL without 

expansions. 

Narrow down of resource efficiency: Narrow down to the top three loop statements in 

resource efficiency analysis. The implementation selects top three loop statements 

with high (arithmetic intensity / resource amount). 

Number of measured offload patterns: 4. First time, the top three loop statement 
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offload patterns were measured, and the second time was measured with the 

combination pattern of two loop statement offloads that were high performance at the 

first time. 

5.1.3 Experiment environment 

I use physical machines with Intel PAC with Intel Arria10 GX FPGA for FPGA 

offloading verifications. I use Intel Acceleration Stack Version 1.2 for FPGA control. 

Figure 3 shows an experiment environment and environment specifications. Here, a 

client note PC specifies C/C++ application codes, codes are tuned with try and error 

on a verification machine, and final codes are deployed in a running environment for 

users after tuning.   

 

5.2 Performance results 

As an application where manual acceleration is often performed on FPGA, we 

confirmed automatic accelerations of time domain finite impulse response filter. 

Figure 4 shows the measurement results of how much performance has been 

improved by the proposed method implementation of automatic FPGA offloading. 

Figure 4 shows how many times the performance of the final solution is higher than 

the performances of all CPU processing. From Figure 4, it can be seen that the 

proposed method achieves 4.0 times performance for the time domain finite impulse 

response filter. It can be also seen that the proposed method achieves 7.1 times 

performance for the MRI-Q. As for the automation time, it takes about half day to 

automatically verifications of 4 patterns because it takes about 3  

 

Fig. 3: Experiment environment 

 

Verification

machine

CPU FPGA

Intel Acceleration 

Stack

Running 

environment

Client

C/C++ 

code
C/C++ 

code

CPU FPGA

Intel Acceleration 

Stack

Name Hardware CPU RAM FPGA OS
Intel Acceleration 

Stack

Verification 
machine

Dell PowerEdge 
R740

Intel Xeon Bronze 
3104

32GB*2
Intel PAC with Intel 
Arria10 GX FPGA

CentOS 7.4 1.2

Running 
environment

Dell PowerEdge 
R740

Intel Xeon Bronze 
3104

32GB*2
Intel PAC with Intel 
Arria10 GX FPGA

CentOS 7.4 1.2

Client
HP ProBook 470 

G3
Intel Core i5-

6200U @2.3GHz
8GB

Windows 7
Professional



122 
 

 

Fig. 4: Performance improvement of proposed automatic FPGA offloading method 

hours to compile one offload pattern. 

 

6. Conclusion 

As an elementary technology of the environment adaptive software, in this paper, I 

proposed and evaluated automatic FPGA offloading method for loop statements of 

software codes. It is often said that FPGA is energy effective than CPU. 

The proposed automatic FPGA offloading method is the same as the GPU offloading 

method [32] until loop statement detection by analyzing the source code. However, it 

takes a long time to compile to the actual FPGA. In order to cope with the long time 

compile, the loop statements of offloading candidates are narrowed down before the 

actual measurement trials are performed. For the detected loop statements, a loop 

statement having a high arithmetic intensity is extracted using an arithmetic intensity 

analysis tool. Then, pre-compile is performed to conduct FPGA offloading such as 

expansion processing for loop statements with high arithmetic intensity. This finds a 

loop statement with high resource efficiency and high arithmetic intensity. For the 

narrowed-down loop statements, our method generates OpenCL codes that offload 

each loop statement or the combination of those loop statements, compiles them on 

the FPGA, measures the performances and selects high performance OpenCL code as 

the solution. 
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Abstract 

This work studies the resource allocation problem for maximizing the total utility of 

the tasks. We consider a set of homogeneous servers, where each server has 𝐶 

amount of resources. We also have a set of tasks. Each task is characterized by a 

utility function. The goal is to assign the tasks to the servers such that maximizes the 

total utility. Lai et al. propose an approximation algorithm with ratio of 2(√2 − 1) 

for divisible resources. When thread only executed on an integer number of resources, 

this work considers the indivisible resources allocation problem and demonstrates the 

proposed algorithm yields ratio of 2(√2 − 1)(1 − 1/𝐶) + 1/𝐶. 

 

Keywords: Approximation algorithms, scheduling, resource allocation, malleable 

tasks 

 

1. Introduction 

Distributed systems with a large number of resources are widely used for processing 

jobs. A well resource allocation can improve the utility of distributed system. The 

classic problem only considers on resource allocation for a single server [1-4]. This 

assign and allocate problem considers 𝑛  threads 𝑡1⋯𝑡𝑛  and a set of 𝑚 

homogeneous servers 𝑠1⋯𝑠𝑚 in which each server has 𝐶 amount of resources (i.e. 

thread, memory and cache). Each thread is assigned to a server, and then the 

resources are allocated to the threads. Each thread is characterized by a utility 

function. The goal is to assign the threads to the servers such that maximizes the total 

utility. 

 

The assign and allocate problem is related to multiple knapsack problems and 

multiple-choice knapsack problems. The multiple knapsack problem is a 

generalization of the standard knapsack problem from a single knapsack to 𝑚 

knapsacks with different capacities. The objective is to assign each item to at most 

one of the knapsacks such that none of the capacity constraints are violated and the 

total profit of the items put into knapsacks is maximized [5]. Many studies have 
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addressed both problems. Neebe and Dannenbring [6] designed a branch-and bound 

algorithm. Chekuri and Khanna [7] proposed a PTAS. Kellerer et al. [8] designed a 

greedy algorithm for the multiple-choice knapsack problems. Lawler [9] designed a 

1 − ε approximate algorithm, and Gens and Levner [10] proposed a 4/5 approximate 

algorithm. 

 

The assign and allocate problem can be considered as the thread assignment and 

resource allocation problems. The resource allocation problem deals with dividing the 

resources on a single server for a given set of threads. Many studies have proposed on 

resource allocation [1-4]. The thread assignment problem deals with assigning the 

server to each thread in which each thread requests a fixed amount of resource. Many 

studies have addressed this problem [11-14]. In the assign and allocate problem, Lai 

et al. [15] propose an approximation algorithm with ratio of 2(√2 − 1) for divisible 

resources. When thread only executed on an integer number of resources, this work 

proposes an algorithm yields ratio of 2(√2 − 1)(1 − 1/𝐶) + 1/𝐶. 

 

2. Assumptions and Notations 

This work considers 𝑛  threads 𝑡1⋯𝑡𝑛  and a set of 𝑚  homogeneous servers 

𝑠1⋯𝑠𝑚 in which each server has 𝐶 amount of resources. Let 𝑆 and 𝑇 be the set 

of servers and threads, respectively. Each thread 𝑡𝑖 can be executed on any integer 

number 𝑙 ∈ {1,2,⋯𝐶}  of resources, and the corresponding discrete positive 

performance is 𝑓𝑖: [0, 𝐶] → ℝ>0. We have the following assumption. 

 

Assumption 1. The utility function 𝑓𝑖 is non-negative, non-decreasing and concave. 

 

The goal is to assign the threads to the servers in a way that respects the resource 

bounds and maximizes the total utility. We use a vector [(𝑟1, 𝑐1),⋯ (𝑟𝑛, 𝑐𝑛)] to 

represent an assignment, indicating that each thread 𝑡𝑖 is allocated 𝑐𝑖 amount of 

resource on server 𝑠𝑟𝑖. Let 𝑆𝑗 = {𝑖|𝑟𝑖 = 𝑗} be the set of threads assigned to server 𝑠𝑗. 

For all 1 ≤ j ≤ m, the number of allocated resources in 𝑠𝑗 is at most 𝐶 resources, 

that is ∑ 𝑐𝑖𝑖∈𝑆𝑗
≤ 𝐶 . The total utility of an assignment is ∑ ∑ 𝑓𝑖(𝑐𝑖)𝑖∈𝑆𝑗

𝑚
𝑗=1 =

∑ 𝑓𝑖(𝑐𝑖)𝑖∈T . The AA (assign and allocate) problem asks for a maximum total utility 

assignment. 

 

Proposition 2.1. Given 𝑎1, ⋯ , 𝑎𝑛 > 0, we have (∑ 𝑎𝑖
𝑛
𝑖=1 )(∑ 1/𝑎𝑖

𝑛
𝑖=1 ) ≥ 𝑛2. 

 

Proposition 2.2. Given 𝑎1 ≥ 𝑎2 ≥ ⋯ ≥ 𝑎𝑛  and 𝑏1 ≥ 𝑏2 ≥ ⋯ ≥ 𝑏𝑛 , we have 

∑ 𝑎𝑖𝑏𝑖
𝑛
𝑖=1 ≥

1

𝑛
(∑ 𝑎𝑖

𝑛
𝑖=1 )(∑ 𝑏𝑖

𝑛
𝑖=1 ). 
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3. The Previous Algorithm 

Definition 1. 

[15] Given an AA problem 𝐴 with 𝑚 servers each with 𝐶 amount of resources, 

and 𝑛 threads with utility functions 𝑓1⋯𝑓𝑛, a super-optimal allocation for 𝐴 is a 

set of values �̂�1⋯ �̂�𝑛 that maximizes the quantity ∑ 𝑓𝑖(�̂�𝑖)
𝑛
𝑖=1 , subject to ∑ �̂�𝑖 ≤

𝑛
𝑖=1

𝑚𝐶. Call ∑ 𝑓𝑖(�̂�𝑖)
𝑛
𝑖=1  the super-optimal utility for 𝐴. 

 

Since ∑ 𝑐𝑖 ≤ 𝑚𝐶𝑛
𝑖=1  for any valid assignment [(𝑟1, 𝑐1),⋯ (𝑟𝑛, 𝑐𝑛)], the utility of the 

assignment ∑ 𝑓𝑖(𝑐𝑖)
𝑛
𝑖=1  is at most the super-optimal utility of 𝐴. Let 𝐹∗ and �̂� be 

𝐴's maximum utility and super-optimal utility, respectively. We have the following 

lemma. 

 

Lemma 3.1. 𝐹∗ ≤ �̂� 

 

For finding an α-approximate solution to 𝐴, it suffices to find an assignment with 

total utility at least α�̂�. Since functions 𝑓𝑖 are nondecreasing, we have the following 

lemma. 

 

Lemma 3.2. ∑ �̂�𝑖 = 𝑚𝐶
𝑛
𝑖=1 $. 

The gain functions 𝑔1, ⋯ , 𝑔𝑛 are defined by 

𝑔𝑖(𝑥) = {
𝑓𝑖(�̂�𝑖)

𝑥

�̂�𝑖
, 𝑖𝑓 𝑥 < �̂�𝑖;

𝑓𝑖(�̂�𝑖), 𝑜𝑡ℎ𝑒𝑟𝑤𝑖𝑠𝑒
 (1) 

 

4. Approximation Algorithm 

This section presents an algorithm to find an assignment with total utility at least 

2(√2 − 1)(1 − 1/𝐶) + 1/𝐶 times the optimal. The algorithm uses a integer linear 

programming (2) to obtain a super-optimal allocation �̂�1,⋯ , �̂�𝑛. 

Max ∑ 𝑓𝑖(𝑐𝑖)𝑖

s. t. ∑ 𝑐𝑖 ≤ 𝑚𝐶𝑛
𝑖=1

𝑐𝑖 ∈ [0,1,⋯𝐶], ∀𝑖

  (2) 

This work then transforms the utility functions into a gain function consisting of two 

linear segments. The gain functions 𝑔1, ⋯ , 𝑔𝑛 are defined by 

𝑔𝑖(𝑥) =

{
 

 𝑓𝑖(�̂�𝑖) (
𝑥

�̂�𝑖
−
1

�̂�𝑖
) , 𝑖𝑓 𝑥 < �̂�𝑖;

𝑓𝑖(�̂�𝑖) (1 −
1

�̂�𝑖
) , 𝑜𝑡ℎ𝑒𝑟𝑤𝑖𝑠𝑒

 (3) 
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The pseudocode is given in Algorithm 1. The input is a super-optimal allocation 

[�̂�1, ⋯ , �̂�𝑛] for 𝐴 and the resulting gain function 𝑔1, ⋯ , 𝑔𝑛 as defined in Equation 

(3). Let 𝐶𝑗  be the amount of resource left on server 𝑗 , and 𝑅  be the set of 

unassigned threads. For each loop, 𝑈 is the set of pairs such that the server has 

enough resource for the thread's super-optimal allocation. If 𝑈 is not empty, the 

algorithm finds a thread in 𝑈  with the greatest gain using its super-optimal 

allocation. Otherwise, the algorithm finds a thread that can obtain the greatest gain 

using the remaining resources of any server. The loop continues until all threads have 

been assigned. 

 
 

5. Analysis of the Approximation Algorithm 

This section analyses the approximation ratio of the assignment produced by 

Algorithm 1. The set of threads, whose allocation in Algorithm 1 equals its 

super-optimal allocation, is denoted by 𝐷 = {𝑖 ∈ 𝑇|𝑐𝑖 = �̂�𝑖}. Let 𝐸 = 𝑇 − 𝐷 be the 

remaining threads. 

 

Lemma 5.1. At most one thread from 𝐸 is assigned to any server. 

Proof: Assume 𝑡𝑎, 𝑡𝑏 ∈ 𝐸 are assigned to a server 𝑠𝑘, and 𝑡𝑎 was assigned 

before 𝑡𝑏. Let 𝑆𝑗 be the set of threads assigned to a server 𝑠𝑗. Since 𝑡𝑎 ∈ 𝐸 and 

∑ 𝑐𝑖𝑖∈𝑆𝑘 = 𝐶 , 𝑡𝑎  was allocated all of 𝑠𝑘 's remaining resources. We also have 

∑ 𝑐𝑖𝑖∈𝑆𝑗
= 𝐶 for any j ≠ k. Otherwise, 𝑠𝑗 has more remaining resources than 𝑠𝑘 if 

∑ 𝑐𝑖𝑖∈𝑆𝑗
= 𝐶 for any j ≠ k. Then, 𝑡𝑏 would be assigned to 𝑠𝑗 instead of 𝑠𝑘 since 
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it can obtain more utility. Thus, we have that ∑ 𝑐𝑖𝑖∈𝑇 = ∑ ∑ 𝑐𝑖𝑖∈𝑆𝑗
𝑚
𝑗=1 = 𝑚𝐶. Since 

𝑐𝑖 ≤ �̂�𝑖 for all 𝑡𝑖 ∈ 𝑇, 𝑐𝑎 < �̂�𝑎 and 𝑐𝑏 < �̂�𝑏, ∑ �̂�𝑖𝑖∈𝑇 > ∑ 𝑐𝑖𝑖∈𝑇 ≥ 𝑚𝐶, which is in a 

contradiction that ∑ �̂�𝑖𝑖∈𝑇 = 𝑚𝐶. 

 

Lemma 5.2. |𝐸| ≤ 𝑚 − 1. 

Proof: According to Lemma 5.1, we know that |𝐸| ≤ 𝑚. Thus, we only need to 

show |𝐸| ≠ 𝑚. Assume|𝐸| = 𝑚. According to Lemma 5.1, there is a thread 𝑡𝑎 ∈ 𝐸 

assigned to 𝑠𝑘 for each server 𝑠𝑘. Since 𝑡𝑎 receives all of 𝑠𝑘 's remaining resources, 

∑ 𝑐𝑖𝑖∈𝑆𝑘 = 𝐶. Then, we have ∑ 𝑐𝑖𝑖∈𝑇 = 𝑚𝐶 since |𝐸| = 𝑚. Since 𝑐𝑎 < �̂�𝑎 for all 

𝑡𝑎 ∈ 𝐸, and 𝑐𝑖 ≤ �̂�𝑖 for all 𝑡𝑖 ∈ 𝑇, we have ∑ �̂�𝑖𝑖∈𝑇 > ∑ 𝑐𝑖𝑖∈𝑇 = 𝑚𝐶, which is in a 

contradiction that ∑ �̂�𝑖𝑖∈𝑇 = 𝑚𝐶.  

 

Lemma 5.3. ∑ (𝑐𝑖 − 1)𝑖∈𝐸 ≥
|𝐸|

𝑚
∑ (�̂�𝑖 − 1)𝑖∈𝐸 . 

Proof: Let 𝑈 = {𝑗 ∈ 𝑆|𝑆𝑗 ⊆ 𝐷} be the set of servers containing only full threads 

and let 𝑉 = 𝑆 − 𝑈 be the servers containing some unfull threads. Let 𝐶𝑗 = 𝐶 =

∑ 𝑐𝑖𝑖∈𝑆𝑗
 be the amount of unused resources on a server. We have 𝐶𝑗 = 0 for all 

j ∈ V since all the remaining resources on 𝑠𝑗 was allocated to the unfull thread in 𝑆𝑗. 

Therefore, we have ∑ 𝑐𝑖𝑖∈𝑇 = 𝑚𝐶 − ∑ 𝐶𝑗𝑗∈𝑈 . 

 

We have ∑ 𝑐𝑖𝑖∈𝑇 = ∑ �̂�𝑖𝑖∈𝐷 + ∑ 𝑐𝑖𝑖∈𝐸 = 𝑚𝐶 − ∑ �̂�𝑖𝑖∈𝐸 + ∑ 𝑐𝑖𝑖∈𝐸 . Therefore, we have 

𝑚𝐶 − ∑ 𝐶𝑗𝑗∈𝑈 = 𝑚𝐶 − ∑ �̂�𝑖𝑖∈𝐸 + ∑ 𝑐𝑖𝑖∈𝐸  that yields 

∑ �̂�𝑖
𝑖∈𝐸

+∑ 𝐶𝑗
𝑗∈𝑈

=∑ �̂�𝑖
𝑖∈𝐸

 (4) 

Assume ∑ (𝑐𝑖 − 1)𝑖∈𝐸 <
|𝐸|

𝑚
∑ (�̂�𝑖 − 1)𝑖∈𝐸 . According to Equation (4), we have 

∑ 𝐶𝑗
𝑗∈𝑈

>
𝑚 − |𝐸|

𝑚
∑ (�̂�𝑖 − 1)

𝑖∈𝐸
 (5) 

 

Since |𝑉| = |𝐸| by Lemma 5.1, |𝑈| = 𝑚 − |𝑉| = 𝑚 − |𝐸|. Since there exists an 

𝑗 ∈ 𝑈 with 𝐶𝑗 ≥
1

𝑈
∑ 𝐶𝑗𝑗∈𝑈 , substituting |𝑈| = 𝑚 − |𝐸| in Equation (5) gives 

𝐶𝑗 − 1 ≥
1

𝑚
∑ (�̂�𝑖 − 1)

𝑖∈𝐸
 (6) 

We have 𝑐𝑖 ≥ 𝐶𝑗 for all 𝑖 ∈ 𝐸, 𝑗 ∈ 𝑈. Otherwise, 𝑡𝑖 should be allocated to 𝑠𝑗 for 

obtaining greater utility if 𝑐𝑖 < 𝐶𝑗. According to Equation (6), we have 

∑ (𝑐𝑖 − 1)
𝑖∈𝐸

>∑ (𝐶𝑗 − 1) = |𝐸|(𝐶𝑗 − 1)
𝑖∈𝐸

≥
|𝐸|

𝑚
∑ (�̂�𝑖 − 1)

𝑖∈𝐸
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This results in a contradiction that ∑ (𝑐𝑖 − 1)𝑖∈𝐸 <
|𝐸|

𝑚
∑ (�̂�𝑖 − 1)𝑖∈𝐸 . 

 

The following lemma shows that all of the first 𝑚 threads have utility at least γ 

where γ = max𝑖∈𝐸 𝑔𝑖(�̂�𝑖) is the maximum super-optimal utility of any thread in 𝐸. 

 

Lemma 5.4. Let 𝑡𝑖 be one of the first 𝑚 threads assigned by Algorithm 1. Then 

𝑡𝑖 ∈ 𝐷 and 𝑔𝑖(𝑐𝑖) ≥ γ. 

Proof: We show that 𝑡𝑖 ∈ 𝐷. Since there is at least one server with 𝐶 resource 

when  𝑡𝑖 is assigned, 𝑡𝑖 can obtain it super-optimal allocation �̂�𝑖 and 𝑡𝑖 ∈ 𝐷. We 

then show that 𝑔𝑖(𝑐𝑖) ≥ γ. Assume 𝑔𝑖(𝑐𝑖) < γ. There exists a thread 𝑗 ∈ 𝐸 such 

that 𝑔𝑖(�̂�𝑖) = γ. Since there is some server with 𝐶 resource in the first 𝑚 iterations 

and 𝑐𝑗 ≤ 𝐶, 𝑡𝑗 would obtain greater utility then 𝑡𝑖. The thread 𝑡𝑗 can replace 𝑡𝑖, 

which is in a contradiction. Therefore, 𝑔𝑖(𝑐𝑖) ≥ γ. 

 

According to Lemma 5.4, we have the following corollary. 

 

Corollary 5.5. ∑ 𝑔𝑖(𝑐𝑖) ≥ 𝑚γ𝒊∈𝑫 . 

 

Lemma 5.6. For any two threads 𝑖, 𝑗 ∈ 𝐸, if 
𝑔𝑖(𝑐̂𝑖)

𝑐̂𝑖−1
>

𝑔𝑗(𝑐̂𝑗)

𝑐̂𝑗−1
, then 𝑐𝑖 ≥ 𝑐𝑗. 

Proof: Assume 𝑐𝑖 < 𝑐𝑗. Suppose that 𝑡𝑖 is assigned before 𝑡𝑗. We know that 

there is at least one server with 𝑐𝑗. We have �̂�𝑖 > 𝑐𝑗. Otherwise, 𝑡𝑖 can be allocated 

�̂�𝑖 resources which means 𝑖 ∉ 𝐸. Since �̂�𝑖 > 𝑐𝑗 > 𝑐𝑖 and 𝑡𝑖 is assigned before 𝑡𝑗, 

𝑡𝑖 can obtain 𝑐𝑗 amount of resources. This results in a contradiction. 

 

Suppose that 𝑡𝑗 is assigned before 𝑡𝑖. We know that there is at least one server with 

𝑐𝑗 . We have �̂�𝑖 > 𝑐𝑗 . Otherwise, we have �̂�𝑖 ≤ 𝑐𝑗 ≤ �̂�𝑗 . The thread 𝑡𝑖  can be 

allocated its super-optimal allocation. Since Algorithm 1 prefers to assign threads that 

can receive their super-optimal allocations, 𝑡𝑖 would be assigned before 𝑡𝑗. This 

results in a contradiction. Hence, �̂�𝑖 > 𝑐𝑗. According to Equation (3), we have 

𝑔𝑖(𝑥) = (𝑥 − 1)
𝑔𝑖(�̂�𝑖)

�̂�𝑖 − 1
 (7) 

Since �̂�𝑖 > 𝑐𝑗 , 
𝑔𝑖(𝑐̂𝑖)

𝑐̂𝑖−1
>

𝑔𝑗(𝑐̂𝑗)

𝑐̂𝑗−1
 and Equation (7), 𝑔𝑖(𝑐𝑗) = (𝑐𝑗 − 1)

𝑔𝑖(𝑐̂𝑖)

𝑐̂𝑖−1
>

(𝑐𝑗 − 1)
𝑔𝑗(𝑐̂𝑗)

𝑐̂𝑗−1
= 𝑔𝑗(𝑐𝑗) . Hence, 𝑡𝑖  would be assigned before 𝑡𝑗 , which is a 

contradiction. 
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Lemma 5.7. Let 𝐴, 𝑑 > 0 , and 0 < 𝑎1 ≤ 𝑎2 ≤ ⋯ ≤ 𝑎𝑛 . Also, let 𝛽 = (𝐴 +

∑ 𝑎𝑖𝑧𝑖
𝑛
𝑖=1 )/(𝐴 + ∑ 𝑧𝑖

𝑛
𝑖=1 ), where each 𝑧𝑖 ∈ [0, 𝑑]. Then 

  

𝛽 ≥ min
𝑗=1,⋯𝑛

(
𝐴 + ∑ 𝑎𝑖𝑑

𝑗
𝑖=1

𝐴 + 𝑗𝑑
, 1)  

 

The total gain of Algorithm is 𝐺 = ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(𝑐𝑖)𝑖∈𝐸  and the total gain of 

optimal solution is �̂� = ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸 . 

 

Lemma 5.7. 𝐹/�̂� ≥ 2(√2 − 1)(1 − 1/𝐶) + 1/𝐶. 

Proof: According to the definitions of 𝐺 and �̂�, we have 

𝐺

�̂�
 =

∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(𝑐𝑖)𝑖∈𝐸

∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸
 

 

=
∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑

𝑔𝑖(�̂�𝑖)
�̂�𝑖 − 1

(𝑐𝑖 − 1)𝑖∈𝐸

∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸
 

 

≥
𝑚γ + ∑

𝑔𝑖(�̂�𝑖)
�̂�𝑖 − 1

(𝑐𝑖 − 1)𝑖∈𝐸

𝑚γ + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸
 

 

≥
𝑚γ + (∑

𝑐𝑖 − 1
|𝐸|𝑖∈𝐸 ) (∑

𝑔𝑖(�̂�𝑖)
�̂�𝑖 − 1

𝑖∈𝐸 )

𝑚γ + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸
 

 

≥
𝑚γ +

1
𝑚
(∑ 𝑐𝑖 − 1𝑖∈𝐸 ) (∑

𝑔𝑖(�̂�𝑖)
�̂�𝑖 − 1

𝑖∈𝐸 )

𝑚γ + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸
 

 

≥ min
𝑖=1,⋯|𝐸|

(

𝑚γ +
1
𝑚 (

∑ 𝑐𝑗 − 1𝑗∈𝐸 ) (∑
γ

�̂�𝑗 − 1
𝑗∈𝐸𝑖

)

𝑚γ + 𝑖γ
) 

 

≥ min
𝑖=1,⋯|𝐸|

(

𝑚 +
1
𝑚 (

∑ 𝑐𝑗 − 1𝑗∈𝐸 ) (∑
1

�̂�𝑗 − 1
𝑗∈𝐸𝑖

)

𝑚γ + 𝑖
) 

 

≥ min
𝑖=1,⋯|𝐸|

(

𝑚 +
1
𝑚 (

∑ 𝑐𝑗 − 1𝑗∈𝐸𝑖
) (∑

1
�̂�𝑗 − 1

𝑗∈𝐸𝑖
)

𝑚γ + 𝑖
) 



133 
 

 

≥ min
𝑖=1,⋯|𝐸|

(
𝑚 +

𝑖2

𝑚
𝑚γ + 𝑖

) 

 

Taking the derivative with respect to 𝑖, the minimum value is 𝑖 = (√2 − 1)𝑚. 

Therefore, substituting 𝑖 = (√2 − 1)𝑚  in the above inequality gives 𝐺/�̂� ≥

(√2 − 1). According to Equation (3), we have 

𝐺

�̂�
 =

∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(𝑐𝑖)𝑖∈𝐸

∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐷 + ∑ 𝑔𝑖(�̂�𝑖)𝑖∈𝐸
 

 

=
∑ 𝑓𝑖(�̂�𝑖) (1 −

1
�̂�𝑖
)𝑖∈𝐷 + ∑ 𝑓𝑖(�̂�𝑖) (

𝑐𝑖 − 1
�̂�𝑖

)𝑖∈𝐸

∑ 𝑓𝑖(�̂�𝑖) (1 −
1
�̂�𝑖
)𝑖∈𝐷 + ∑ 𝑓𝑖(�̂�𝑖) (1 −

1
�̂�𝑖
)𝑖∈𝐸

 

 

≤
∑ 𝑓𝑖(�̂�𝑖) (1 −

1
�̂�𝑖
)𝑖∈𝐷 + ∑ 𝑓𝑖(𝑐𝑖) −

𝑓𝑖(�̂�𝑖)
�̂�𝑖

𝑖∈𝐸

∑ 𝑓𝑖(�̂�𝑖) (1 −
1
�̂�𝑖
)𝑖∈𝐷 + ∑ 𝑓𝑖(�̂�𝑖) (1 −

1
�̂�𝑖
)𝑖∈𝐸

 

 

=
𝐹 − ∑

𝑓𝑖(�̂�𝑖)
�̂�𝑖

𝑖∈𝑇

�̂� − ∑
𝑓𝑖(�̂�𝑖)
�̂�𝑖

𝑖∈𝑇

 

 

≤
𝐹 − ∑

𝑓𝑖(�̂�𝑖)
𝐶𝑖∈𝑇

�̂� − ∑
𝑓𝑖(�̂�𝑖)
𝐶𝑖∈𝑇

 

 

=
𝐹 −

�̂�
𝐶

�̂� (1 −
1
𝐶)

 

which yield 𝐹/�̂� ≥ 2(√2 − 1)(1 − 1/𝐶) + 1/𝐶. Thus, the lemma is proved. 

 

Figure 1 presents the approximation ratio of the proposed algorithm and the algorithm 

in Lai et al. [15]. The solid line represents the approximation ratio of the proposed 

algorithm and the dotted line represents that of the algorithm in Lai et al. [15]. The 

solid line is monotonically decreasing and the dotted line is the lower bound of 

proposed algorithm. 
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Figure 1: The approximation ratio of the proposed algorithm and the algorithm in Lai 

et al. [15]. 

 

6. Concluding Remarks 

This work develops a novel approximation algorithm for the assign and allocate 

problem in the integer case. We use a linear program and greedy algorithm to solve 

this problem. This work demonstrates the proposed algorithm yields ratio of 

2(√2 − 1)(1 − 1/𝐶) + 1/𝐶.  
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1. Background 

Depth estimation is mainly used in virtual reality (VR), advanced driving 

auxiliary system (ADAS) and even autonomous car. The proposed system aims to 

achieve the depth creation for single-view color images captured by monocular 

camera especially for road landscape images. Specifically, this study can offer a 

practical paradigm of DLN-based depth estimation simplified in pursuing low–power 

computer vision for the necessity of future car-driving.  

 

2. Methods 

The proposed system first employs simple linear iterative clustering (SLIC) 

segmentation to separate the target image into depth-similar regions. Each 

SLIC-segmented region need to alternatively support a representative scale-invariant 

feature transform (SIFT) vector or a SLIC-ranged feature descriptor to match out its 

referable region from available SIFT-mapped images searched by the representative 

SIFT vectors of target image. The searched SIFT-mapped images shall reside in 

color-depth paired image database such as Middlebury, KITTI, and so forth provided 

from Cloud. The SLIC-ranged feature descriptor of a SLIC-segmented region is 

composed of three histogram of oriented gradient (HOG) vectors in RGB domain. 

The searched referable region provides the coarse depth value (depth mean) for each 

segmented region. Then, the color image and its coarse depth map are fed into the 

residual super-resolution deep learning neural networks (RSR-DLN) proposed. The 

RSR-DLN will generate the depth details to allocate fine depths within each 
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segmented region for achieving entire depth estimation. Basically, the coarse depth 

map can play of role of initial depth map for the target color image when all of SLIC 

regions can be offered a mutually rational average depth. In effect, such a condition is 

not often guaranteed. So, the RSR-DLN is also committed to potentially make 

grey-to-depth interpolation to offer the depths of regions, which are missed by 

previous coarse-allocation using feature mapping.    

 

3. Expected results 

The expected outcomes have well-rational perceptual qualities in visualization with 

shape-reserving due to the level-by-level coarse-to-fine depth creation. The 

framework of RSR-DLN shown by Fig. 1 is the critical stage for creating the fine 

depths and providing the supplement of coarse-depth missed districts by previous 

coarse-allocation. For the edge computation realization, the architecture of RSR-DLN 

shall be concise such that it convolutional retrenchment will be taken care. 

 

 

Figure 1. Depth estimation based on ESRID Net 

 

Keywords: Depth estimation, Monocular images, Residual deep learning, 

Super-resolution deep learning neural networks. 
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The coffee plant grows in relatively tall and it is best described as a coffee tree, 

belonging to the  Rubiaceae family. It occupies an important place in the world, as it 

provides food but also important as a source of energy-rich compounds, vitamins, and 

minerals. It is also considered as one of the most widely consumed beverages (Bureau 

of Plant Industry, Philippines). However, the conventional method of gathering 

information about the coffee tree for purposes of monitoring and analyzing data 

remains at large a manual process. Specifically, at the National Coffee Research, 

Development and Extension Center (NCRDEC), Philippines, there is no existing 

system for farm management particularly it challenges them to monitor the different 

variables such as atmospheric factors (temperature, humidity, etc.), soil and leaf 

moisture that affects the coffee tree and it is hard to tell if it is ready for irrigation; also, 

there is no available record of the health status of the trees if they are affected by coffee 

diseases. These issues, if not resolved will put farmers at risk producing low-quality 

coffee beans and eventually provide less to no income. 

 

This paper discusses different components of ISCA: an Intelligent System for Coffee 

plant Analysis. It is a mobile (available in Android OS) and cloud-based web 

application that is used to monitor and analyze data, predict irrigation, disease 

identification and suggests a solution for mitigation using machine learning - 

classification.  

 

The mobile and web application is capable of collecting and monitoring data from the 

sensors connected to coffee trees and use machine learning to classify and predict 

irrigation, identify disease occurs and recommends a solution based on the symptoms 

of the disease. Also, the web application serves as an interdependent component that is 

capable of maintaining records of the coffee farm, visualize data through graphs and 

provides access outside the coffee field.  

 

Keywords: Machine Learning, Predictive model, Mobile and Web Application 

  



139 
 

10128 

Application of A Multi-platform Visual Programming Language 

SUGOPRO for Configuration Changeable Robots in Different 

Educational Situations 

 

Chihiro Koyama
a,

*, Naohiko Shimizu
b 

a
 Graduate School of Information and Telecommunication Engineering, Tokai 

University, Japan 

E-mail address: 9bjnm012@mail.u-tokai.ac.jp 
b
 School of Information and Telecommunication Engineering, Tokai University, Japan 

E-mail address: nshimizu@keyaki.cc.u-tokai.ac.jp 

 

Abstract 

Robot programming makes student understand how program runs since student can 

observe robot movement. We have been developing visual programming language 

"SUGOPRO" with robot for a while. With SUGOPRO, student can experience robot 

programming intuitively. However, robot configuration differs in each educational 

place and student may want to change sensors at education time. We upgrade 

SUGOPRO to implement features to enable ease replacement of sensors by education 

time. We add features to set GPIO pins, I2S address, SPI channels to change sensors 

from GUI. We verified implemented features and confirmed that we can change 

sensors from GUI. Upgraded version of SUGOPRO enables arbitrary sensor for 

programming education. 

Keywords: Visual programming language, Programming education, Sensor, Robot 

 

1. Background 

 In recent years, Information and telecommunication technology are developing 

rapidly and used in backbone of our daily lives. With technological progression, 

programming education in junior and junior high school become part of mandatory 

education system in fiscal 2020. Programming education is said that “Let children 

experience that they can instruct computer to do intended tasks and learn 

programming thinking skills for possible future jobs” [1] Programming thinking 

skills is “Logical thinking abilities to think how to combine parts for doing intended 

tasks and not about coding skills” [2] Early acquisition of programming thinking 

abilities is important. Many programming classes is intended for early programming 

education for children. [3] Early programming education expects children to be 

expertise on ICT skills. [3] Visual programming language is often suitable for 

educating children than textual programming language.[4] Since, visual programming 
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language provides intuitive operation for programming and even children can operate 

on it. Scratch [5] is one of widely used visual programming language for children. 

User of Scratch can make program to move “cat” like animation character on screen. 

However, programming result appears in Scratch on computer screen and does not 

feedback to real world. It is hard for children to see whether program is executing 

intended actions or not. In 2004, Tom Igoe at New York University proposes 

approach named “Physical Computing” which computer-human interaction design.[6]. 

In physical computing, connect sensors to computer and interpret sensor data as 

action then process and feedback to physical world. Physical computing applies for 

programming education [7] [8]. “Physical computing” is suitable for programming 

education for children since children can observe how their program affects physical 

world via robots with sensors [9]. In our laboratory, we have been developing visual 

programming language “SUGOPRO” [10]. “SUGOPRO” is based on Japanese 

traditional board game “Sugoroku” and provides children to make program for LEGO 

Mind Storms EV3 easily with enjoyments. Children can observe programming result 

on robot. We develop and upgrade SUGOPRO and cheaper robot with verity of 

choices for sensors. This version of SUGOPRO enables “physical computing” 

approach for early programming education for children. In this paper, we present 

development of multi-platform version of SUGOPRO in Node-RED and robot with 

verity of sensor choices for physical computing approach. Chapter 2 presents related 

works. Chapter 3 presents information on SUGOPRO. Chapter 4 presents methods. 

Chapter 5 presents development of SUGOPRO in Node-RED. Chapter 6 presents 

conclusion of this work.  

 

2. Related Works 

Primo Toys Cuvette [11] is programming toy using wooden block to make program 

for controlling robots. It does not require computer for programming. Moonblock 

[12] is browser based visual programming environments. Programmer can make 

program for making animation with Moonblock and it does not require additional 

software installation since it runs on web browser. However, program result only 

appears on web browser. Programmer cannot confirm programming result with robot. 

Catroid [13] is a free and open source visual programming language, programming 

environment, image manipulation program, and website. It uses Android tablets for 

programming and control LEGO Mindstorms EV3 via Bluetooth. So that 

programmer can confirm programming result with moving robots. However, EV3 is 

expensive for programming education. 
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3. SUGOPRO 

SUGOPRO is visual programming language for children education based on 

Japanese traditional board game "Sugoroku". SUGOPRO targets and enables 

programming education with robot in short amount of time. SUGOPRO express 

statement in textual programming languages as "Square". Programmer can make 

program by placing "Square" on programming board with drag and drop. There are 

two types of "Squares", one with "Robot behavior", and other with "Program 

behavior". "Robot Behavior" instructs how to move robot. Figure 1 shows Square of 

robot behavior. There are "Stop robot", "Move robot", "Turn robot right", "Turn 

Robot left" in "Square of robot behavior" Figure 2 shows "Squares of Program 

behavior", There are "Move one square forward", " "Move one square forward if 

condition met", "Increments variable (Hako)". We define "Hako" as variable for 

simple abstraction and SUGOPRO supports one "Hako". With combination of 

Squares, we can express basic programming construction such as variable, 

conditional branches, loops. In addition to basic programming facilities provided by 

SUGOPRO, SUGOPRO also provides special types of "Hako" for sensors so that 

programmer can make program using sensors. SUGOPRO moves and executes 

square one by one from upper to bottom. Children can operate SUGOPRO easily for 

robot programming. Figure 3 shows sample program and corresponding flow chart 

using sensor value. We have implemented SUGOPRO in C# (SUGOPRO C#) and 

supports LEGO Mindstorms EV3 as robot via Bluetooth. SUGOPRO C# only runs 

on Windows machine so we have ported SUGOPRO in Java (SUGOPRO Java). 

However, computer organized by school often requires administrative privilege for 

running or installing applications for security issues.  

 

Figure 1: List of Program behavior Squares 

Figure 2: List of Robot behavior Squares 
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Figure 3: Sample program and its flow chart using sensor in 

SUGOPRO 

Table 1: Variant of SUGOPRO implementation 

 

 

 

 

3.1 Node-RED 

Node-RED is flow-based programming tool. Node-RED uses network of black box 

called “Node” to express program behavior. Each node takes some data as input, 

process it, then output to other node for further processing. Figure 4 shows sample 

program which accept GET request then sends HTML as response in Node-RED. 

Left-hand side of Node is input, Right-hand side of Node is output. Data flows left to 

right. We used Node-RED for SUGOPRO. 

 

 

Name Language Robot Host Connection 

SUGOPRO C# C# EV3 Windows Bluetooth 

SUGOPRO 

Java 

Java EV3 Machine 

runs Java 

Bluetooth 

SUGOPRO 

Node-RED 

Node-RED, 

JavaScript, 

HTML, CSS 

homebuilt 

robot 

Web browser HTTP 

Figure 4: Sample for responding GET request in Node-RED 
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3.2 SUGOPRO Node-RED 

We have been developing multi-platform version of SUGOPRO as web application in 

Node-RED [14] running on Raspberry Pi (SUGOPRO Node-RED) [15]. SUGOPRO 

Node-RED enables programmer to make program on web browser. Figure 5 shows 

SUGOPRO Node-RED system. We use Wi-Fi for SUGOPRO Node-RED and 

operating terminal connections. In addition to SUGOPRO Node-RED, we have been 

developing cheaper robot with motor and sensors to replace EV3 since EV3 is costly 

for programming education. Figure 6 shows robot we have developed for line tracing. 

However, it is difficult to change sensors arbitrary on robot since SUGOPRO 

Node-RED does not take changing robot configuration into account. This time, we 

develop and upgrade SUGOPRO Node-RED for using arbitrary sensors. This version 

of SUGOPRO provides abilities to change sensors by children at education time. 

 

 

 

 

4. Methods 

We design SUGOPRO Node-RED+ to provides facilities to change sensors from GUI. 

So, children can change sensor on demand. We can connect analog sensors to A/D 

converter modules also we can connect digital sensors on GPIO pins directly. Placing 

A/D converter between sensors and robots makes SUGOPRO to handle variety of 

sensors. Children can change sensors by connecting either A/D converter or GPIO 

pins on robot. We also need to provide facilities to change settings of sensors from 

Figure 5: Overview of SUGOPRO Node-RED 

Figure 6: Robot we have developed for line tracing 
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GUI. We provide following settings for sensors from GUI by right clicking "Hako" 

for sensors. 

 

 change name 

 change GPIO pins 

 change I2C address 

 change SPI channel 

 change scaling of sensor values 

 

Children can change name of "Hako" for sensors. Default name are "sensor 1-4", 

however children often unable to know which "Hako" is which sensors. So, we 

provide ways to change name of "Hako" so that children can make meaningful name 

for them. We also provide ways to change GPIO pins, A/D converter I2C address or 

SPI channels for connected sensors. So that children can multiplex sensors for their 

program use. We provide scaling for sensor values since resolution of A/D converter 

varies. We need to absorb differences between resolution. We can set scaling from 

GUI. 

 

 

 
Figure 7: SUGOPRO internals implementation in Node-RED 
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4.1.Implementation of SUGOPRO Node-RED+ 

To implement features discussed in chapter 4, we firstly simplify SUGOPRO 

Node-RED internals. Figure 7 shows internal implementation of SUGOPRO 

Node-RED. SUGOPRO Node-RED describes SUGOPRO internal process in 

Node-RED. We make SUGOPRO in one Node to divide SUGOPRO and A/D 

converter dependent tasks. Figure 8 shows connection of sensors to SUGOPRO. We 

can replace A/D converter by making dependent node for it and connecting to 

SUGOPRO. Figure 9 shows internal structure of SUGOPRO Node-RED+. We decide 

to use WebSocket for communication of SUGOPRO and GUI. GUI sends 

programming data or setting for sensors to SUGOPRO via WebSocket. SUGOPRO 

sends execution result such as variable, sensor values via WebSocket. We use JSON 

for data format. SUGOPRO node provides A/D converter and GPIO nodes number 

indicating channel, address, pins. We also implement programming saving feature 

since children may accidently close browser and losing program. We use SQLite3 for 

saving program. Table 2 shows database table for saving program. We design GUI to 

send program on moving "Squares" via WebSocket. SUGOPRO node accepts 

program from GUI and update tables in database. On opening of GUI window on 

browser, we make SUGOPRO nodes to send previous program from database to 

restore. 

 

Table name Purpose 

Program Hold user created program 

Attr Hold attributes of user created program 

Sensor Hold sensor information such as name, scaling etc. 

 

 

 

Figure 8: A/D Converter, sensors connection to SUGOPRO 

Table 2: Database table and its purpose for saving user program 
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5. Operational verification 

5.1  Data acquisition from sensors 

For verification of sensors, we connect FaBo [16] Shield and RPZ-IR-Sensors [17]. 

Figure 10 shows connection of sensors. FaBo provides abilities to remove and 

connect variety of sensors easily on GPIO, I2C and A/D converter channels. FaBo 

shield has A/D converter via SPI. We connect Distance, Angle sensors on this A/D 

converter. We also connect Limit switch on GPIO pins and TSL2561 light sensors on 

RPZ-IR-Sensors to I2C on GPIO. Figure 11 shows Raspberry Pi and sensors. We 

design to send sensor values to GUI via Web Socket. Figure 12 shows “Hako” for 

sensors on GUI. We can call sensor setting menu by right click. Figure 13 shows 

setting menu. We set name for sensors with “change name of sensors”. Figure 14 

shows changing name for sensors. We can also change GPIO pins, I2C address and 

SPI channel for sensors. Figure 15 shows setting SPI channel 1 to light sensor. We 

confirm that we obtained sensor values and gave setting for sensors. We can also 

confirm SPI channel. With these features, we can change sensors from GUI at 

education time. 

 

 

  

Figure 9: SUGOPRO Node-RED+ internal structure 

Figure 10: Block diagram of sensor connection Figure 11: connection of sensors 
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5.2 Scaling sensor values 

The range of values from sensor varies depending on the resolution of A/D converter. 

To absorb the difference of resolution, we make scaling of sensor values available 

from GUI. It is useful for making program using sensors. To change scaling, we right 

click the “Hako” of sensors, then select “Scaling” and enter scaling factor. We enter 

“2” as scaling factor for this case. Figure 15 shows scaling result for Distance sensors 

connected to SUGOPRO. We can confirm that sensor values scaled by 2. With this 

feature, we can absorb the difference of resolution on A/D converter and useful for 

programming with sensors. 

 

 

Figure 12: “Hako” for sensors Figure 13: Sensor setting menu 

Figure 14: changing name of sensor Figure 15: changing SPI channel 

Figure 15: Change scaling with scaling factor of 2 
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6. Conclusion 

In this paper, we develop and upgrade SUGOPRO Node-RED+ for providing abilities 

to change sensors on robot from GUI. We also test our implementation. We make 

SUGOPRO to handle changing configuration of sensors on robot at education time. 

With SUGOPRO Node-RED+, it enables changing sensor on robot by children for 

programming education. We also absorb difference among resolution of A/D 

converters by providing scaler for sensor values. SUGOPRO Node-RED+ can handle 

changing sensors at education time. We can use SUGOPRO Node-RED+ for 

programming with sensors and robot. 

 

 Future work 

We will use SUGOPRO Node-RED+ for verifying effects on programming education 

of children with robot. In this implementation, we cannot implement following: 

 “Programming behavior square” 

 Reloading program data from database 
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Abstract 

In this paper, an analytic solution for the nonlinear problem of wave generation 

in a water flume is presented. The Stokes wave theory is adopted to setup the initial 

and boundary-value problem. The linear solution proposed by Lee and Lin (2017) is 

used, and the second-order solution is developed following the solution methodology 

used in the linear solution. Using the present analytic solution, the fully developed 

waveform compares very well with a second-order steady wave theory. The present 

theory can be used to simulate time and space evolution of waves generated in the 

water flume.  

 

Keywords: Nonlinear, unsteady, wave generation, analytic model 

 

1. Introduction 

Wave channels used to generate water waves are mostly equipped with a wave 

generator located at one end and a wave energy dissipation mechanism at the other 

end. The wave generator is mostly driven with a periodic motion to generate periodic 

water waves in the channel with a constant water depth. Analytic solutions available 

from the literature related to wave generation in the wave channel are presented with 

an assumption that water waves have reached a steady and periodic state, such as Liu 

mailto:jflee@mail.ncku.edu.tw
mailto:jom30801@gmail.com
mailto:chi528@mail.ncku.edu.tw
mailto:kueiting@mail.lukang.gov.tw
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(2002) who developed a second-order solution for the wavemaker problem in the 

wave channel. The result indicated that the developing state of surface waves started 

from the initial condition was ignored. Various analytic solutions for the initial and 

boundary-value problem can be found from the literature, such as Lee et al. (1989), 

Joo et al. (1990), Miles (1991), and references therein. To extend a linear solution to a 

nonlinear one, one needs to be familiar with the linear solution, and find a feasible 

way to explore the nonlinear solution. 

In this paper, based on a linear solution developed by Lee and Lin (2017) and 

following the solution methodology of the linear solution, a second-order solution 

will be developed. Using the nonlinear analytic solution up to the second-order, the 

second-order characteristics of wave evolution generated in a water flume will be 

demonstrated and investigated.  

 

2. Problem and Solution 

The second-order initial and boundary-value problem of the nonlinear wave 

generation in a wave channel can be written as 

Governing equation: 

(2) (2)
, , 0xx zz  

      , 0h z    , 0 x   , 0 t               (1) 

Combined kinematic and dynamic free surface boundary condition:  
(2) (2)
, , 1

(1) (1) (1) (1) (1) (1) (1) (1)
1 , , , , , ,

( , )

( , ) 2 2

tt z

zz t zt ztt x xt

g F x t

F x t g  

   


         

  , 0z           (2) 

Bottom condition: 

(2)
, 0z 

  , z h                                                (3) 

Impermeable condition at the end of the channel: 

(2)
, 0x 

  , x                                                 (4) 

Wavemaker condition: 
(2)
, 2

(1)
2 ,

( , )

( , )

x

xx

F z t

F z t 

  


  

  , 0x                                         (5) 

in which (1) (2),  represent the first-order and the second-order potential functions. 

The right hand subscript comma indicates differentiation. (1) is the first-order 

surface elevation, g is gravity constant, and is the displacement function of the 

wavemaker. The initial condition is nil.  

    Following the solution methodology of the first-order solution (Lee and Lin, 

2017), the second-order potential function can be expressed as 

    
( 2 )( 2 ) ( 2 )
0

1

1 2
( , , ) ( , ) ( , ) cos( )n n

n

x z t z t z t x  




                        (6) 

where (2) (2)
0 ( , ), ( , )nz t z t  contain complicated expressions, and are only expressed in 

symbols here. Because of this large amount of mathematical expressions, in this study, 

we also used symbol calculation in MATLAB to make sure the derivations are correct. 
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The second-order surface elevation can be then calculated via the Bernoulli’s 

equation as  

   
2 2

(1) (1)
, ,(2) (1)(2) (1)

, ,

1
( , )

2

x z

t ztx t
g

 

 
   

     
 
 

  , 0z                (7) 

Note that to calculate Eq.(7) the first-order solution is needed in addition to the 

second-order the solution. The analytic expression of the second-order surface 

elevation is given in the Appendix. 

 

3. Results and Discussion 

    Using the present nonlinear second-order analytic solution of the wave 

generation in a water channel, convergent property of the series solution is 

firstly checked. The converged linear solution is used in calculation of the 

second-order, and the convergence is confirmed.  

    A typical outcome of wave generation in a water channel is shown in Fig. 1. 

The length of the channel is 50m and waer depth is 0.3m. The motion period of 

the wavemaker is 1.0sec, and the stroke is 0.02m. The horizontal axis is the 

distance away from the wavemaker, 0L is the wave length of the fully developed 

wave calculated from the steady wave theory. The vertical axis is the surface 

elevation non-dimensionalized by the half-stroke of the wavemaker 0s . The 

distribution of surface elevation along the water channel indicates that the waves 

are gradually generated, and at about 10 waves, the wave amplitude grows up to 

a mean constant. The second-order wave, as it is called, is an order less than the 

first-order wave. The evolution of the second-order wave is also shown in Fig. 1 

which indicates a less regular wave form, but varies within a magnitude of the 

same order.  

 

 

Figure 1 The first-order, the second-order, and the combined surface elevations 
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of a 20-period wave generation 

 

    A fully developed wave form taken from Fig. 1 is shown in Figure 2. The 

extent of the wave form is 07.5 / 12.5x L  , in which the wave form is not 

affected by the wavemaker boundary and is also fully developed waveform. The 

present theoretical result is compared with the Stokes second-order wave theory. 

Overall speaking, the comparison is good enough.  

 

 

Figure 2 Comparison of fully developed wave forms between steady wave 

theory and the present solution ( 07.5 / 12.5x L  ) 

     

4. Conclusion 

An analytic solution of the nonlinear wave generation in a water flume is 

presented in this paper. The Stokes wave theory is used to describe the nonlinear 

problem up to the second-order. A liner solution developed by Lee and Lin (2017) is 

used as the first-order solution, based on which a second-order solution is obtained in 

this research. An evolution of the nonlinear waves generated along the water flume is 

demonstrated, in which the second-order waves are shown to have a convergent result. 

The fully developed waveform compared with the steady wave theory further 

convinces the present solution. The present solution can be further calculated to 

investigate characteristics of the time variation of the second-order wave component. 
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Appendix 

 Analytic expression of the second-order surface elevation 
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ABSTRACT 

The computational fluid dynamic (CFD) and the inverse method combined with 

experimental temperatures are used to investigate the relationship between air 

velocity and flow model for mixed convection of annular fin and tube heat 

exchangers for air velocity of 4 m/s. An interesting finding is that the numerical 

results obtained by the standard (STD) k-ε model combined with the standard wall 

function (SWF) are closer to the experimental fin temperature measurements and the 

estimated heat transfer coefficient compared to RNG k-ε model. This means that the 

STD k-ε model combined with the SWF can be more suitable for problems with 

faster air velocities than the RNG k-ε model. The choice of a suitable flow model and 

grid points may need to vary with air velocity. However, most researchers often use a 

specific flow model and grid independence assumption to determine the numerical 

results of the problem under study. The numerical results obtained are good in 

agreement with the proposed correlation. 

 

Keywords: CFD and inverse method, Mixed convection, Annular fin, Heat 

exchanger 

 

Nomenclature 

d0      outer diameter of the tube (mm) 

D      outer diameter of the fins (mm) 

h           average heat transfer coefficients on fins (W/m2 K) 

bh
     heat transfer coefficient at T0 (W/m2 K) 

ka      thermal conductivity of air (W/m K) 

kf      thermal conductivity of fins (W/m K)  

Nr, Nθ      number of grid points in the r are θ directions 

mailto:htchen@mail.ncku.edu.tw
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Nud        Nusselt number, d 0 aNu hd /k
 

r,θ,z      cylindrical coordinates 

Red      Reynolds number, 0d aRe V d / 
 

S      fin spacing (mm) 

Tf      fin temperature (K) 

Ta      air temperature (K) 

Tk      measured fin temperature at the kth measurement location (K) 

Tb       fin base temperature (K) 

T∞      ambient temperature (K) 

t      fin thickness (mm) 

Va      frontal air velocity (m/s) 

y+      dimensionless wall distance 

Greek symbols 

νeff      effective kinematic viscosity (m2/s) 

νt      kinematic turbulent viscosity (m2/s)  

 

1. Introduction 

 Plate finned tube heat exchangers are commonly used in industry. complex 

three-dimensional (3D) flow and heat transfer characteristics can be found in these 

plate finned tube heat exchangers. The flow characteristics in the flow passage of the 

heat exchanger are strongly influenced by both the tube and the fins. The flow 

accelerates around the heated horizontal annular finned tube in the cross flow. The 

low-velocity wake region occurs behind the tube. Therefore, the heat transfer 

coefficient is the largest in the upstream region of the fin and lowest in the wake 

region of the fin. Many numerical and experimental methods have been proposed to 

obtain the heat transfer and fluid flow characteristics of such heat exchangers. 

However, most researchers often use a specific flow model and grid independence 

assumption to determine the heat transfer and fluid flow characteristics of the heat 

exchanger. The results of Refs. [1,2] display that applying a specific flow model and 

grid independence assumption may not be easy to obtain more accurate results.  

 Bilirgen et al. [3] used FLUENT to determine the heat transfer coefficient and 

pressure drop for a single-row annular finned tube in crossflow with a uniform 

velocity of 4.5 m/s only in the x direction. A grid independence assumption is 

performed to determine sufficient mesh density. Xie et al. [4] used the SIMPLE 

algorithm to investigate the 3D air-side laminar heat transfer and fluid flow 

characteristics of plate fin-and-tube heat exchangers with copper fins and large 
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copper tube rows and tube diameters. However, the fin heat conduction equation is 

not considered. Buyruk et al. [5] presented the numerical and experimental study of 

the laminar flow and heat transfer around a tube in cross-flow at low Reynolds 

number from 120 to 390. Salimipour [6] studied the 2D mixed convective laminar 

fluid flow and heat transfer from a horizontal circular cylinder using the cell-vertex 

finite-volume scheme and IRK-SIMPLER. 

 Chen et al. [1,2] used the CFD commercial software FLUENT [7] in 

combination with various flow models, inverse results and experimental temperatures 

to predict the heat transfer and fluid flow characteristics of plate finned tube heat 

exchanger. It is found  that the numerical results of the obtained heat transfer 

coefficient and the fin temperatures agree with the inverse results and the 

experimental data at the selected measurement locations, respectively. An appropriate 

flow model and the number of grid points need to be varied with fin spacing or air 

velocity for obtaining more accurate results. The air velocity pattern obtained by 

Chen et al. [2] with S = 5 mm and Va = 3 m/s is in good agreement with the 

experimental pattern in Ref. [8] for d0 = 10 mm (or Red =1785.67) and 27 mm (or 

Red = 4657.46) for d0 = 10 mm (or Red =1785.67) and 27 mm (or Red = 4657.46). 

Interesting findings from Refs. [1, 2] are that the zero-equation and RNG k-ε models 

are more suitable for natural convection and slower mixed convection problems, 

respectively. This means that the choice of a suitable flow model may depend on the 

air speed. Therefore, the main purpose of this study is to study how to select a 

suitable flow model and the near-wall treatment with air velocity of 4 m/s.  

 

2. Inverse method 

The physical geometry with various measurement locations and sub-fin regions, 

schematic diagram, experimental setups and basic assumptions can be found in Ref. 

[2]. A two-dimensional (2D) inverse method combined with experimental fin 

temperatures at the selected measurement locations is applied to estimate the heat 

transfer coefficient of this study. The 2D fin heat conduction equation and boundary 

conditions are written as follows.    
2 2

2 2 2

1 1 2


f f f

f

f

T T T h( r, )
+ + = (T T )

r r r r k t

   

  
          (1) 


fT

0
r




   at r = D/2                            (2) 

Tf = Tb        at r = d0/2                        (3) 

2f fT (r,0) T ( r, )                    (4) 

and 

http://www.sciencedirect.com/science/article/pii/S0142727X97100273
http://www.sciencedirect.com/science/article/pii/S0142727X97100273
http://www.sciencedirect.com/science/article/pii/S0142727X97100273
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2    f fT (r,0)/ T ( r, ) /               (5) 

where h(r, θ) are the heat transfer coefficient on the fin to be estimated.  

 The finite difference form of Eq. (1) in the kth sub-fin region is written as follows. 

1 1 1 1 1 1

2 2 2

2 2

2 1 1

2

     



    
 

   



f i , j f i , j f i , j f i , j f i , j f i , j f i , j f i , j

r r i r i r

k
f i , j

f

T T T T T T T T

[ R ( i ) ] [ R ( i ) ]

h
(T -T )

k t

                (6) 

      for  i = 2,…, Nr,  j = 1, 2,…, Nθ-1 

where h̅k is the average heat transfer coefficient in the kth sub-fin region for k =1, 

2,…, N. The number of sub-fin regions N is still taken as 6. The distance between 

two adjacent nodes in the r and θ directions, ℓr and ℓθ, are defined as ℓr =0.5(D – 

d0)/(Nr - 1) and ℓθ = 2/(Nθ - 1). h̅k is a constant that will be estimated. The 

difference equation of the boundary condition (4) can be found in Refs. [1,2]. 

 The rearrangement of Eq. (6) and the difference equations at the boundary and 

at the interface between two adjacent sub-fins produces the following matrix 

equation. 

[K][T] = [F]                                                     (7) 

where [K], [T] and [F] have been defined in Refs. [1, 2]. The fin temperature at the 

selected measurement location is obtained from Eq. (7) using Gaussian elimination. 

The unknown value h̅k is estimated by a least-squares minimization technique. The 

inverse analysis of this study can be found in Refs. [1, 2]. Once the h̅k value, the 

values of h̅,  h̅b and f can be obtained. 

 

3. 3D CFD 

 The main purpose of this study was to choose a suitable flow model and wall 

function at Va = 4 m/s. It is found in Refs. [1, 2] that a more accurate numerical result 

of the vertical annular finned tube heat exchanger can be obtained using the 

zero-equation model for natural convection and using the RNG k-ε model in 

combination with the standard wall functions (SWF) for mixed convection with 1 m/s 

≤ Va ≤ 3 m/s. This means that the appropriate flow model and near-wall treatment 

need to vary with air velocity to obtain more accurate numerical results. Thus, this 

study applies RNG and STD k-ε models in combination with enhanced wall treatment 

(EWT) and SWF to investigate the relationship between air velocity and flow model. 

Under the assumptions in Ref. [2], the 3D fin heat conduction equation and boundary 

conditions are written as 

2 2 2

2 2 2 2

T 1 T 1 T T
+ + + =0

r r r r z

   

   
                                (8)    
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0
r

T




    at r = D/2                                 (9)       

         

T = T0        at r = d0/2                                             (10) 

                             

T(r,0) T( r,2 )                  (11) 

T(r,0)/ T( r,2 ) /                   (12) 

0
z

T





  at  z = 0                                 (13) 

and 

f

T
k =h(r, )( T T )

z
 


 

    at  z = t/2                   (14) 

 The buoyancy effect is considered in the study. The flow model is the same 

throughout the computational domain of this study. The continuity, momentum and 

energy equations are expressed in tensor form for RNG and standard k-ε models as 

follows. 

0
x

u

i

i 




                  (15) 

2

1
' '

j i ji i
j j j a

j i j j i j

u u uu p u
u ( ) g (T T )

x x x x x x
 




    
      

                             (16) 

 

and 
2

2
2

' '

eff j aa a
p j p eff i ij

j j j j

k u TT T
c u c ( u S )

x x x x

  


   


  


                   (17) 

where xi, i = 1, 2, 3, respectively indicate x, y and z. x, y and z are the Cartesian 

coordinates. ui, p, gj and Ta are the velocity component, the pressure, the 

gravitational acceleration component in the xj direction and the air temperature, 

respectively. ρ, ν, cp, β and keff, respectively, are density, kinematic viscosity, 

specific heat, volumetric thermal expansion coefficient and effective thermal 

conductivity of the air. The effective kinematic viscosity νeff, Ss, keff and Prt are 

defined in Ref. [1, 2]. The Reynolds stress tensor and turbulent heat flux with 

Boussinesq approximation are given as 

' '

i j t ij ij

2
u u 2 S k

3
   

                     (18) 

and 

p t' ' a
j a

t j

c T
u T

Pr x

 
 


                            (19) 

where the turbulent kinematic viscosity νt is defined as 
2

t C k / 
. δij is the 

Kronecker delta function. 
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 The k and ε equations with buoyancy effect are expressed as follows.  

k b
i k eff

i i i

k k G G
u ( )

x x x
  



   
  

                    (20) 

and 
32 2

0

1 3 2 3

1

1
i eff k b

i i i

C ( / )
u ( ) C ( G C G ) C

x x x k k k



   

      
 

 

  
    

         (21) 

where the definitions of Gk, Gb and η can be found in Refs. [1,2]. k, ε, Cμ, C1ε, 

C2ε, η0, β and Prt are given as k = ε  = 1.393, Cμ = 0.0845, C1ε = 1.42, C2ε 

=1.68, η0 = 4.38, β = 0.012 and Prt = 0.8 for the STD k-ε model and k = ε  = 

1.393, Cμ = 0.0845, C1ε = 1.42, C2ε =1.68, η0 = 4.38, β = 0.012 and Prt = 0.8 for the 

RNG k-ε model. The parameter C3ε is 0 due to the air velocity perpendicular to the 

gravity.  

  

2.2 Boundary conditions 

kin and εin are both set to 0.5 [1, 2]. Only the half-section of the fins is selected 

for all calculations. The computational domain is found in Fig. 6 of Ref. [2]. At the 

entrance boundary of the wind tunnel, u1 and Ta are given as Va and T∞, 

respectively. At the exit boundary of the wind tunnel, the gradient of air velocity and 

temperature is given as zero. The pressure is one atmosphere. It is assumed that the 

fin edges and the side walls of the wind tunnel are insulated. No-slip boundary 

conditions are assumed at all solid surfaces. At the symmetry of the wind tunnel, 

∂Ta/∂z, ∂ui/∂z and ∂p/∂z are given as zero. At its entire boundary, the gradient of all 

dependent variables is set to zero. The temperature and heat flux matching conditions 

at the fin-air interface are written as 

aT T
    and     

a
f a

T T
k k

z z

 


                        (22) 

 The heat transfer rate dissipated from the jth sub-fin region Qk, the average heat 

transfer coefficient on the fins h̅, the heat transfer coefficient based on the T0 value 

h̅b and the total heat transfer rate dissipated from the fin to the ambient Q can be 

obtained using the obtained h̅k estimates. They are approximated as  

k

mea

k k k k k
A

Q 2h (T T )dA 2A h (T T )       for  k = 1, 2, …, NB      (23) 

and  

Q = ∑ Qk
N
k=1 = 2Afh̄b(T0 − T∞) = 2Afh̄(Tave − T∞)                 (24) 

where the lateral surface area of the plate fin Af is defined as 
2 2

f 0A ( D d ) / 4 
. 

Tave represents the average temperature at all fin grid points. The h̅ and h̅b values can 

be obtained from Eq. (24).  

The h̅ and Q expressions of CFD can be written as 
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fA

f

h( x, y )dA

h
A




                      (25) 

and  

fA
Q 2 h( x,y )(T T )dA 

                                       (26) 

 Chen et al. [10] also modified the correlation proposed by Watel et al. [18] for 

air speeds from 0.9 to 14 m/s (2,550 < Red < 42,000), 0.034 < u  < 0.69 and the 

tube with a single fin ( u  → ∞). The newly proposed modified correlation between 

Nud and Red from 4 to 5 m/s is expressed as 

0 55

0 07
0 4942 1 08 1

10

*
.

f db .

d

t K
Nu . [( . )( )Re ] }

S ( u ) (Re )
  


         (25) 

d n fNu Nu Nu                                      (26) 

where the dimensionless spacing u  is defined as 0u =S/d
. It is seen that Nud 

contains natural convection and forced convection terms. Nun and Nuf can be 

considered as Nusselt numbers for natural convection and forced convection, 

respectively. Nun, Nud and Red are defined as  

0
d

a

hd
Nu

k


                 (26) 

0a
d

V d
Re




                 (27) 

and 

0.255 0 0
n

d d
Nu ( 1.85 1.874Ra )(1 1.65 )

D S
   

          (29) 

The parameters b and K* are given as 

b = 0.27, K* = 0.62 for 0.034 ≤ u  ≤ 0.14 

and 

b = 0.55, K* = 0.36 for 0.14 ≤ u . 

 

3.  Typical grid distribution 

An unstructured grid system containing a non-uniform distribution of the grid 
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points is used to determine all of the numerical results. The mesh density is controlled 

to ensure correct results with various air velocities and fin spacings. A finer mesh is 

needed in the vicinity of the tube and fins. A coarser grid is used to save 

computational time in some regions where temperature and velocity gradients are 

small. Various grid points are tested for each case until the fin temperature and the 

resulting estimates are as close as possible to the experimental temperature data and 

inverse results. Nzf represents the number of grid points in the middle fins in the z 

directions. Nza indicates the number of grid points in the z direction between two 

adjacent fins or the middle fin and the wall of the wind tunnel for a single fin. The Nr 

and Nθ values on the fin are the same as those of the airfield between two adjacent 

fins. The Cartesian coordinate system is used to discretize the computational domain 

outside the fins.  

 

4. Results and discussion 

 As shown in Ref. [2], the fin length Lf and the tube diameter d0 are Lf = 0.099 m 

and d0 = 0.027 m. Three thermocouples were used to measure the ambient air 

temperature T∞. The average of these three measured temperatures is taken as T∞. All 

thermo-physical properties are obtained at the average of the fin base temperature and 

ambient temperature. The uncertainty of the T-type thermocouple is not more than 

0.4%. The experimental temperature measurements are obtained from Ref. [10]. All 

calculations for the inverse heat conduction analysis are performed using Nr = 10 and 

Nθ = 48. The grid sizes in the r and θ directions are non-equidistant. Although the 

inverse results of h̅ and Q are only approximations, the selection of the appropriate 

flow model and the near-wall treatment still needs to be as close as possible to the 

two inverse results and experimental fin temperatures. Table 1 shows the comparison 

between the CFD results obtained by various flow models in conjunction with EWT 

and SWF, inverse results and experimental fin temperatures. It is seen that the CFD 

results obtained by the STD k-ε model along with SWF are closer to the experimental 

fin temperatures [10] and the inverse results of h̅ compared to the RNG k-ε model. An 

interesting finding is that although the differences in fin temperatures at the selected 

measurement locations obtained by the RNG and STD k-ε models in conjunction 

with the SWF is small, the deviation of the obtained h  value cannot be ignored. 

This means that the comparison of h  between CFD and inverse results cannot be 

ignored. Therefore, the STD k-ε model combined with SWF is more suitable for this 

study than the RNG k-ε model. This finding is different from the previous results 

[3-6]. The present results and the results in Refs. [1, 2] show that the selection of the 

appropriate flow model and near-wall treatment may need to vary with air velocity. In 

other words, the specific flow model selected in advance may be inappropriate. 
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However, it is found from Refs. [3-6] that the specific flow model is selected in 

advance and is independent of the air velocity. The choice of appropriate flow model 

cannot be ignored. It is worth mentioning that the fin temperatures deviate from the 

experimental temperature measurements at the selected measurement locations, 

although the numerical results of h̅ are close to the inverse results, the Q value of the 

CFD slightly deviates from the inverse result. This means that the h̅b value of CFD 

may also be slightly different from the inverse result. This deviation is expect because 

the 2D fin heat conduction equation and the constant h̅k value in the kth sub-fin region 

are assumed to obtain an inverse result. 

 The y
+ 

values of S = 5 mm obtained by RNG and STD k-ε models combined 

with SWF are, respectively, 1.24 and 1.46 at Va = 4 m/s. The y
+
 value obtained by the 

STD k-ε model in conjunction with the SWF is greater than that of the EWT. The 

same results can be found in Tables 1-4 of Ref. [2]. Therefore, the y
+
 value obtained 

increases with increasing air velocity, as shown in Ref. [2].  

The velocity patterns on the x-y plane of z = S/2 are presented in Fig. 3 for S = 5 

mm and Va = 4 m/s. Due to the blockage of the heated horizontal tube, the airflow 

entering the region between the two parallel fins impinges on this tube at the 

stagnation point and accelerates around it. It is seen that the low-speed range is small 

in front of the stagnation point. The airflow then separates from the tube surface at 

the separation point and forms a low-velocity wake region behind it. The two vortices 

are symmetrical in the wake region behind the circular tube and rotate in the opposite 

direction. The two vortices form a low-velocity wake region. This means that 

reducing the diameter of the tube can reduce the range of the wake region behind the 

tube. The low velocity air flow is found in the third region of the downstream section 

from the fins. The complex 3D flow characteristics within the fins of the vertical 

annular finned tube heat exchanger are accompanied by a stagnation point, flow 

separation and two vortices in the wake region. It is known that heat transfer 

engineering designers may want to know how to eliminate the two vortices behind 

the tube to increase the heat dissipation of the fins. Therefore, the results of this study 

contribute to the design of heat transfer engineers. 

The air temperature contours on the x-y plane of z = S/2 are shown in Fig. 4 for S 

= 5 mm and Va = 4 m/s. The air temperature profile on the x-y plane exhibits a 

non-uniform distribution between the two adjacent fins. The thermal boundary layer 

thickness increases along the flow direction. The high-temperature region is seen in 

the wake region behind the tube. Since there are two vortices behind the tube, the air 

temperature in this region is higher than that in the other regions.  
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5. Conclusions 

This study proposes a hybrid method of inverse method and CFD combined 

with experimental fin temperature measurements to investigate the relationship 

between air velocity and flow model to determine more accurate desired results. An 

interesting finding is that the h̅ value obtained from the STD k-ε model combined 

with SWF is closer to the estimated inverse result than that obtained from the RNG 

k-ε model, but their fin temperature differences are small at selected measurement 

locations. This means that a comparison of h  between the CFD and the inverse 

results may be necessary. The STD k-ε model combined with the SWF can be more 

suitable for problems with faster air velocities than the RNG k-ε model. The h̅ and y
+ 

values obtained from the STD k-ε model is larger than those obtained from the RNG 

k-ε model. The h̅ and y
+
 values obtained from SWF is greater than those obtained 

from EWT.  
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Table 1  

Comparison of the results obtained for various flow models and near-wall treatments, Va 

=4 m/s, S=5 mm, T0=330.80 K, T∞=298.70 K, Red= 6146.13 and Nt=465,292 . 

 

 Exp. 

data 

STD k-ε 

SWF 

  RNG k-ε 
 

 EWT SWF 

T1 (K) 

T2 (K) 

T3 (K) 

T4 (K) 

T5 (K) 

T6 (K) 

301.37 

301.96 

308.04 

310.98 

301.76 

300.39 

302.51 

304.51 

310.44 

310.41 

304.41 

302.51 

  304.85 

 306.91 

 311.64 

 311.58 

 306.95 

 304.95 

303.63 

305.16 

310.95 

310.83 

305.00 

303.71 

 

h̅  

(W/m
2
K) 

41.53 

(Inv.) 
43.20  22.30 36.10 

h̅b 

(W/m
2
K) 

6.18 

(Inv.) 
7.62  5.87 7.07 

 

Q (W) 2.83 

(Inv.) 
3.48  2.68 3.24 

 

y
+
 - 1.46  0.91 1.24  
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Fig. 1.  Physical geometry of this study with various measurement locations 

and sub-fin regions. 

 

 

  Fig. 2.   Schematic diagram of the physical model and the computational domain 

on the x-y plane with dashed lines.   
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Fig. 3.  Velocity pattern on x-y plane of z = S/2 for S = 5 mm and Va = 4 m/s 

 

 

 

 

Fig. 4.  Air temperature contour on x-y plane of z = S/2 for S = 5 mm and Va = 4 m/s. 
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Abstract 

Outbreaks of infectious diseases have caused serious problems for humans as well as 

for animal and plant populations. Plant diseases can cause large yield losses in 

agricultural crops. One of the most dangerous plant pathogenic bacteria in the world 

is Xylella fastidiosa. Over one million olive trees are dying from Xylella due to a 

disease called Olive Quick Decline Syndrome (OQDS). When a new pathogen is 

emerging in an area, there is often an attempt to halt or at least slow down its spatial 

spread. Therefore, this paper presents a study of the effect of disease control on the 

spatial spread of OQDS. A stochastic spatially explicit model is used to study the 

epidemic and the effect of host removal. The result show that, if we know where 

every latent and infectious individual is, and remove infectious individuals from the 

front of the epidemic wave, it is possible to slow down the spread of the disease 

outbreak and decrease epidemic duration. 

 

Keywords: Olive Quick Decline Syndrome, Spatial epidemic, Stochastic method, 

Xylella fastidiosa 

 

1. Background/ Objectives and Goals 

Plant diseases are a challenge to plant growth and crop production in all parts of the 
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world. Plant diseases reduce the production and the quality of food, fiber and other 

produce. Epidemics are population processes that occur in time and space. Space can 

play a significant role in disease dynamics. Disease spread is the result of inoculum 

dispersal from plant to plant. Infectious units (e.g. spore) of a pathogen move from 

the infected plant they are produced on to another possibly uninfected plant, and then 

can cause an infection. One of the most damaging plant bacteria in the world is 

Xylella fastidiosa. It causes a wide range of diseases, with huge economic impact on 

agriculture, gardens and the environment (Hoddle, 2004; Schaad et al., 2004; 

Schuenzel et al., 2005; Sicard et al., 2018).  

 

The first Xylella discovered on olive trees in Europe was in 2013 in the Apulia region 

in southern Italy which is the main olive growing area. More than 750 million olive 

trees are planted around the world, with 95% of them concentrated in the 

Mediterranean region (Catalano et al., 2019). The frontier of the infected region has 

about 21 million olive trees under threat of bacterial infection and covers almost 36% 

of the Apulia region. Since its first discovery in Italy it has been reported in France in 

2015, Spain and Germany in 2016 (Denance et al., 2017). Xylella has been described 

as "one of the most dangerous plant bacteria worldwide." It infects over 500 species 

of plant including crops, ornamental plants, and trees. OQDS is characterized by leaf 

scorching and scattered desiccation of twigs and branches that usually starts at the top 

of the tree canopy and expands to the rest of the crown to which it confers a scorched 

aspect and culminates with the death of the trees within a few years from the onset of 

symptoms (Saponari et al., 2019).  The epidemic has a very negative impact, not 

only in olive producers but also effects the local economy. In addition, other 

agricultural products throughout the country are affected by import restrictions, 

which are related to the potential risk of the disease being spread. 

 

When a new pathogen is emerging in an area, there is often an attempt to slow down 

the spatial spread of it. It is often done by eradicating infected hosts. In the case of 

Xylella this is the only possible control option as no chemical control is available and 

host resistance is not present in the current Apulia plantings. Eradicating is a very 

expensive process, and often resources are not enough to apply control over a large 

area. This disease is spreading rapidly, and there is a serious effort to try and slow or 

stop the rate of spread. It would be useful, therefore, to use a stochastic 

individual-based model for simulate the disease outbreak. Therefore, this work 

purpose to study the spatial epidemic wave of OQDS and to assess the effect of 

eradication on the rate of spread. 
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2. Methods 

2.1 Stochastic process 

Demographic stochasticity is defined as fluctuations in population processes that arise 

from the random nature of events at the level of the individual (Keeling and Rohani, 

2008). Event-driven methods require explicit consideration of the events occurring. 

There are different ways of implementing this event driven dynamics, though most 

practitioners use Gillespie's Direct Method (Gillespie 1977). This scheme first 

estimates the time until the next event, based on the cumulative rates of all possible 

events. Then, by converting event rates into probabilities, it randomly selects which 

even is occurring. The time and numbers in each class are then updated. This process 

is repeated to iterate the model through time. Here, noise affects only the probabilities 

associated with the fates of individuals, and the updating of each consecutive event is 

independent-there is no assumption concerning environmental stochasticity (e.g., 

"good" versus "bad,' years). Gillespie’s Direct Method Algorithm (1977), is a 

well-known exact stochastic algorithm for simulating reactions that require the use of 

random numbers to calculate which reaction occurs next and when it occurs. 

 

Generation of host landscapes: Landscapes consist of randomly scattered hosts/trees 

in the landscape (but see discussion). The landscape consists of 2,500 hosts which all 

of host are susceptible to infection. The individuals go from healthy, become latently 

infected (they are infected, but not yet infectious or showing symptoms), infectious 

(showing symptoms and infecting others), and finally removed (stopped infecting 

others, or removed from the system). 

 

2.2 The epidemic model 

The epidemic process is simulated using a spatially explicit simulation model. The 

model output at each time step is a map with the susceptible, latent infected and 

infectious hosts. From the timeseries of maps we calculate the velocity of epidemic 

spread. We study the effect of infected host removal on the velocity of spread. 

 

The probability per time unit that a susceptible host, i , becomes infected is 

determined by equation (1). We assume that the first 10 hosts at the right-hand side of 

the landscape, so defining the initial infection. Each dot in the landscape represents 

healthy hosts (green circle), latently infected hosts (red circle), infectious hosts (red 

circle), and removed hosts (black circle). The algorithm of the epidemic process was 

as follows: 
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- Generation of host landscapes; The hosts are randomly allocated in x and y 

coordinate, then sorting x coordinate in ascending order.  

-  Define initial infection; At 0t  , the first 10 hosts are defined to be in the 

infectious state. The healthy, latent, infectious and remove hosts are represented 

by state 1, 2, 3 and 4, respectively 

- Calculate the probability per time unit of infection; The probability of susceptible 

host that becomes infected is calculated from the probability that spore land on 

susceptible host or dispersal kernel,  , with the distance of each host, ijd , and 

number of spore per time unit or transmission rate of infection,  . Besides, 

primary infection rate,  , is also considered a factor of infection. The 

probability that a susceptible host becomes infected, P , is calculate as 

11 ,

nPlant
dij

j

e

P e


 





 
  
 
 


           (1) 

- For each time determine the summation probability at which it occurs; 

inf

1

ection

i

P


 , 

where P  is the probability that a susceptible host i becomes infected. 

- Generate a new random number to calculate the next event that the host becomes 

infected and set 1

1

nPlant

i

E RAND P


  , where E  is the event condition, 1RAND  

is the random number between 0 and 1. 

-  Update time step; The next time step is calculated from  

 2

1

1
log

nPlant

i

t RAND

P






         (2) 

where t  is time, 
2RAND is the random number between 0 and 1. 

- Calculate the velocity; Finally, the velocity of the epidemic is calculated from 

fitting the linear regression, y ax b  . Where y  is the distance, x  is time 

step, a  is a slope of the line or speed that represents the velocity of disease 

spread, b  is a constant. 

The key question now is: If we know where every latent and infectious individual is, 

and we remove infectious individuals from the front of the epidemic wave each time 

unit, do we slow the rate of spread of the disease? 

a. How does this vary with the latent period?  

b. How does this vary with the number of hosts remove? 
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3. Results 

a. How does the velocity vary with the latent period?  

This study has focused on the variation of the mean velocity and epidemic duration 

on the length of the latent period. The latent period is the time before the symptoms 

of the disease appear. If the latent period is small, then individuals host are infectious 

soon after the infection took place. This implies that the infection spreads quickly. If 

the latent period is high, then hosts are infectious after latent period which 

corresponds to the velocity result. The mean velocity of epidemic spread (mean of 20 

runs) for different latent periods is shown in Figure 1A (Orange line). The mean total 

duration of the epidemic, i.e., the time from initial infection until end of epidemic is 

achieved, was also recorded at the end of each simulation run (Figure 1A, blue line). 

The results indicate that the epidemics in landscapes with longer latent periods have 

smaller velocity and this goes pared with a longer epidemic duration. Due to the 

increased latency of the infection, the onset of symptoms is slow. It therefore results 

in a slower speed of outbreaks and a longer disease duration. On the other hand, the 

epidemics with smaller value of latent period will have a larger velocity and a short 

epidemic duration. A shorter time of latent period corresponds to more infections. 

Since the host may die out, causing the pathogen lack host, thus shortening the 

outbreak period. The example of host distribution with latent period equal 0 and 30 

are show in Figure 1B and C. 
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(A) 

   

(B) (C) 

Fig. 1: The mean velocity and mean epidemic duration of the epidemic for different 

of latent period (A). The example of host distribution with latent period is 0 (B) and 

30 (C). 

 

3.2 How does the velocity vary with the number of infected hosts eradicated? 

The infectious individuals are removed from the front of the epidemic wave. The 

variation of the number of removals in response to mean velocity and epidemic 

duration are shown in Figure 2 (A, B). The rounds of host removal occur after 20 

days of the epidemic. The velocity result show that when the number of removals 

increase, the velocity has not been changed a lot. That is, for each host landscape, 

very small and very large number of removals lead to a constant velocity. However, 

there exists a 20 number of hosts removed which minimizes the epidemic duration. 

Therefore, the best number of removals is 20 host because the epidemic duration is 

lowest. The total number of hosts removed is associats with the time of removals. The 

example of host distribution with number of hosts removed equal 0 and 100 are show 

in Figure 2B and C. 
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(A) 

       

(B) (C) 

Fig. 2: The mean velocity and mean epidemic duration of the epidemic for different 

of number of removals (A). The example of host distribution with number of 

removals is 0 (B) and 100 (C). 

 

3.3 Conclusion 

The spread of infectious diseases has always been of concern and important problem. 

The assessment of the overall economic damage that has suffered from OQDS 

epidemic is severe and difficult to identify. It is an invasive plant pathogen that causes 

significant environmental and economic impacts. When a new pathogen is emerging 

in an area, there is often an attempt to slow down the spatial spread of it. It is often 

done by eradicating infected hosts.  

 

The stochastic spatially explicit model is used to study the epidemic of disease and 

the number of host removal. The host landscape is generated by randomly process. 

Each host in landscape illustrates the discrete plant. The simulation process is finding 

the velocity of disease spread from the probability of susceptible host that becomes 

infected from distance of each host. If we know where every latent and infectious 

individual is, and remove 20 infectious individuals from the front of the epidemic 

wave each time unit, it is possible to slow down the velocity of the disease outbreak 

and decrease epidemic duration. The latent period is the time before the symptoms of 

disease appear: if the latent period is low, then individuals host are infectious 
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immediately when the fungi attaches to the host. This can help the infection to spread 

more easily. Some diseases (such as virus diseases and bacterial diseases) have three 

periods to consider. After the infection took place the host shows no symptoms and is 

not infectious. Then after some time the host becomes infectious but still does not 

show symptoms. Then some time later the symptoms develop. The asymptomatic but 

infectious period can have a large effect on disease control. Hosts are infectious but 

cannot be found because they are still asymptomatic. Moreover, the velocity of an 

epidemic is depending on the number and time of removals. The total number of 

hosts removed is associated with the time of removals. In the future, the effect of the 

asymptomatic period and time of removal should also be considered. 
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Abstract 

 The study of six medicinal herbs namely; Siam weed (Eupatorium odoratum  L.), 

cassod tree (Cassia siamea Lam.), citronella grass (Cymbopogon nardus (L.) Rendle), 

pudding pipe (Cassia fistula L.), tumeric (Curcuma longa L.) and zedory (Curcuma 

zedoaria (Berg.) Roscoe)  were extracted by 95% ethanol and used at 0, 0.5, 1.0, 1.5 

and 2.0 mg/ml. The six medicinal herb crude extracts were tested on the inhibitory on seed 

germination and seedling growth of black gram (Vigna mungo Hepper.). Seed germination, 

shoot length, root length and seedling dry weight were recorded. The results showed 

that all crude extracts at 0.5, 1.0, 1.5 and 2.0 mg/ml inhibited seed germination and 

seedling growth of black gram. whereas, the three crude extracts such as; Siam weed, 

citronella grass and pudding pipe at 1.5 and 2.0 mg/ml showed the highest inhibition of 

seed germination and seedling growth in term of  shoot length, root length and 

seedling dry weight characteristics at 100%. A raise of concentration of six plants crude 

extracts increased inhibition of seed germination and seedling growth in  black gram. 

Key words: ethanolic crude extracts, black gram, seed germination and seedling growth 

inhibition  

 

1. INTRODUCTION 

Allelopathic potentials is the activity of the interaction between life 

community (crop species and weed species) in environmental condition. Allelopathic 

effects in the environmental conditions divided into four interaction groups including 

crop-crop species interaction, crop-weed species interaction, weed-crop species 

interaction and weed-weed species interaction. The allelochemical substances 

released fron the dornor plants to the receive plants. (20). Some of the impaction of 

allelochemical substances effected on the growth and development of the intolerant 

plant including losed the seed germination and seed vigor, discoloration of seeds, 

reduced radicle and root extension, lack and curling of root hair, reduced of shoot 

length and reduced dry weight accumulation (21). Recenly, Modern Agricultural 
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management have succeeded due to the integration of allelochemical substances and 

allelopathic effects for pest management.  

For the allelopathic effects as the focused in the research papers of the 

international country and Thailand country. For the example, Haddadchi and Gerivani 

(10) noted that the allelopathic effects of canola (Brassica napuse L.) to inhibited of the 

seedling growth in soybean (Glycine max L.), Sahoo et al. (19) noted the allelopathic 

effects of Mangifera indica L. to inhibited of the seedling growth fo five crop species 

(chilli; Capsicum annum L., soybean; Glycine max L.), maize; Zea mays, rice; Oryza 

sativa and lady finger; Abelmoschus esculentus (L.) Moench), Seyyednejad et al. (23) 

showed the allelopathic effects of rice (Oryza sativaL.) to inhibited of the seedling 

growth in barnyardgrass (Echinochloa crus-galli), Sadeghi  et al. (17) impressed that the 

allelopathic effects of wheat  (Triticum aestivum) to inhibited of the seedling growth in 

two crop species (sunflower ; Helianthus annuus ) and barley (Hordium vulgare) and 

Benyas et al.  (5) note that the allelopathic potential of Xanthium strumarium to 

inhibited of seedling growth in lentil (Lens culinaris),  El-Rokiek et.al. (8) noted that 

the crude extracts from the leaves of mango to inhibited on the shoot growth in purple 

nutsedge (Cyperus rotundus), Sherif et.al.  (18) focused that the crude extracts from the 

leaves of Trianthema portulacastrum L.) to inhibited of seeling growth in Amaranthus 

viridis and Dhima et.al. (6) showed that the crude extracts from the leaves of three crop 

species namely rye (Secale cereale), barley (Hordeum vulgare) and triticale 

(Triticosecale) to inhibited of seed germination in two weed species (Echinochloa 

crus-galli and Setaria verticillata).  

El-Rokiek et.al. (7) noted that the crude extract from the stems parts of Cyperus 

rotundus showed the inhibition of soot growth in weed species (Chorchorus olitorius and 

Echinochloa crus-galli), Khan et.al. (12) noted that the allelopathic effects from the leaves 

and stems of Rhazya stricta to inhibited on seed germination and seedling growth of maize 

(Zea mays L.) and Lai et.al. (14) showed that the crude extract from the seeds of leek 

(Allium porrum) to inhibited of seed germination and radical growth in tobacco.    

Machado et.al. (15) showed that the crude extract from the leaves of some weed 

in Asteraceae Family to inhibited of seed germination and seedling growth in downy 

brome (Bromus tectorum) and Sawatdikarn (21) showed that the crude extract from the 

stem of some weed (Leptochloa chinensis Nees.) to inhibited on seedling growth in 

purple nutsedge (Cyperus rotundus L.) and Han et.al. (19) showed the allelopathic 

effects from the rhizome of ginger (Zingiber officinale Rosc.) to inhibited on seed 

germination and seedling growth on two crop species (soybean (Glycine max (L.) Merr.) 

and chives (Allium schoenoprasum L.).  

Little information of the study of the ethanolic crude extracts of six medicinal 

herbs namely Siam weed (E. odoratum  L.), cassod tree (C. siamea Lam.), citronella 
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grass (C. nardus (L.) Rendle), pudding pipe (C. fistula L.), tumeric (C.  longa L.) 

and zedory (C. zedoaria (Berg.) Roscoe)  to effected on the some characteristics (seed 

germination, shoot length, root length and seedling dry weight) in black gram. 

Sawatdikarn (22) showed the effect of ethanolic crude extracts from six members in 

Piper Genus on seed germination and seedling growth in Black gram.  The objective 

of this research was to evaluate of the ethanolic crude extracts of six medicinal herbs on 

the seed germination and seedling growth in black gram.   

 

2. MATERIALS AND METHODS 

2.1 Location 

This work was conducted at Department of Applied Science, Faculty of 

Science and Technology, Phranakhon Si Ayutthaya Rajabhat University, Phranakhon 

Si Ayutthaya province during 2017-2018. 

The plants in this study namely; siam weed (E. odoratum  L.), cassod tree (C.  

siamea Lam.), citronella grass (C. nardus (L.) Rendle), pudding pipe (C. fistula L.), 

tumeric (C. longa L.) and zedory (C. zedoaria (Berg.) Roscoe) were collected from 

fields (14
๐

 21 
/
 N, 100

๐
 34 

/
 E) in Phranakhon Si Ayutthaya Province, Thailand, in 

September 2016. 

 

2.2 Preparation of extracts  

The preparation of extracts; The fresh leaves of siam weed (E. odoratum  L.) 

and cassod tree (C. siamea Lam.) were chopped into 0.5 cm long pieces, the fresh 

stem of citronella grass (C. nardus (L.) Rendle) were chopped into 1.0 long pieces, 

the fresh pod of pudding pipe (C. fistula L.) were chopped into 0.5 long pieces and 

the fresh rhizome of two species namely tumeric (C. longa L.) and zedory (C. 

zedoaria (Berg.) Roscoe) were chopped into 0.5 cm thick slices (20). 

The components of each plant were then over dried at 80
๐

C. for 3-5 days and 

then were ground into powder. One hundred grams of each dried material was 

extracted with 95% of ethanol for 48 h at 25
๐

C. The plants extracts were respectively 

filtered through four layers of cheesecloth and centrifuged at 3,000 rpm for 5 h. These 

extractions were distilled several times by filter papers. Fresh stock extracts were 

kept in a chamber set at 5
๐

C. until use.  

The bioassay was conducted with five concentrations (0, 0.5 1.0 1.5 and 2.0 

mg dry weight equivalent extract/ml) 
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2.3 Seed bioassay 

Seed germination tests were conducted for each extract; 25 black gram (Vigna 

mungo Hepper.) seeds were surface sterilized with 5% (w/v) sodium hypochlorite 

solution for 10 min, rinsed two times with distilled water. 25 black gram (V. mungo 

Hepper.) seeds were put on two layer filter paper in 12- cm petri dishes. The bioassay 

was divided into five concentrations (0, 0.5 1.0 1.5 and 2.0 mg dry weight equivalent 

extract/ml) of each extract (Siam weed (E.  odoratum  L.), cassod tree (C. siamea 

Lam.), citronella grass (C. nardus (L.) Rendle), pudding pipe (C. fistula L.), tumeric 

(C. longa L.) and zedory (C. zedoaria (Berg.). 

The petri dishes were tested in the darkness at 25 
๐

C. The seed germination 

was measured at 5 days after incubation in darkness at 25 
๐

C. The shoot and root 

length of seedling was measured at 7 days after incubation in darkness at 25 
๐

C. (4).  

The control seeds were tested on the filter paper moistened with the water solution 

(without the extract). The bioassay was repeated four times with ten plants of each 

treatment. The parameter of seed and seedling vigor devided into four characteristics 

including seed germination, shoot length, root length and seedling dry weight.   

The seed germination and seedling growth inhibition (M) with respect to the 

control treament was calculated from the formula (21) as follows ; 

   M = (A-B) / A x100 

Where A is the seed germination and seedling growth of the control treament and B is 

the seed germination and seedling growth of the treated of crude extracts.  

 

2.4 Statistical analysis 

 All experiments were done for four replications. Data (inhibition of seed 

germination, shoot length, root length and seedling dry weight) were subjected to 

analysis using Duncan 
,
s Multiple Range Tests (DMRT).  

 

4. RESULTS AND DISCUSSION 

The six crude extracts of medicinal plant namely Siam weed (Eupatorium 

odoratum  L.), cassod tree (Cassia siamea Lam.), citronella grass (Cymbopogon 

nardus (L.) Rendle), pudding pipe (Cassia fistula L.), tumeric (Curcuma longa L.) 

and zedory (Curcuma zedoaria (Berg.) Roscoe) showed inhibition on seed 

germination, shoot length, root length and seedling dry weight of black gram at 

different concentrations (Table 1-6).  

The crude extract of Siam weed (E. odoratum  L.); The crude extracts from the 
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leaves of siam weed at all concentrations inhibited of seed germination and seedling 

growth (shoot length, root length and seedling dry weight) in black gram (Table 1). 

The incresed of concentration of  Siam weed crude extract as incresed of inhibition 

on seed germination and seedling growth of black gram. The crude extract of Siam 

weed at 1.5 and 2.0 mg/mL showed the highest of inhibition of seed germination and 

seedling growth (shoot length, root length and seedling dry weight) of black gram at 

100%. The crude extract of Siam weed at 1.5 and 2.0 mg/mL showed the highest of 

inhibition of seed germination and seedling growth. Similar allelopathic effects were 

also reported by Rusdy et al. (16) noted that the allelopathic effects of Siam weed to 

inhibited of seed germination and seedling growth in Centrosema pubescens and 

Usuah et al. (26) noted that the allelopathic effects of Siam weed to inhibited of seed 

germination and mean germination counts in four test plants namely maize, melon, 

okra and cowpea.  

The crude extract of cassod tree (C. siamea Lam.); The crude extracts from the 

leave of cassod tree at all concentrations inhibited of seed germination and seedling 

growth in black gram (Table 2). A addition of concentration of  cassod tree  crude 

extract as incresed of inhibition on seed germination and seedling growth                     

(shoot length, root length and seedling dry weight) of black gram. The crude extract 

of cassod tree at 2.0 mg/mL showed the highest of the inhibition of seed germination 

and seedling growth of black gram, the inhibition of seed germination  at 50.00%, 

the inhibition of shoot length at 95.26%, the inhibition of root length at 90.12% and 

the inhibition of seedling dry weight at 75.00%. The crude extract of cassod tree at 

2.0 mg/mL showed the highest of inhibition of seed germination and seedling growth. 

Similar allelopathic potentials were also reported by Hussain et al. (11) impressed 

that the allelopathic effects of Cassia angustifolia to inhibited of seed germination in 

four test palnts namely Triticum aestivum, Zea mays, Oryza sativa and Sorghum 

bicolor and Abugre et al. (1) noted that the allelopathic effects of Cassia siamea  to 

inhibited of seedling growth (radicle and plumule length) in four test plants namely 

Vigna unguiculata, Zea mays, Hibiscus esculentus and Lycopersicon esculentum.  

The crude extract of citronella grass (C. nardus (L.) Rendle.); The crude 

extracts from the stems of citronella grass at all concentrations inhibited of seed 

germination and seedling growth (shoot length, root length and seedling dry weight) 

in black gram (Table 3). The increased of concentration of  citronella grass crude 

extract, showed the increased of inhibition on seed germination, shoot length, root 

length and seedling dry weight of black gram. The crude extract of citronella grass at 

1.5 and 2.0 mg/mL showed the highest of the inhibition of seed germination and 

seedling growthof black gram. This study that related to the some researchs were 

found the allelopathic effects of citronella grass inhibited of the seed germination and 
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seedling growth of some crops. Suwitchayanon et al. (25) noted that the allelopathic 

effects of citronella grass to inhibited of seedling growth (shoot and root length) in 

three test plants namely alfalfa (Medicago sativa L.), cress (Lepidum sativum L.) and 

lettuce (Lactuca sativa L.) and Suwitchayanon and Kato-Noguchi (24) showed that 

the crude extracts from leaves, stalks and roots of citronella grass to inhibited of 

shoot and root length of seedling growth in three test crops namely barnyard grass                

(Echinochloa crus-gali L.), Italian ryegrass (Lolium moltiflorum Lam.) and junglerice 

(Echinochloa colona (L.)P. Beauv.).  

 

The crude extract of pudding pipe (C. fistula L.); The crude extracts from the 

pod of pudding pipe at all concentrations showed inhibite of seed germination and 

seedling growth in black gram (Table 4). The incresed of concentration of  pudding 

pipe crude extract that addition of inhibition on seed germination, shoot length, root 

length and seedling dry weight of black gram. The crude extract of pudding pipe at 

1.5 and 2.0 mg/mL showed the highest of inhibition of seed germination and seedling 

growth (shoot length, root length and seedling dry weight) of black gram at 100%. 

The crude extract of pudding pipe at 1.5 and 2.0 mg/mL showed the highest of 

inhibition of seed germination and seedling growth. Similar allelopathic effects of 

pudding pipe (Cassia fistula L.) were also reported by Anjum et al. (3) noted that the 

allelopathic effects of Cassia fistula L. to inhibited of hypocotyls length and root 

length of seedling growth in lettuce (Lactuca sativa).  

The crude extract of tumeric (C. longa L.); The crude extracts from the rhizome 

of tumeric at all concentrations inhibited of seed germination and seedling growth in 

black gram (Table 5). The addition of concentration of  tumeric crude extract as 

incresed of inhibition on seed germination, shoot length, root length and seedling dry 

weight of black gram. The crude extract of tumeric at 2.0 mg/mL showed the highest 

of inhibition of seed germination, shoot length, root length and seedling dry weight of 

black gram. Similar allelopathic effects were also reported by Abbasi and Shah (2) 

showed that the allelopathic effects of tumeric to inhibited of seed germination and 

root length of seedling growth in radish (Raphanus sativus L.) and Sawatdikarn (20) 

showed that the allelopathic effects of tumeric to inhibited of seedling growth in term 

of plant height, number of leaves, leaves width and leaves length in chinese kale 

(Brassica alboglabra)  

The crude extract of zedory (C. zedoaria (Berg.) Roscoe); The crude extracts 

from the rhizome of zedory at all concentrations inhibited of seed germination and 

seedling growth in black gram (Table 6). The incresed of concentration of  zedory 

crude extract that incresed of inhibition on seed germination, shoot length, root length 

and seedling dry weight of black gram. The crude extract of zedory at 2.0 mg/mL 
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showed the highest of inhibition of seed germination, shoot length, root length and 

seedling dry weight of black gram.  The crude extract of zedory  at 2.0 mg/mL 

showed the highest of inhibition of seed germination and seedling growth. These 

researchs are in agreement with the results of two researcher, with reported that the 

extracts in some Zingiberaceae family showed inhibition effecte on seed germination 

and seedling growth in some crops, Sawatdikarn (20) showed that the allelopathic 

effects of six crude extracts in Zingiberaceae family (chinese keys (Boesenbergia 

pandurata), greater galangal (Alpinia galangal), cassumunar ginger (Zingiber 

cassumunar), turmeric (Curcuma longa), bastard cardamom (Amomum xanthioides) 

and ginger (Zingiber officinale) to inhibited of seedling growth in term of plant 

height, number of leaves, leaves width and leaves length in chinese kale (Brassica 

alboglabra)  and Kumar et al. (13) noted that the allelopathic effects of Zingiber 

officinale to inhibited of shoot length and root length of seedling in corn (Zea mays).   

The phytochemical potentials and phytotoxic effects of the six crude extracts 

namely Siam weed (E. odoratum  L.), cassod tree (C. siamea Lam.), citronella grass 

(C. nardus (L.) Rendle), pudding pipe (C. fistula L.), tumeric (C. longa L.) and 

zedory (C. zedoaria (Berg.) Roscoe) inhibited of seed germination and seedling 

growth in black gram (seed germination and seedling growth in term of shoot length, 

root length and seedling dry weight characteristics), these results have been confirmed 

by several researches, for examples phenolic and alkaloid substances were found from 

the leaves of Siam weed (16), substances namely saponins, tannins, alkaloids and 

flavanoids were found from the leaves of cassod tree (1), stems of citronella grass were 

known to contain citronellal, geraniol and eugenol (25), the pod of pudding pipe have 

been found to contain phytochemical substance namely flavanoids, total phenolic and 

fistulic acid (3), the rhizome of tumeric were found  the phytochemical substances 

namely tannins, alkaloids, saponins, terpenoids, cadiac glocosides and flavanoids (2) and 

curcumenol and curcumin were found from the rhizome of  zedory (20). 

 Effect of allelochemical substance is also dependent on some factors, the plant species 

and the concentration of plant extract. The impaction of allelochemical substance from six 

plant species on seed germination and  seedling growth in black gram divided into two 

groups by the impaction of reduction in the seed germination and  seedling growth, the 

first group; the significant reduction in the seed germination and  seedling growth were 

found in the crude extracts of  three crop species namely Siam weed, citronella grass 

and pudding pipe at 1.5 and 2.0 mg/ml showed the highest inhibition at 100% and the 

second group; the moderate and low of reduction in the seed germination and  seedling 

growth were found in the crude extracts of  three crop species namely cassod tree, 

turmeric and  zedory at 0.5, 1.0, 1.5 and 2.0 mg/ml showed the inhibition between 20% 

to 96 % .   
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This study noted that the six crude extracts can be use for broad leaved weed 

management and can be used the six plants crude extracts for weed control. The 

crude extracts of  three crop species namely Siam weed, citronella grass and pudding 

pipe at 1.5 and 2.0 mg/ml showed the highest inhibition of seed germination and 

seedling growth in term of  shoot length, root length and seedling dry weight 

characteristics at 100% of black gram at all concentrations.  

. 

4. CONCLUSION 

All crude extracts at 0.5, 1.0, 1.5 and 2.0 mg/ml inhibited seed germination and 

seedling growth of black gram. whereas, the three crude extracts such as; Siam weed, 

citronella grass and pudding pipe at 1.5 and 2.0 mg/ml showed the highest inhibition of 

seed germination and seedling growth in term of  shoot length, root length and 

seedling dry weight characteristics at 100%. A raise of concentration of six plants crude 

extracts increased inhibition of seed germination and seedling growth in black gram. 
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Table 1 Inhibitory of seed germination, shoot length, root length and seedling dry weight 

of black gram as affected by different concentration of Siam weed crude extracts. 

Concentration 

of 

siam weed  

crude extracts 

(mg/mL) 

Inhibitory of 

seed 

germination 

(%) 

Inhibitory of 

shoot length 

(%) 

Inhibitory of 

root length 

(%) 

Inhibitory of 

seedling dry 

weight 

(%) 

0.5 50.06c 76.12c 68.24c 71.28c 

1.0 72.64b 80.26b 75.29b 83.69b 

1.5 100a 100a 100a 100a 

2.0 100a 100a 100a 100a 

C.V. (%) 10.28 12.34 9.65 13.36 

In the same column, mean followed by a common letter are not significantly different 

at the 5% level by DMRT. 
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Table 2 Inhibitory of seed germination, shoot length, root length and seedling dry 

weight of black gram as affected by different concentration of cassod tree 

crude extracts.  

Concentration 

of 

cassod tree     

crude extracts 

(mg/mL) 

Inhibitory of  

seed 

germination  

(%) 

Inhibitory of  

shoot length  

(%) 

Inhibitory of  

root length  

 (%) 

Inhibitory of  

seedling dry 

weight  

(%) 

0.5 20.00c 61.19d 27.28c 30.00d 

1.0 33.30b 75.26c 74.90b 50.00c 

1.5 46.68ab 87.01b 75.69b 65.00b 

2.0 50.00a 95.26a 90.12a 75.00a 

C.V. (%) 10.25 11.64 12.18 13.68 

In the same column, mean followed by a common letter are not significantly different 

at the 5% level by DMRT. 

 

Table 3 Inhibitory of seed germination, shoot length, root length and seedling dry weight 

of black gram as affected by different concentration of citronella grass crude 

extracts.  

Concentration 

of 

citronella grass        

crude extracts 

(mg/mL) 

Inhibitory of  

seed 

germination  

(%) 

Inhibitory of  

shoot length  

(%) 

Inhibitory of  

root length  

 (%) 

Inhibitory of  

seedling dry 

weight  

(%) 

0.5 27.45c 78.95c 65.28c 64.17c 

1.0 42.16b 83.33b 74.18b 78.24b 

1.5 100a 100a 100a 100a 

2.0 100a 100a 100a 100a 

C.V. (%) 13.39 12.64 10.68 11.84 

In the same column, mean followed by a common letter are not significantly different 

at the 5% level by DMRT. 
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Table 4 Inhibitory of seed germination, shoot length, root length and seedling dry weight 

of black gram as affected by different concentration of pudding pipe crude extracts.  

Concentration 

of 

pudding pipe 

crude extracts 

(mg/mL) 

Inhibitory of 

seed 

germination 

(%) 

Inhibitory of 

shoot length 

(%) 

Inhibitory of 

root length 

(%) 

Inhibitory of 

seedling dry 

weight 

(%) 

0.5 26.78c 72.16c 69.32c 65.28c 

1.0 35.64b 83.21b 75.64b 73.25b 

1.5 100a 100a 100a 100a 

2.0 100a 100a 100a 100a 

C.V. (%) 9.68 11.27 12.48 11.38 

In the same column, mean followed by a common letter are not significantly different 

at the 5% level by DMRT. 

 

Table 5 Inhibitory of seed germination, shoot length, root length and seedling dry weight 

of black gram as affected by different concentration of tumeric crude extracts.  

Concentration 

of 

tumeric       

crude extracts 

(mg/mL) 

Inhibitory of  

seed 

germination  

(%) 

Inhibitory of  

shoot length  

(%) 

Inhibitory of  

root length  

 (%) 

Inhibitory of  

seedling dry 

weight  

(%) 

0.5 43.30d 62.06d 53.75b 15.00d 

1.0 46.68c 78.35c 56.72b 25.00c 

1.5 50.00b 88.86b 60.67a 35.00b 

2.0 56.00a 93.19a 63.83a 50.00a 

C.V. (%) 9.62 10.25 8.62 7.64 

In the same column, mean followed by a common letter are not significantly different 

at the 5% level by DMRT. 
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Table 6 Inhibitory of seed germination, shoot length, root length and seedling dry weight 

of black gram as affected by different concentration of zedory crude extracts.  

Concentration 

of 

zedory  

crude extracts 

(mg/mL) 

Inhibitory of 

seed 

germination 

(%) 

Inhibitory of 

shoot length 

(%) 

Inhibitory of 

root length 

(%) 

Inhibitory of 

seedling dry 

weight 

(%) 

0.5 36.68d 84.33b 47.83c 22.50d 

1.0 50.00c 85.36b 58.10b 35.00c 

1.5 60.00b 94.23a 83.20a 50.00b 

2.0 76.68a 95.26a 86.17a 65.00a 

C.V. (%) 12.64 8.36 10.26 9.67 

In the same column, mean followed by a common letter are not significantly different 

at the 5% level by DMRT. 
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1. Background/ Objectives and Goals 

The control-knob device usually used spring leaf to control the degree of rotation. 

The spring leaf is always made of thin metal sheet. Therefore, when the deformation 

of spring leaf is large, the local high stress will reduce the fatigue strength of spring 

leaf. According to the actual test results, we can find the fracture location of spring 

leaf always occurred near by the support end. This fracture location is different from 

what we though. In this study, we used simulation package ABAQUS to simulate the 

mechanical response of spring leaf when it bears the rotation loads of control-knob. 

We wish the deformation and stress distribution of spring leaf could be confirmed by 

using numerical simulation.  

 

2. Methods 

The numerical model considered in this study can be divided into three parts: gear, 

baffle, and spring leaf. Gear is the mainly mechanism that applies compression load. 

Baffle can be regarded as fixed boundary, and the main function of baffle is limited 

the degree of freedom of the spring leaf. However, the boundary conditions of 

rotating mechanism is quite difficult to define. In this study, we used horizontal 

moving wave-plate to simulate the rotation gear. In order to simply the simulation 

procedures, we regarded the wave-plate as rigid body. In addition, the boundary 

conditions of spring leaf are always changing when the control-knob is rotate. We 

used multi-step analysis technique to simulate and obtain various stress responses in 

different sub-steps. 

 

3. Expected Results/ Conclusion/ Contribution 

The simulation results show that the stress concentration area is consistence with the 

actual fracture location that observed from the experimental result. The result shows 
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that the simplified method considered in this study can correctly simulate the 

structural responses of spring leaf when it sustain compression loads similar to 

rotation. 

Keywords: Spring leaf, numerical simulation, multi-step analysis technique. 
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1. Background/ Objectives and Goals 

Creative Cloud Users at Adobe is one of the largest paid cloud based users in the 

world. Over 90% of the world’s creative professionals use Adobe products, and over 

15 millions paid users are serviced by Adobe every day. With almost a hundred 

applications where creative professionals can chose from, Adobe needs to have a way 

to help user in predicting what to learn next, which new application to acquire and the 

best expertise to develop in the corresponding domain. 

 

2. Methods 

As usage data is collected, a machine learning model is created to capture the 

behavior of various users in a given timeline. Then, each model is fed into a 

Continuous Integration and Continuous Delivery (CICD) pipeline. This pipeline 

allows the deployment of multiple models at the same time. As a result, we have an 

effective prediction of user behavior in a specific domain (creative user professional).  

 

3. Expected Results/ Conclusion/ Contribution 

Owing to the ML CICD pipeline, through various deployment in web applications 

and desktop applications, we are able to achieve in some cases consistently 30% 

clickthrough rate increase, 15% increase in average time spent and various increase in 

download / install / purchase rates. More results will be shown in oral presentation 

(pending legal review).  

 

Keywords: Machine Learning, CICD, Software Engineering, DevOps, Web, Desktop, 

Application, Artificial Intelligence, Data Mining, Data Labeling, Continuous 

Integration and Continuous Delivery 

  

mailto:sinn@adobe.com


195 
 

10083 

A Rapid Palm Vein Recognition System Based on Three-Level 

Feature Descriptors and Deep Learning 

Shi-Jinn Horng
a,

*
 

a
 Department of Computer Science and Information Engineering, National Taiwan 

University of Science and Technology, Taiwan 

E-mail address:horngsj@yahoo.com.tw 

 

Abstract 

For the past few years, information security became one of major researches in the 

world; especially, for the biometric recognition researches. Biometric recognition 

techniques mainly use the physiological characteristics of the human body or their 

behaviors to do identification. The biometric used in this study is one of physiological 

characteristics of the human body. The biometric can be classified into several types: 

DNA, vein, finger print, appearance, etc. Among them, the finger print and vein 

recognitions are fast and accurate. The veins will be distributed fixed with unity after 

a human is becoming an adult. Owing to the vein being deeply under the skin and 

recognized lively, compared to finger print, it is hard to be visible and fake. Therefore, 

vein recognition technique becomes the best choice for biometric recognition. In this 

study, a novel palm vein information capture device was designed, and the palm can 

be fixed in such a device, providing a good environment for identification. For the 

hardware, an embedded system which is running on Linux is provided. For the 

software recognition system, three-level feature descriptors were proposed to screen 

palm veins rapidly. Features were also refined using deep learning neural networks. 

Finally, the experiments show that the hardware cost can be reduced and the 

recognition rate of the software is quite high, compared to other existing systems.  

Keywords: Vein Recognition, Features Extraction, Deep Learning 

 

1. INTRODUCTION 

Every human body has its biometric. All biometrics are unique, no one has the same 

biometric as any other person. With its uniqueness, biometric has become an 

important research project in recent years. Biometric is a part of human body and is 

easy to gather, no need to learn how to gather it. Most importantly, biometric can be 

gathered without intruding into human body, thus minimizing users’ rejection of 

detection devices. Apparently, it is more convenient than other devices employing 

intrusion method, such as DNA-gathering device. Therefore, more and more research 

projects and manufacturers are developing biometric-based identification devices, 
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and have incorporated biometric into identification devices. Apparently, 

biometric-based identification devices can easily replace the conventional object 

identifiers that are possibly lost or forgotten by users due to negligence, such as keys, 

documents, and passwords. Most importantly, the biometric-based identification 

devices are much safer than the conventional object identifiers because no one can 

alter or duplicate any other person’s biometric.  

 

With its distinctive physical and behavioral features, biometric is a perfect tool for 

identification [1][2]. Presently, fingerprint recognition and face recognition are 

considered the most effective identification techniques. Both techniques have been 

incorporated into many mobile devices. Nevertheless, it is easy to counterfeit 

fingerprint and face once counterfeiter obtains user’s personal information and access 

rights. Fingerprint recognition, a matured technique, has been developed for a long 

time. However, fingerprint recognition technique is not perfect yet. Fingerprints, on 

the epidermal layer, are likely to vary from time to time. Identification results are 

therefore subject to the status of fingerprints. Moreover, there are many ways to 

counterfeit fingerprints. Face recognition, another identification technique, is far from 

perfection. Identification results are subject to a number of factors, such as light 

source, wounds, and changes of expression. Therefore, face recognition technique 

serves the lower level of security needs only.  

 

Vein recognition, a new topic of biometric identification, has been discussed 

extensively in recent years. Vein hardly change throughout a lifetime. Therefore, vein 

is a considered a steady biometric and is sufficient to minimize errors in the 

identification process. Located underneath the skin, vein is detectable only when 

user’s blood is flowing. Apparently, the identification results are reliable and the 

biometric is unlikely to be counterfeited. Moreover, the identification process is not 

complicated at all. As compared to other biometrics, palm venous vessel is an ideal 

identification tool, sufficient to serve all levels of security needs. Presently, all vein 

identification devices are provided with high-standard image-capturing device and 

infrared, but are unable to perform calculations within a portable device. If not 

connected to auxiliary equipment such as computers, the devices are unable to 

calculate the identification results. Apparently, the costs are too high.  

Based on the discussions stated above, this study selected palm in consideration of 

many venous vessels underneath the skin of palm, and attempted to design an 

easy-to-use, easy-to-carry, and intuitive image-capturing device incorporated with 

identification system. 



197 
 

2. Related Work 

According to the literatures related to vein identification technique [3][4], near 

infrared ray is absorbed by hypoxia hemoglobin and thus venous vessels are imaged 

on the monitor. Human body’s muscular tissues cannot absorb near infrared ray. 

When infrared ray shines on the area to be measured, the infrared ray penetrates 

through subdermal vessels. Finally, hemoglobin absorbs the infrared ray. Artery’s 

oxygenated hemoglobin and vein’s hypoxia hemoglobin absorb different frequency 

ranges. The infrared ray with certain wavelength is absorbed by vein’s hypoxia 

hemoglobin and thus black lines appear on the monitor. The black lines serve as an 

object identifier. According to experiment results, a clear and steady image appeared 

after the near infrared light with wavelength between 700nm and 1100nm shined on a 

vein. [5].  

There is a high density of venous vessels on the epidermis of palm. Many 

researchers gathered palm’s venous vessels, analyzed the vessels, and designed all 

kinds of identification mechanisms. A number of researchers combined palm print 

and palm venous vessels’ endpoint data for identification [6]; some researchers 

designed practical identification devices based on angular points [7]; several 

researchers analyzed the gray level distribution (GLD) using LBP [8][9]; a few 

researchers studied the extensive application using other equipment [10]; and a 

handful of researchers built equipment to detect the venous vessels on the back of 

hand as the object identifier. [11][12]. 

 

3. Palm venous vessel image-capturing device 

In this section, we introduce some techniques used in our proposed method and describe the 

problem our method solves. 

A. Palm Holder 

Place a palm in the holder designed in accordance with ergonomics. Make sure 

middle finger in the given position, index finger and ring finger in proper positions as 

shown by Fig. 2.1, allowing all muscles to stretch sufficiently without rotation, 

displacement, and deformation.  

 

Fig. 2.1 (L) Palm holder (palm surface down)  

(R) Camera box embedded in the base  

Camera module is embedded in the trough provided in the lower area of the base. The 
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base is provided with a trough to fasten the camera module, allowing the camera to 

capture images steadily with a constant focal length without any disturbance, thus 

serving as a perfect image-capturing device for users. 

B. Computing element 

This study adopted Odroid-U3, a middle-end development board, as shown by 

Fig.2.2 in consideration of its outstanding arithmetic capability. Odroid-U3 has 

adequate capability to support the computationally expensive process associated with 

venous vessel’s biometric image treatment. Moreover, the development board 

supports Linux operating system and C++, which is employed by most researchers. 

Low budget is another advantage of Odroid-U3. Most importantly, Odroid-U3 is a 

compact board, can be fitted into the identification device easily and function 

independently, no need to rely on any computer for arithmetic operation.  

 

Fig. 2.2 Computing element 

 

Both sides of the device are provided with hinges, allowing users to stow the 

image-capturing device when the device is not in use, as shown by Fig. 2.3  

 

Fig. 2.3 Palm venous 

vessel 

image-capturing 

device  

 

 

4. The Image Enhancement 

In this study, the camera module shines near infrared ray on the area to be 

measured and then analyzes the reflected signals, using the brightness of the reflected 

near infrared ray to determine whether the near infrared ray has been shined on 

human skin in order to find out if a palm has been placed in position. The reflected 

ray passes through an 850nm optical filter and, at the same time, the natural light 

produced by the surrounding area is eliminated. Finally, the original image with 
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resolution 640×480 is acquired. 

A. Real Time palm detection 

To ensure easy use and easy operation, this system is provided with real time 

and dynamic palm detection function. As soon as the system is ready for 

identification, user may place his palm in position and thus activate the system to 

capture image and identify the user automatically. The procedure is straightforward. 

This user-friendly system is very easy to use, no operation and no learning are needed 

at all.  

Once an image is captured, the system automatically develops a segmental 

region like the Chinese character ”田” from the center of the image as shown by Fig. 

3.1, and analyzes all pixels contained in the region. According to the analyzed images 

stored in the database, the image shall be defined as an image of the palm to be 

measured if 95% of dots have grayscale value larger than 75 and all dots have 

average grayscale value between 75 and 115. This method is designed to eliminate 

many images received by the camera lens without identification and computation, 

allowing the system to remain standby with minimal consumption. In other words, 

the system starts the computational process as soon as a human palm is detected and 

thereby minimizes the waste of system resources.  

 

Fig. 3.1 Real time palm-scanning segment 

B. Range of Interest (ROI) and image-capturing 

Using the infrared ray sensor provided inside the camera module, the system 

acquires those grayscale images that have passed through optical filter with 

resolution 640×480. Palm holder is provided to help user place his palm in proper 

position. To eliminate the influence on the image imposed by the surrounding area 

and to avoid image deformation, the system computes the central area of palm in 

consideration of palm prints concentrated in the center of palm. Therefore, a Range 

of Interest (ROI) with 400×400 pixels is developed from the center of image as 

shown by Fig. 3.2.  

 

Fig. 3.2 Range of Interest 
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5. Creating Three Levels 

After feature tags are produced, all feature tags in each SURF block are 

processed as follows:  

 

All intensity statistics along X-axis and Y-axis are compared with one another. 

The result serves as a high frequency tag for black X and Y-axis. Finally, a 

2-diomensional Boolean tag is created for each block using the formula shown as 

follows (1):  

                                      (1) 

Finally, a 32-dimensional Boolean feature tag is created for each feature point. 

In Level 2, feature tags are produced as shown by Fig. 4.1.  

Fig. 4.1 Features tags obtained in Level 2   

 

To create feature tags in Level 3, the 32 Boolean feature tags produced in 

previous Level have to be employed in order to establish the relationship between 

Y-axial tags and X-axial tags in each block and to create a Boolean feature to indicate 

the status of Level 2 results in this block. Formula is shown as follows (2):  

                                   

(2) 

After all 16 blocks’ Boolean features are combined, a 16-Bit Boolean tag is 

acquired as shown by Fig. 4.2, representing the relationship between X-axis and 

Y-axis in each block.  

 

Fig. 4.2 Feature tags obtained in Level 3 

 

6. Feature Comparison 

A. Selecting data from feature points 

Tags are identified in Level 3. For each image, only feature points located in 

similar positions are compared, not all feature points are cross-examined. The palm 

venous vessel identification device is provided with a palm holder to fasten the palm, 

confining the palm’s extension, angle and position, using coordinates’ position to 

validate if the feature point’s coordinate is the same as the feature point itself within 

the given conditions. 
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B. Selecting reverse feature tags in Level 3 

Feature tags are created from bottom to top (Bottom-Up) and are, however, 

compared from top to bottom (Top-Down). In the comparison process, Hamming 

distance is calculated for all feature points of each venous vessel image contained in 

the database and for the feature tags to be measured in Level 3 as shown by Fig. 5.1. 

 

C. Tag Screening 

In Phase 2, 32-vector Boolean tags established earlier were screened, the 

distances between all feature tags were calculated using Hamming Distance Formula, 

the point algorithms matching Hamming distance and less than threshold were sorted, 

and candidate sets were found accordingly. After that, the candidate sets obtained in 

Phase 2 were admitted into Phase 3 for comparison.  

Fig. 5.1 Hamming distance schematic 

 

D. Feature Tags Comparison 

 In the final phase, the features are refined using deep learning neural networks and 

the combined Feature tags were compared using Euclidean Distance Formula instead 

of Hamming distance. Mega-database comparison was a time-consuming process.  

 

7. Experiments Results 

A. Development environment  

This system’s development environment includes GNU C Compiler and a 

computer visual processing kit. The experiment platform is provided with 1.5 GHz 

Intel Celeron B800 as the development core together with memory 4 GB 1333 MHz 

DDR3 and system environment Linux Distribution - Ubuntu 12.04.2.  

 

B. Experiment results   

As far as biometric identification is concerned, the identification systems are 

evaluated using two indexes most of the time, namely, False Acceptance Rate (FAR) 

and False Rejection Rate (FRR). FAR occurs when a person not approved by the 

database passes comparison and acquires authorization successfully. If FAR occurs, 

the system becomes meaningless. Therefore, system has to be monitored strictly to 

prevent FAR from occurring. FRR happens when a person approved by the database 

is unable to pass comparison and unable to acquire authorization. If FRR happens, 
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users are likely to lose their confidence in the system and the system itself becomes 

difficult to use. Therefore, two tests were executed to evaluate the feasibility of the 

system and device presented by this study.  

This study built a database containing digits gathered by the author for the tests. 

There were 1004 palms in total; 10 venous vessel images were taken from each palm. 

There were 10040 samples in total. The system cross-examined all 10040 digits; then 

calculated FRR and FAR. The results served as the standard for system evaluation.  

1. FAR: FAR intrusion tests were executed for every single palm of 1004 

palms with the remaining 1003 palms. 10×1004 = 10040 tests were 

executed in total.  

2. FRR: each user’s each image was compared with all images contained in 

the database – 10 venous vessel images taken from every single palm of 

1004 palms. 10×1004 = 10040 comparisons were executed in total.  

Table 6.1 FAR and FRR of the system 

No. of negative tests  10040 

No. of positive tests  10040 

No. of false acceptances 0 

No. of false rejections  81 

FAR (%) 0 

FRR (%) 0.816% 

Table 6.2 Comparison between methods adopted by this study and by others  

 No. of 

samples  
FAR FRR 

Ajay Kumar and K. Venkata 

Prathyusha[14] 
100 1.14% 1.14% 

Khan, M.H.-M[15] 100 0.63% 0.02% 

Wenming Yang ; Qing Rao[16] 220 0.44% 0.44% 

Ramsoful, P [17] 500 0.06% 0.03% 

Lt-Index-Lt-Middle FV[18] 400 0.00121% 0.23% 

Yu-chen, Cheng [13] 1000 0% 0.325% 

Yuhang Ding, Dayan Zhuang 

and Kejun Wang[19] 
48 0% 0.9% 

Jen-yu, Chiang [20] 638 0% 0.73% 

Jing-Wein Wang[21] 25 0% 6.65% 

Fletcher, Richard Ribón[22]  478 4.2% 4.2% 

Fan, Lin Lin[23] 105 0.996% 0.996% 

Methods adopted by this study  1000 0% 0.816% 

8. Conclusion 
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This study designed a brand new detection device based on the topics related to 

palm venous vessel recognition and thus built a palm venous vessel identification 

system accordingly. The system is made up of modular components to minimize 

maintenance costs and to upgrade the adaptability of the system. The palm holder is 

designed to fasten the palm without obstructing the palm mussel’s extension, thus 

allowing images to be captured steadily. Finally, the lowly budgeted and highly 

efficient computing element is embedded in the device. The computing element has 

adequate arithmetic capability, no need to rely on computer for calculations at all.  

As for the experiment, this study gathered data from 1004 participants. 

According to experiment results, FRR was as high as 0.816% and no intrusion was 

found (FAR=0%). Apparently, the identification results were highly accurate and the 

time needed for calculation was only 10% of the time needed by linear calculations. 

The facts stated above demonstrate this system is perfectly effective in terms of 

accuracy and calculations. 
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1. Background 

In general, low resolution images still are commonly used in several medical image 

modalities due to their low cost, acquisition speed, storage limitation. Single image 

super-resolution (SISR) is a method that can amplify low resolution into high 

resolution. Above all, it can provide accurate lesion information in medical image 

processing, and has attracted much attention in related research fields. In clinical 

diagnosis, high resolution image can help doctor make the right decision or predict 

patient’s outcome. Recently, several researches has applied Generative Adversarial 

Networks (GAN) to generate high resolution medical images from low resolution 

images in various medical imaging modalities. One of the state of the art technologies 

related to GAN is Enhanced Super-Resolution Generative Adversarial Networks 

(ESRGAN), which adopt residual-in-residual dense block and perceptual loss to 

generate more realistic image. However, most of these methods still focus on 2D 

slices individually from 3D imaging modalities such as MRI or CT so that they can’t 

efficiently recover required 3D image qualities from low resolution images. In order 

to resolve these problems, we develop a deep learning structure based-on ESRGAN 

model, and change their loss functions to obtain better 3D super-resolution.  

 

2. Methods 

The proposed GAN structure consists of two major networks: generator and 

discriminator. Because the proposed method extends from traditional ESRGAN, the 

proposed generator uses residual in residual dense block (RRDB), as shown in Fig.1. 

That is, the proposed model not only employs a deeper and more complex structure, 

but adopts residual scaling to perform down-sampling by multiplying a constant on 

the residuals to maintain the stability in entire training stage. Both networks are also 

trained with the same patches. Therefore, it not only can reduce internal memory 

consumption, but train the network to learn efficiently again low-level textures and 

details. 

In order to obtain optimal performance in different loss functions with the proposed 
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method, three types of loss function including: GAN loss, content loss, and 

perceptual loss were proposed to train and test the sample images. Our GAN loss 

refer to ESRGAN, and use Relativistic GAN (RaGAN) loss, which can measure the 

probability that a real image is more realistic than a fake one. In the measurement of 

Content loss, the proposed method uses mean square error (MSE) to compare the 

similarity between a real and a fake image with pixel-wise. Finally, perceptual loss is 

estimated by using the features extracted from real and fake image via a pre-trained 

model. However, few open sources with 3D pre-trained model can be utilized so far. 

In order to overcome the shortcoming, we first apply a 2D pre-trained model to 

measure 3D image perceptual loss, estimate the perceptual losses of every slice in 

entire 3D images for a sample, respectively, and measure their average loss. As 

demonstrated in our several experiments, the method can efficiently measure 

perceptual loss for a set of 3D slices. The major shortcoming is that it needs to 

measure loss every time so that increases too large training time. Therefore, we set a 

parameter k that estimate perceptual loss at every k slices to obtain a trade-off 

between training time and quality of output images. 

  

3. Expected results 

Our work can successfully recover the 3D high resolutions for MRI images from a set 

of lower resolution versions which are magnified with a scale factor of 4 between LR 

and HR images. Moreover, these output images can maintain the consistency of shape 

and details, and keep the consistencies among neighboring slices. Here, RRDB was 

applied to make generator deeper, preserve the stability in the training stage with 

residual scaling, and detect sharper edges and detailed textures successfully by using 

RaGAN loss. Finally, we develop a method by using 2D pre-trained model to 

estimate 3D perceptual loss, and set an empirical parameter to balance the training 

time and the required image quality of the super-resolution. 

  

Figure 1. Residuals in the proposed residual dense block(RRDB) 

Keywords: single image super-resolution, Generative Adversarial Networks, 

magnetic resonance imaging, medical image processing. 
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1. Background/ Objectives and Goals 

This paper purposed a projector prototype with anti-shake property. Based on image 

processing, geometrical transformation and signal processing, the function has been 

achieved. The result of this paper can be applied to mobile projector and large scale 

exhibition light show. Some experimental results are also demonstrated in this paper. 

The method makes the original video in a specific position, even the projector is 

moving.   

2. Methods 

There are four phases of the proposed method: first at all, position and orientation 

calibration, secondly, geometrical transformation, third, image modification, last, 

image projection. As shown in Fig 1, the system projects a video by the projector, and 

the sensor sends the different of position and orientation to computational device, the 

camera sends the result of calibration image to computational device, and then 

computational device modify the output video. In this method, it’s necessary to find 

out the position and orientation of target image, as shown in Fig 2, using equation (1) 

and equation (2) to calculate the image movement which cause by shake, the 

displacement can be derived from equation (3), and orientation can be gotten by using 

hardware, where a is acceleration value. 
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 Fig 2. Where θ is measure by gyroscope, distance determined by image calibration. 

         𝑊𝑐 = 𝑑 ×
1

𝑟𝑎𝑡𝑖𝑜
              (6) 

               𝑊𝑝 = 𝑑 × 𝑟𝑎𝑡𝑖𝑜                

 (7) 

where θ is measure by gyroscope, distance determined by image calibration. The 

precision depends on the spec of projector and camera. To simplify the result and 

without lose generating the experiment constraint translation and rotation in one 

direction. Furthermore, there are some tricky need to be adjust. For example: the 

limitation from Hardware resolution and shaking model. The ratio problem can be 

estimated by equation (6) and (7). In the future, an automatic and mobile integrated 

projector will be realized. 

   

(a)                    (b)                  (c) 

  

(d)                              (e) 

Fig 3. The experimental devices and result. (a) is the original image, (b) is the image 

that without process, (c) is the result after proposed method, (d) and (e) are the testing 

devices. 

Keywords: projector, anti-shake, calibration, mobile device 

Experimental Device: 

Camera: Logitech C310 (720p / 30fps) 

Projector: Optoma ML330 (1280×800) 

Sensor: MPU-6050 

Computer device: Arduino Uno 

Player: HP Pavilion Notebook 

CPU: Intel® Core™ i5-7200 CPU @ 2.50GHZ 

2.71GHZ   

RAM: 8.00GB 

W

  
𝑊′ 

  
d  

  

 𝑊′

𝑊
=

 𝑑′

𝑑
     (1)  

𝑤′ = 𝑑 × 𝑡𝑎𝑛
𝜃

2
   (2) 

∆S = ∬ adt     (3)  
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Abstract 

In this investigation, humidity conditioning- mesoporous molecular sieve 

Al-MCM-41, were synthesized by alkali fusion and hydrothermal processes, using 

surfactant template and precursor solution of LCD waste glass and SiC sludge. The 

Fourier transmission infrared spectroscopy (FTIR), BET method analysis and 24 hour 

equilibrium humidity control capacity are used to characterize the samples. The N2 

adsorption–desorption isotherms were typical for type IV, Al-MCM-41 samples with 

high specific surface area up to 1120 m
2
/g with a hysteresis loop characteristic of 

Al-MCM-41 samples and the pores size distribution of Al-MCM-41 is around 2-3 nm. 

The Al-MCM-41 mesoporous molecular sieve samples synthesized from LCD waste 

glass and SiC sludge showed higher equilibrium moisture content than did mortars 

(0.8–1.6 m
3
/m

3
) and bricks (0.3–0.8 m

3
/m

3
), due to the ordered structure. When the 

hydrothermal reaction temperature was 90 °C (RH = 95%), mesoporous molecular 

sieves exhibited favorable mechanical properties and met JIS A JIS A 1475 intensity 

building materials specifications (equilibrium moisture content > 5 m
3
/m

3
); therefore, 

mesoporous molecular sieves can be used in several applications, especially as 

humidity-conditioning materials in construction. 

 

Keywords: Liquid Crystal Display waste glass, SiC sludge, humidity conditioning, 

hydrothermal process, mesoporous molecular sieve 

 

1. Background 

Recently, there has been a growing interest in the research ofmesoporous 

materials since the new family of M41S mesoporous silica was firstly reported in 
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1992 by Mobil Oil Corporation, due to their excellentproperties and potential 

applications in catalysis, separation, ion exchange [1]. However, the traditional 

synthetic route needs consumes much energy. In addition, the source of silica for the 

synthesis could be either costly organic silica precursors [2]. Recently, new processes 

have been reported to synthesis mesoporous silica from volclay [3], metakaolin [4] 

and natural kaolin [5]. The influence on environmental and economic advantages has 

triggered our interest in using an alkali fusion extraction route at a relative low 

temperature for the industrial scale production of Al-MCM-41 molecular sieve. 

However, no literatures have been reported the influence of synthesis factors on 

the structure of Al-MCM-41 by hydrothermal method using LCD waste glass and SiC 

sludge as a raw material. Therefore, the study aims to explore the synthesis factors on 

the humidity-conditioning properties of Al-MCM-41 materials, such as the L/S and 

hydrothermal temperature. The mesoporous materials were characterized by The 

Fourier transmission infrared spectroscopy (FTIR), BET method analysis and 24 hour 

equilibrium humidity control capacity. 

 

2. Methods 

TFT-LCD waste glass and SiC sludge were used as the silica and aluminum 

source for synthesizing humidity-conditioning Al-MCM-41 mesoporous molecular 

sieves. Al-MCM-41 with different aluminum contents was synthesized following the 

procedure described by Parida and Rath [6, 7]. A 1-h alkali fusion process at 650 °C 

was adopted; which consists of a treatment of sodium hydroxide with 1: 1.5 various 

proportions TFT-LCD waste glass and SiC sludge: NaOH powder mixture. The 

surfactant cetyltrimethylammonium bromide (CTAB, A.R.) was used as the template, 

30 mL of water, and NH4OH (aq.) were combined with the aforementioned 

supernatant, and the pH was fixed by the addition of 1 M H2SO4. Subsequently, 1 g of 

a powdery alkali fusion sample was added to 5 mL, 10 mL, or 15 mL of water. The 

supernatant was obtained by filtering the suspension. The hydrogel dispersion was 

transferred to Teflon-lined autoclaves and heated at 90 °C, 105 °C, or 120 °C for 48 h. 

for 2 days. The solid material so obtained was recovered by filtration, washed with 

deionized water, dried at 105°C overnight, and finally calcined in air at 550 °C for 5 h, 

and then template-free Al-MCM-41 was obtained. In this investigation, humidity 

conditioning- mesoporous molecular sieve Al-MCM-41, were synthesized by alkali 

fusion and hydrothermal processes, using surfactant template and precursor solution 

of LCD waste glass and SiC sludge. The Fourier transmission infrared spectroscopy 

(FTIR), BET method analysis and 24 hour equilibrium humidity control capacity are 

used to characterize the samples. 
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3. Results 

3.1 Characteristics of TFT-LCD waste glass and SiC sludge 

The TFT-LCD waste glass and SiC sludge used had pH values of 8.4 and 7.6, 

respectively. The chemical compositions were determined using X-ray fluorescence, 

and the results are presented in Table 1. The main constituents of the TFT-LCD waste 

glass were SiO2 (69.7%), Al2O3 (15.3%), and CaO (8.45%). The main constituents of 

the SiC sludge were SiO2 (98.4%) and Al2O3 (0.8%). Figure 1 illustrates the phase 

compositions of the two materials. The main crystalline phase of the SiC sludge was 

silicon carbide (2θ: 34.18°, 35.72°, 38.23°, 60.15°, 71.96°), and the TFT-LCD waste 

glass was discovered to be amorphous. 

 

Table 1 Chemical composition of raw materials 

Composition   

(%) 

TFT-LCD  

Waste Glass 

SiC 

Sludge 

SiO2 69.70  98.40 

Al2O3  15.30  0.80 

Fe2O3 0.18 0.58 

CaO  8.45 0.09 

MgO 0.77 - 

SO3 - 0.06 

TiO2 0.22 0.01 

 

3.2 FTIR spectra 

The FTIR spectra of Al-MCM-41 are shown in Fig. 1. When hydrothermal 

temperature was 90 °C and L/S= 5, the bands at 460 cm
−1

 and 455 cm
−1

 were caused 

by the bending vibration of Si–O− groups. The bands at 1070 cm
−1

 and 1082 cm
−1

 in 

as-synthesized sample resulting from the vibration of Si−O−Si network in 

Al-MCM-41. The bands at 800 cm
−1

 and 739 cm
−1

 were caused by the internal and 

external asymmetric Si–O stretching vibrations for the Al-MCM-41. some bands 

observed at 1629 cm−1 and 1637 cm
−1

 were caused by deformational vibrations of 

adsorbed water molecules. When hydrothermal temperature was 105 and 120°C, 

These shifts were also consistent with the formation of bonds at hydrothermal 

temperature was 90 °C. When L/S= 10 and 15, the broad band around 3450 cm
−1

 was 

attributed to the adsorbed water molecules. The absorption bands at 1232 cm
−1

 and 

1226 cm
−1

, characteristic of mesoporous materials, belonged to the asymmetric 

stretching vibration of surface Si−O−Si groups [8].  
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Fig. 1. The FTIR spectra of Al-MCM-41. 

 

3.3 N2 adsorption–desorption isotherm for Al-MCM-41 

Fig. 2 shows the N2 adsorption–desorption isotherm for Al-MCM-41. When 

hydrothermal temperature was 90 °C and L/S= 5, the shape of the N2 adsorption–

desorption isotherm of MCM-41 was of type IV, characteristic of the mesoporous 

solids according to the IUPAC nomenclature, corresponding to mesoporous materials. 

The type IV isotherm is defined by three stages: at low relative pressures, a slow 

increase of nitrogen correspond-ing to monolayer-multilayer adsorption on the pore 

walls. At intermediate relative pressures, a sharp step indicative of capillary 

condensation within mesopores. In the last stage, at high relative pressures, a final 

plate with a slight inclination associated with multilayer adsorption on external 

surface of the particles. The sharp inflection between the relative pressures p/p0 = 

0.3–0.45 in the isotherm corresponded to capillary condensation within uniform 

mesopores. The sharpness of this step demonstrated the uniform pore size distribution, 

further confirmed by the pore size distribution curve (Fig. 2). When hydrothermal 

temperature was 90 °C and L/S= 20, the specific surface area of Al-MCM-41 with 

maximum pore volume of 416 cm
3
/g STP was obtained. When hydrothermal 

temperature was 105 °C and 120 °C, the specific surface area of Al-MCM-41 with 

maximum pore volume of 791 cm
3
/g STP and 856 cm

3
/g STP, respectively. 

This result is further confirmed by the BJH pore size distribution shown in Fig. 3, 

where Al-MCM-41 possesses narrow pore size distribution with a peak centered at 2- 
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3 nm. When hydrothermal temperature was 90 °C and L/S=5, the pore volume area of 

Al-MCM-41 were 0.2 cm
3
/g. When hydrothermal temperature was 120 °C, the pore 

volume area of Al-MCM-41 was 0.3 cm
3
/g. It is indicated pore volume of 

Al-MCM-41increased with L/S increased.  

 

 

Fig. 2. The N2 adsorption–desorption isotherms of Al-MCM-41 samples. 
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Fig. 3. Pore size distribution of Al-MCM-41. 

 

3.4 Equilibrium Moisture Content of Al-MCM-41 

Fig. 4 illustrates the equilibrium moisture absorption and desorption of 

Al-MCM-41 synthesized at different hydrothermal reaction temperatures. When 

L/S=5, the relative humidity varied from 10% to 95%, the equilibrium moisture 

content of Al-MCM-41 changed from 1.94 to 43.18 m
3
/m

3
, 2.75 to 53.75 m

3
/m

3
, 0.42 

to 58.59 m
3
/m

3
 with respect to hydrothermal reaction temperatures of 90, 105, and 

120 °C, respectively. When hydrothermal temperature was 105 °C and L/S=10, the 

relative humidity varied from 10% to 95%, the equilibrium moisture content of 

Al-MCM-41 changed from 3.86 to 62.38 m
3
/m

3
, 5.37 to 50.57 m

3
/m

3
, 4.52 to 68.22 

m
3
/m

3
 with respect to hydrothermal reaction temperatures of 90, 105, and 120 °C, 

respectively. When L/S=15, the relative humidity varied from 10% to 95%, the 

equilibrium moisture content of Al-MCM-41 changed from 5.24 to 51.86 m
3
/m

3
, 1.89 

to 56.27 m
3
/m

3
, 3.06 to 66.83 m

3
/m

3
 with respect to hydrothermal reaction 

temperatures of 90, 105, and 120 °C, respectively. It is indicated that the equilibrium 

moisture content values of HC-Al-MCM-41 decrease with increasing relative 

humidity. Moreover, relative humidity exhibited a greater effect on the equilibrium 

moisture content than did hydrothermal temperature. Walker observed the moisture 

content of mortars ranging between 0.8 and 1.6 m
3
/m

3
 at a high relative humidity 

(95%). Hansen observed the moisture content of bricks ranging between 0.3 and 0.8 

m3/m3 at a high relative humidity (95%) . The equilibrium moisture content in 
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Al-MCM-41 synthesized from LCD waste glass and SiC sludge was higher than that 

in mortars (0.8–1.6 m
3
/m

3
) and bricks (0.3–0.8 m

3
/m

3
) due to the ordered structure of 

the waste glass. 

 
Fig. 4. Equilibrium moisture absorption and desorption of Al-MCM-41. 

 

4. Conclusions 

The Al-MCM-41 mesoporous molecular sieve samples synthesized from LCD 

waste glass and SiC sludge showed higher equilibrium moisture content than did 

mortars (0.8–1.6 m
3
/m

3
) and bricks (0.3–0.8 m

3
/m

3
), due to the ordered structure. 

When the hydrothermal reaction temperature was 90 °C (RH = 95%), mesoporous 

molecular sieves exhibited favorable mechanical properties and met JIS A JIS A 1475 

intensity building materials specifications (equilibrium moisture content > 5 m
3
/m

3
); 

therefore, mesoporous molecular sieves can be used in several applications, 

especially as humidity-conditioning materials in construction.. 
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Abstract 

The daily care of pressure injuries is usually the responsibility of the primary 

caregiver who needs to take regular time to record wound conditions and get the size 

information. Typically, these jobs are done through the human eye and by using a 

ruler. In this paper, we use image processing techniques based on neural networks to 

automatically identify the position and the size of the pressure injury. The 

experimental results show that the wound segmentation based on a multilayer 

perceptron (a deep neural network) performs better than the other approaches. The 

precision and recall are about 85% and 96% respectively. 

 

Keywords: wound care, pressure injury, image processing, wound segmentation, 

neural network  

 

4. Introduction 

Pressure injuries (also known as pressure ulcers or bed sores) are localized 

damage to the skin and/or underlying tissue, and easily develop when there is too 

much pressure on the skin for long-term bedridden patients [1]. Patients with pressure 

injuries need careful care to prevent serious complications such as localized abscess, 

septicemia, and osteomyelitis. 

Pressure injury is usually assessed and evaluated manually through qualitative 

and quantitative assessments. Color classification based on a red-yellow-black system 

is an easy qualitative assessment to evaluate wounds [2]. There are three common 

quantitative evaluation tools to pressure injuries: PUSH [3], DESIGN-R [4], and 

BWAT [5]. They are based on several measured parameters such as size, depth, 

exudate, infection, and necrosis tissue. 

The color classification performed via the human eye is too subjective and it is 

hard to know the color distribution ratio for evaluating the stage of wound healing. 

The size of a wound is measured by getting both the greatest length (head to toe) and 

the greatest width (side to side) using a ruler. The surface area of the wound can then 
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be estimated by multiplying these two measurements (length  width). However, this 

size measurement and the other quantitative assessments are time consuming. 

Researchers start to use image processing techniques to assist in wound 

evaluating. Machine learning and particularly deep learning are recently involved in 

medical image recognition [6][7][8][9] due to their powerful leaning abilities. Deep 

learning is a subfield of machine learning and is based on an artificial neural network 

(ANN) architecture. An ANN is composed of a collection of connected units called 

artificial neurons which are typically structured in layers. 

    The connections between neurons of adjacent layers have weights associated 

with them. A neuron will compute the sum of products of input signals and their 

corresponding weights, and then apply an activation function (non-linear mapping 

function) to it to generate the output signal to the next layer. The learning process is 

performed by feeding training data into the ANN. The errors between the training 

data and the final generated output data are back propagated into the ANN for 

adjusting weights in the network. 

There are several deep learning models, and in the paper we will mention two of 

them: MLP (Multilayer Perceptron) and CNN (Convolutional Neural Network). An 

MLP consists of one input layer, several intermediate hidden layers, and one output 

layer. CNN includes one special convolutional layer that can extract features from 

input signals. 

The following work has been done in the paper. We implement a web framework 

that allows users to upload wound images each of which contains a single open and 

connected wound (typical feature for pressure injury). A wound image can then be 

automatically processed by first performing wound segmentation to locate the wound 

area and second performing the color classification of the detected wound. Three 

information items about the area, size, and color distribution of a wound are obtained. 

In this paper, we will introduce and compare three wound segmentation methods, 

two of which are designed based on MLP and CNN, respectively. An experiment with 

25 pressure injury images is conducted to evaluate the performance in terms of cost 

metrics: accuracy, precision, and recall. The MLP-based method is found to have 

better performance than the other two methods. 

The remainder of the paper is organized as follows: Section 2 introduces the 

background knowledge and related work. Section 3 presents wound image processing 

techniques. Performance evaluations are given in Section 4. Finally, some concluding 

remarks are given in Section 5. 

 

5. Background Knowledge 

Pressure injuries can be simply evaluated by observing three types of colors: red, 
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yellow, and black. The red wound (granulation tissue) is new connective tissue during 

the healing process and is the indication of healthy tissue. The yellow wound (slough 

tissue) is necrotic and infected tissue. The black wound (eschar tissue) is dried-out, 

leathery, hard necrotic tissue and should be removed to initiate the wound healing 

process. The identification of these three wounds can be done through color 

classification. 

To best evaluate pressure injury, Dr. Barbara Bates-Jensen proposed to use a score 

table with thirteen assessment items [5]. Each assessment item is scored with integer 

numbers from 1 to 5. A wound with a high score is degenerated and critical. Some 

assessment items do need human efforts to be involved. For example, estimating the 

type and amount of exudate needs to squeeze and even smell the wound. 

Our work based on image processing techniques can help to score six assessment 

items: size, edge, necrotic tissue type, necrotic tissue amount, skin color surrounding 

wound, and granulation tissue when using the BWAT. This is because our proposed 

methods can obtain wound segments, detect wound contour, identify three wound 

colors, and compute color proportion. 

The combination of image processing and machine learning techniques is widely 

applied to medical images. The skeletal bone age is estimated using x-ray images [10]. 

The coronary artery disease is detected using x-ray angiography images [11]. A deep 

CNN is applied on chest x-ray images to detect pulmonary tuberculosis [12]. The 

chronic obstructive pulmonary and acute respiratory diseases are detected [13] and 

the Alzheimer's disease is detected [14] using computed tomography images [15]. A 

liver fibrosis classification is performed using ultrasound images [16]. 

For wound images, the HSI (Hue, Saturation, and Intensity) color system is used 

to estimate the amount of slough tissue [17]. The wound segmentation which 

segments out wound areas is done in [18] by using the Canny edge detection method 

[19] to find all wound contours and a color-based filter to filter out non-skin areas. A 

k-means classifier is applied [20] and a variant of deep CNN is proposed [21] to do 

wound segmentation. The work [21] also mentions one simple way to compute the 

wound surface area by referring to ruler ticks in the wound image. The CNN is used 

in color classification for identifying three types of wounds [22]. 

 

6. Wound Image Processing 

The proposed flow of wound image processing is shown in Fig. 1a. Firstly, a 

wound is photographed with a color patch as shown in Fig. 1b, and this image is 

uploaded to our developed web system. The color patch includes one 2 cm  2 cm 

blue square for the reference of wound area computation. Secondly, the user can 

optionally frame a rough wound region using a rectangle on the web page to exclude 
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irrelevant parts. Thirdly, the system will detect the wound region by finding wound 

contours first. After having the wound segmentation, the wound surface area and size 

can be computed then. The next step is color classification for the wound region. Red, 

yellow, and black wounds are located. Finally, the system will report the related 

wound information. 

   
(a)                                  (b) 

Fig. 1: (a) Wound image processing flow and (b) Wound photographing scenario  

 

3.1 Wound Segmentation 

Here we introduce three wound segmentation methods. The first one is based on the 

Canny edge detector which involves the following four main steps: 

 Convert an RGB (Red, Green, and Blue) image to a gray image by using the 

expression: Gray = 0.299R + 0.587G + 0.114B. 

 Apply a Gaussian filter (blur) to smooth the image in order to remove noises. 

 Find the edge gradient (measurement of color variation) and direction for each 

pixel in the image. 

 Apply non-maximum suppression to suppress non-local-maxima pixels on 

edges (an edge thinning technique). 

 Apply double threshold values to determine potential edges. 

 

Fig. 2: The processing of the Canny edge detector 

 

Fig. 3: The processing of wound contour detection based on the Canny edge 

detection 

Imaginary wound Color patch
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Fig. 2 shows an example raw image which is blurred, grayed, and edge-detected. 

After having wound edges, the wound contour can be obtained with the aid of image 

dilation and erosion [23]. Dilation will increase the sizes of objects in the image and 

make edges connected. Erosion will decrease the sizes of objects and reduce noises 

on edges. Fig. 3 shows running examples (left-to-right and top-to-bottom) where a 

raw wound image is edge-detected and dilated. Then the wound contour is detected. 

We fill the wound contour with a white color and erode the image to get the final 

wound segment. This process also implies that we simply assume a wound segment is 

a solid region which is full of all wound pixels. If a wound image is detected with 

several wound segments, only the largest one remains for further analysis. 

Suppose that all the pixels on a target object in an image are called foreground 

pixels and the other pixels are called background pixels. The dilation operation is 

introduced in Fig. 4. The center grid of a sliding window (also known as structure 

element or kernel) is superimposed on each background pixel. The center grid is 

converted to a foreground pixel if at least one foreground pixel is covered by the 

sliding window. The green grids in the right figure are expanded pixels by this 

dilation operation. The erosion operation performed oppositely to the dilation 

operation. It is called a closing operation by performing dilation and then erosion on 

the same image. The contour detection is quite simple as the example shown in Fig. 5. 

We apply a similar sliding window on each foreground pixel. The center grid is 

converted to a background pixel if all the pixels covered by the sliding window are 

foreground pixels. 

 

Fig. 4: A simple dilation operation based on a sliding window of three by three 

 

Fig. 5: A simple contour detection method based on a sliding window of three by 

three 

Target object (white grids)

Sliding window

Dilated object (white grids and green grids)

Target object (white grids)

Sliding window

Object contour (white grids)
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In the second segmentation method, we discard edge detection and use MLP to 

learn all possible wound pixels in an image. As shown in Fig. 6, our MLP learning 

model contains one input layer, three hidden layers, and one output layer. The number 

of neurons at each layer is shown in the figure. Each hidden layer applies the relu 

(Rectified Linear Unit) activation function, and the output layer applies the softmax 

activation function. For each pixel in an input image, nine pixels (including eight 

neighboring pixels as in Fig. 7) are extracted together. Since the input image is an 

RGB color image, the extracted data are in the form of 333 matrix and they are fed 

into the MLP input layer. There are totally 20 pressure injury images collected from 

the Internet to be the training data set. Each raw image has been manually segmented 

with its wound region. Each pixel in the raw image has been marked as either a 

wound pixel or a non-wound pixel. The error prediction on each pixel is back 

propagated to the neural network to adjust the learning model. 

 
Fig. 6: MLP learning model 

 
Fig. 7: One pixel (at the center position) and eight neighboring pixels 

A test image is inputted into the above learning model, and all potential wound 

pixels are predicted. The test image is then transformed to a binary image (with 

wound and non-wound pixels). Finally, we apply the same dilation, contour detection, 

contour filling, and erosion operations as those in the first method to obtain the 

wound area. 

In the third segmentation method, we change the MLP learning model by the 

CNN leaning model as shown in Fig. 8. The applied activation functions are the same 

as those in the MLP model. This learning model additionally contains one 

convolutional layer and one fully connected layer. The convolutional layer can extract 

(X-1,Y-1) (X,Y-1) (X+1,Y-1)

(X-1,Y) (X,Y) (X+1,Y)

(X-1,Y+1) (X,Y+1) (X+1,Y+1)

R
G

B
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features from an input image and preserve the relationship between pixels. In our 

design, each input matrix plane of R, G, and B colors shown in Fig. 7 is multiplied 

with a filter (or kernel) matrix of size two by two to produce a feature matrix of size 

two by two. We merge three feature matrixes together by a matrix addition operation 

for each input matrix. When doing the convolution, the stride size (number of pixels 

that shift over the input matrix) is one, and both padding (for fitting well the input 

matrix) and pooling (for reducing the size of the feature matrix) operations are not 

performed. There are totally eight filters at the convolutional layer, and their settings 

are initialized by the invoked function in an open-source library. All feature matrixes 

are then flatten and fed into one fully connected layer with 32 neurons.  

 
Fig. 8: CNN learning model 

3.2 Wound Size 

After having the wound segmentation, all wound pixels can be obtained. The 

wound surface area can be estimated, if we know the real area of one pixel in the 

image. Since each wound image is captured with a color patch of fixed size (2cm  2 

cm), the area of one pixel is computed as in (1). The region of the color patch in the 

image can be easily identified by seeking a consecutive blue area. The wound area is 

then computed as in (2). 

The area of one pixel = the area of the color patch / the amount of pixels in the color 

patch (1) 

 The wound area = the area of one pixel  the amount of pixels in the wound      

(2) 

 
(a)                       (b) 
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Fig. 9: (a) Wound image rotation with vertical alignment and (b) Two wound size 

estimations (left: side-to-side, right: most-pixel) 

Next, we introduce how to estimate the length and width of a wound. Suppose 

that a wound is photographed vertically from the head to the tail. Otherwise, the 

wound image needs to be manually rotated as shown in Fig. 9a. The boundary areas 

are vertically and horizontally cut off by scanning the image line by line. We 

introduce two size estimation methods. The first one is based on the side-to-side 

measurement. That is, the length and width of the final wound image are the 

corresponding sizes of the wound (see Fig. 9b-left). The other one is based on the 

most-pixel measurement. The image is scanned both vertically and horizontally line 

by line, and the line that covers the most wound pixels from each scanning direction 

is left (see Fig. 9b-right). The line length in pixels is converted to the line length in 

cm according to (3). 

The line length = square root(the area of one pixel)  the amount of pixels in the line     

(3) 

3.3 Wound Color 

We want to identify red, yellow, and black wound areas within a wound. As in the 

work [22], the wound color system is based on HSV (Hue, Saturation, and Value). 

Also the work [22] provides the color ranges for red, yellow, and black wounds. 

Based on these color ranges, we do further tuning by referring to our collected wound 

images as follows: 

 Color ranges of red wounds in [H, S, V]: [167, 25, 46] － [180, 255, 255] 

and [0, 25, 46] － [12, 255, 255] 

 Color ranges of yellow wounds in [H, S, V]: [13, 20, 46] － [94, 255, 255] 

 Color ranges of black wounds in [H, S, V]: [0, 0, 1] － [180, 255, 46] 

Having the above color ranges, the wound pixels of the corresponding colors can 

be located. An example wound color segmentation is given in Fig. 10. As can be seen, 

the shadow area in the image is easily mistaken as a black wound. Based on the 

number of pixels in these wounds of different colors, the percentages of these wound 

areas are outputted as the example: red: 67.68%, yellow: 28.57%, black: 0.53%, and 

other: 3.22%.  

 

Fig. 10: Wound color segmentation. 

Red Wound Yellow Wound Black Wound
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7. Performance Evaluations 

To compare the performance of the three wound segmentation approaches 

mentioned in the paper, an experiment is conducted. The running environment is 

based on a computer with a core i7 CPU and a GeForce RTX 2080 Ti GPU. The 

OpenCV software library is used to do image related processing and the Keras 

open-source neural-network library is used to construct deep learning models like 

MLP and CNN. The training data set includes 20 wound images and the testing data 

set includes five wound images. 

Any wound detection techniques will generate one of the following prediction 

results: 

 TP (True Positive): A wound pixel is correctly identified. 

 TN (True Negative): A non-wound pixel is correctly identified. 

 FP (False Positive): A non-wound pixel is mistaken as a wound pixel. 

 FN (False Negative): A wound pixel is mistaken as a non-wound pixel. 

Three general cost metrics are defined as below to evaluate the prediction 

performance: 

 Accuracy: (TP + TN) / (TP + TN + FP + FN) 

 Precision: TP / (TP + FP) 

 Recall: TP / (TP + FN) 

 Accuracy is an indication of the correctness of a learning model. Precision is an 

indication of the correctness on all positive predictions (telling that wound pixels are 

detected). Recall shows how many target events (real wound pixels) are revealed. In 

addition to these metrics, we also concern about the processing time and the 

estimation error on wound area. An absolute area error is defined as in (4): 

Absolute area error = (| estimated area – real area | / real area) 100%               

 (4) 

Our evaluation results are listed in Table 1. The average values of the above five 

cost metrics to five test images are computed. The Canny-based approach has a high 

precision but a low recall. This means that positive predictions to wound pixels are 

mostly correct but also many wound pixels are mistaken as non-wound pixels. As the 

case shown in Table 2, the Canny-based approach only recognizes a small portion of 

the wound if the color of the wound is close to the color of normal skin. One benefit 

of this approach is that the processing time is very low as compared to the other two 

learning-based approaches. 
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Table 1: Performance Comparisons 

Cost Metrics Canny-based CNN-based MLP-based 

Accuracy 71.32% 81.74% 85.24% 

Precision 85.55% 76.60% 84.84% 

Recall 61.99% 98.69% 95.94% 

Processing Time 0.09 s 53.09 s 49.10 s 

Absolute Area Error 32.42% 36.14% 18.70% 

 

Table 2: Error Estimation Cases 

Comparison Canny-based CNN-based MLP-based 

Real Wound 

   

Estimated Wound 

   
The CNN-based approach has a high recall but a low precision. This means that 

the most of wound pixels are recognized and non-wound pixels are easily considered 

as wound pixels as well (see the case in Table 2). Actually, the CNN model is more 

suitable to shape recognitions. The MLP-based approach has both a high precision 

and a high recall, though the processing time is about 49 s. The average area 

estimation error of this approach is lower than the other two approaches. As a result, 

the MLP-based approach performs better than the Canny-based and CNN-based 

approaches in our experiment. 

As we know, an object when being photographed will be stretched in the picture 

if the camera does not directly face to the object. We additionally conduct an 

experiment to see the effect of the angle of shot on an object size. At first, we place a 

camera directly over a wound picture and keep the camera lens parallel to the wound. 

Then, we tilt and rotate the camera with different angles and take pictures. For each 

case, we measure the area error as in (5): 

Area error = ((estimated area – real area) / real area) 100%                       

(5) 

  



232 
 

Table 3: Effect of angles of shot 

Angle (degree) Estimated Area Error 

Tilt00_Rotate00 18.76 0% 

Tilt00_Rotate20 18.59 -0.91% 

Tilt00_Rotate40 18.34 -2.22% 

Tilt20_Rotate00 20.29 8.17% 

Tilt20_Rotate20 18.48 -1.47% 

Tilt20_Rotate40 22.41 19.47% 

Tilt40_Rotate00 22.14 18.00% 

Tilt40_Rotate20 25.11 33.83% 

Tilt40_Rotate40 37.93 102.18% 

In Table 3, the notation TiltXX_RotateYY indicates a certain scenario with a tilt 

angle of XX degree and a rotation angle of YY degree. The estimated area of the case 

Tilt00_Rotate00 is the same as the real area of the wound. Generally, the area error 

becomes large when the tilt and rotation angles are large. 

 

8.  Conclusions 

We develop an assistant tool to evaluate the pressure injury stage by using image 

processing and deep learning techniques. This tool provides wound segmentation, 

color classification, and area/size measurement. Three wound segmentation 

approaches are introduced and compared. The approach based on a MLP learning 

model performs best in experiments. 

 There are several research directions that can be further studied. The processing 

time might be reduced by firstly applying a non-learning-based (for example, 

Canny-based) technique to limit the possible processing area, and secondly applying 

a learning-based technique. Moreover, an advanced learning model might be tested to 

improve the precision rate. The wound segmentation can be extended to any kinds of 

wounds besides pressure injury. More wound conditions such as dry or wet wounds 

can be analyzed using complex image processing techniques. 
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1. Research Background and Goals 

The simulated learning/training method is a powerful and fast growing strategy in 

modern education. The simulation learning is a teaching method that replicates the 

context of real case in a safe environment and provides interactive and feedback 

activities for students to achieve learning effect. In recent years, virtual reality 

applications in various fields were rapidly developed for simulation learning purpose 

since the effect had been validated.  

In this paper, a simulated learning strategy for nursing skills training is implemented 

based on virtual reality technology and the subcutaneous injection skill is used as the 

training example to demonstrate the effect of this learning model. From this way, this 

learning strategy fulfills the concept of learning by practice while reducing the related 

cost and effort significantly. It is observed and expected, by some test samples 

feedback from the implemented system, that the learning strategy can not only 

improves the student’s interest in skill training but also enhances the learning 

performance than the traditional teaching methods. Furthermore, it is also easy to be 

applied into other skill learning and training fields thus is practical for the future 

education and training purpose 

 

2. Designed Methods 

The simulated learning/training system is implemented in a Laptop PC which runs 

Unity 2017 with i7 core, 16G RAM, and GeForce GTX 1070 display interface, while 

the HTC VIVE HMD with Leap Motion sensor is used as the display platform and 

intuitive gesture control unit. In order to achieve the reality, first of all, all the 3D 

models related to the subcutaneous injection training including space environment, 

equipment, and characters are constructed. Second, the standard operating procedure 

steps recommended by the consultants and the interactive action scripts are carried 

out by computer programming work. Moreover, the automatic assessment, operation 

step prompts, operation history records, and the statistical analysis functions are also 

added into the simulation learning system to improve the learning performance and 

provide as the teaching feedback usage. 
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The prototype system is under verification by a few students in an informal test to 

check its fluency and to collect their experience. At present, regular evaluations will 

be conducted in the class to exam the system effectiveness including learning interest, 

learning quality, and learning performance, which can be the basis for subsequent 

system modification and improvement work. 

 

3. Expected Results/ Conclusion/ Contribution 

The experimental results show that the students have higher learning motivation and 

interest than traditional methods in learning professional skills using this simulation 

learning system, while they are generally react less stressful during the practice 

processes, they are not afraid of operational errors, and are willing to practice 

repeatedly. At the same time, the feedback method of video playback can make them 

understand the operation errors thus can correct the content of the learning at the first 

moment, thus the learning performance can be effectively improved. The statistical 

feedback of the students’ operation processes also help the teachers to understand 

what and where the students’ learning weak, and then adjust the corresponding 

teaching strategy. 

The proposed prototype system had participated in the 2019 ITEX international 

innovation invention competition and won the gold medal award by experts’ review, 

which further highlights the use of this learning strategy. The advantages of self-study 

and training of skills, as well as the practical value of the teaching aid system. 

Moreover, expensive resources such as teaching aid, educational hardware, and 

realistic material can be reduced significantly by the virtual 3D models and scenario. 

That is, the proposed teaching support system provides an eco-friendly and 

self-learning practical environment anytime and anywhere with gaining immediate 

learning feedback and practical experiences for the students. 

Keywords: Nursing Skills Training; Simulation Learning; Subcutaneous Injection; 

Virtual Reality Technology. 

Figure 1. Demonstration of the simulation learning system for (a) Automation 

assessment function, and (b) Learning feedback function. 

  

(a) (b) 
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Abstract 

In order to process Big Data machine learning calculations, many frameworks for 

distributed parallel computing has been suggested in recent years. Amongst which, 

Apache Spark is a commonly used in-memory distributed machine learning parallel 

computing framework. Furthermore, it is suitable to deploy Apache Spark Machine 

Learning (ML) Tasks with various containers, so as to conduct ML parallel 

computing training. In recent years, open source framework scheduled and managed 

as container clusters with Kubernetes are becoming increasingly common. In addition, 

hardware resources specifications of cluster systems used for ML training are 

generally divided into various levels such as CPU computing speed or number of 

cores. As a result, clusters possess isomerism. As computing abilities of different 

nodes under cluster isomerism are inconsistent, duration for overall computing might 

experience different impacts when allocating ML training tasks to nodes. Therefore, 

this research proposes optimization for Apache ML Task scheduling strategies based 

on Kubernetes clusters, in order to predict execution duration for tasks when 

scheduling and reduce total duration for multiple ML task trainings. 

 

Keywords: Kubernetes, Apache Spark, Task Scheduling, Machine Learning 

 

1. Introduction 

In the past, the architecture for application development is mainly based on the 

monolithic architecture regardless of cloud computing or edge computing. Traditional 

monolithic architecture can create immense inconvenience, such as the embodiment 

of program codes such as debugging, addition of functions and testing into one on 

immense and complicated system platforms. As a result, it is hard for maintenance 

and development personnel to deploy and manage said platforms, and the team can 

only develop in an ineffective way. Nonetheless, as today’s edge computing services 

call for an extremely high update frequency, the mode of monolithic architectures can 

lead to time-consuming deployment and maintenance, resulting in low reliability. 

Moreover, as the monolithic architecture constructs all modules on the same process, 
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in the occurrence of bug in any one of these modules, it might easily influence the 

remaining modules. Hence, structural design can adopt the composition of 

microservices [1] of multiple commonalities, while such microservices adopt the 

method of modulization to compose into complex large-scale applications in the style 

of framework, and the various functional modules use API (Application 

Programming Interface) for inter-communication. Examples of which include 

communication microservices for receptor devices, database microservices for the 

storage of sense data, deductive reasoning services with deep learning modules, etc. 

Therefore, the system platform of a monolithic architecture can be divided into 

smaller and independent microservices, which can be deployed and managed for the 

practice of loose coupling, diverse, flexible service architectures. Such service 

architectures can not only effectively reduce cost consumed by deployment of 

development and maintenance personnel, but also promote convenience for follow-up 

systematic management. Microservice architectures divide a complete application 

into microservice functions of multiple small-scale software containers, before 

composing which into various application services with loose coupling modulization. 

By such, the characteristics of separated independent deployment and updates can be 

preserved, as one can update said application targeting an individual container 

without affecting its other services, but also adjust application services according to 

needs at any time to encourage faster and easier updates. 

 

Current microservice designs mostly adopt the use of containers [2] for the design of 

applications. However, unalike virtual machines, container technique directly 

package program code, function library and environment configuration file relied on 

by application services into images for users to practice the same service application 

and construct the same environment on different machines. Furthermore, unlike 

traditional virtual machines, for which available resources must be primarily 

distributed and provided for the use of, and a Guest OS must be installed, containers 

can directly use Host OS on the dedicated server, and no additional resources are 

needed to access and run Guest OS for the execution of application services. In terms 

of performances, experiment data has proven the performances of containers are near 

that of original performances [2]. However, as traditional virtual machines require the 

installation of Guest OS and allocation of resources, the use of resources are under 

greater limitations in addition to the significant influence on performances. 

 

Moreover, due to the characteristics of lightness and flexibility of containers, an 

application may be packaged into every container image. Such one-to-one 

relationship between the application and image has unlocked all advantages of 
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containers. The use of containers may construct immutable container images upon 

construction / release instead of the construction of application container image 

during deployments, thereby separating the application from infrastructure. As an 

application is not composed using remaining parts of application stacks, it does not 

need to be combined with the environment of production infrastructure. The 

generation of container image upon construction / release may realize consistent 

environment from development to production, thereby reducing separation problem 

of Dev and Ops. Similarly, a container is much more transparent as compared to a 

virtual machine, making it easier for monitoring and management. Hence, the use of 

containers promotes agile application construction and deployment, and enhances 

convenience and efficiency of container image generation as compared to the use of 

virtual machine images, thereby increasing utilization of the overall machine. At the 

same time, by promoting reliable and frequent container image construction and 

deployment, and fast and simple Rolling Update, it also supports consistent 

development and deployment. 

 

As a result, in order to manage loosely coupled modularized service clusters formed 

by containerized microservices, new microservice architectures must also provide 

clustering managerial systems for efficient and flexible orchestration. Such 

orchestration system must be seamlessly replaced and self-restored upon death of the 

container. As Kubernetes is now the main technique adopted on open source software 

platform for the management of container clusters, it is also a cluster programming 

orchestration system constructed on the runtime of OCI (Open Container Interface) 

standard container. It is a cluster platform that offers cross-hostel automatic 

deployment, expansion and the running of containerized application containers [3]. 

 

However, in the diverse computing environment of Kubernetes, microservice tasks 

are distributed to different servers for execution. As time goes by, cluster hardware 

resources are constantly updated, and diverse computing clusters may easily generate 

isomerism. As computing capability of every node under isomerism is inconsistent, 

the distribution of the same task on different nodes may result in different impacts on 

nodal loads. Method for task orchestration under the default environment has not 

considered cluster isomerism. 

 

Hence, based on the consideration that the original Kubernetes task scheduling has 

failed to consider inconsistent computing capability of different nodes under the 

environment of isomeric clusters, this research proposes a new strategy for 

orchestration to optimize the computing performance of parallel open source 
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computing framework, Apache Spark [4], in isomeric cluster tasks. The research 

studies a new method for layered orchestration, in which nodes of similar computing 

capabilities are first grouped into clusters through clustering method; then, test tasks 

are used in orchestration for preliminary estimation of task execution time; lastly, 

historic information and regression analysis are used to precisely estimate task 

execution time to realize task scheduling orchestration algorithm of higher efficiency. 

 

2. Related Work 

Kubernetes is an open source software architecture mainly used for the management 

of container cluster scheduling currently. It offers a cluster system for cross-nodal 

automatic deployment, expansion and running of containerized microservice tasks. In 

the diverse computing environment of Kubernetes, containerized microservice tasks 

are distributed on different pods for execution. However, hardware resources among 

clusters may continue to update as time goes by, leading to the fact that isomerism 

may easily occur in diverse computing clusters. Due to inconsistent computing 

capability of different nodes under isomerism, the same task distributed on different 

nodes may create different influences on nodal loads. As method for task scheduling 

orchestration under default environment has yet to consider cluster isomerism, this 

research proposes an orchestration strategy to optimize performances of Kubernetes 

in isomeric clusters. With the use of layered orchestration, nodes of similar 

computing capability may be first grouped into cluster groups, then prediction 

techniques may be used when scheduling to realize optimized microservice task 

scheduling orchestration algorithm. 

 

Kubernetes was first constructed on Google’s more than ten years of experiences in 

large-scale operations of product workloads by Borg, the internal container cluster 

management project adopted by Google. The Kubernetes project, an open source 

container cluster management system improved by experiences of multiple years of 

use, was started in 2014. The aim of which is to reduce time of developers spent on 

the planning and maintenance of infrastructures such as service scheduling, network 

virtualization, service load balancing and container management. Now, the software 

project is maintained by Cloud Native Computing Foundation (CNCF) [5]. 

 

Container node of Kubernetes’ management of hosts offers basic deployment, 

maintenance, management and the execution of various applications. It also offers 

many characteristics, such as the management of cross-machinery containers in the 

way of clusters, deployment of containers through simple YAML setting, on-line 

update services, etc. Hence, Kubernetes offers the function to construct architectures 
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orchestrated with container clusters. With the use of Kubernetes, one can quickly and 

predictively deploy containerized applications. Its embodiment of portable (can be 

used on cloud systems and edge systems), expandable (modularized, can be plugged 

in or unplugged, can be connected or disconnected, combinable), self-restorative 

(auto allocating, auto restart, auto copy and auto scaling) characteristics ensures 

Platform as a Service (PaaS) simplicity and Infrastructure as a Service (IaaS) 

flexibility, as well as cross-infrastructural portability. 

 

In terms of the architecture of Kubernetes’ container orchestration system [4], as 

shown in Fig. 1, it is mainly composed of by two nodal roles: Master to provide API 

and manage working nodes and nodes for the execution of container applications. 

Master core elements of Kubernetes adopt the use of Etcd to ensure consistency in all 

container clusters. Resource orchestration is realized with the use of Scheduler, while 

the various pods are constructed on corresponding physical nodes according to 

orchestration strategies, so as to conduct container life cycle maintenance and provide 

services through nodal Kubelet and Container Runtime. Amongst which, Pods uses 

Kubernetes to facilitate the management of clustered containerized applications, 

thereby to provide mechanisms such as deployment, maintenance, expansion and load 

balances. Based on the conditions of nodal loads, Kubernetes would evenly distribute 

Pods on every node. Pods are the smallest unit in the application deployment of 

Kubernetes. Every Pod represents one application (and may possibly include more 

than one container), and shares storage and network resources. Containers execute 

Container Instance based on OCI Container Runtime. Number of Pod copies are 

defined and the conditions of which are monitored through Deployment, and such 

conditions include four stages of life cycles including: Pending, Running, Succeeded, 

Failed. At the same time, it also ensures an assigned number of Pods are ran in 

clusters. If the number of Pods is below the assigned number, Kubernetes would 

automatically re-start new Pods in the cluster and ensure normal operating of its life 

condition and services. If error occurs in an operating Pod, which in turn leads to 

abnormal service provision, Kuberenetes would re-start new Pots as replacements 

instead of restoring the container of the original Pod. The relationship between Pods 

and containers is as shown in Fig. 1. 
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Fig. 1: Software architecture of Kubernetes container cluster orchestration system 

Fig. 2: Architectural diagram of Spark resource management 

 

3. System Design 

In consideration that microservice task scheduling of the original Kubernetes has 

failed to consider the inconsistent computing capabilities of the different nodes in 

cluster isomerism, this study proposes an orchestration strategy for the processing of 

microtask scheduling in Apache Spark diverse data computing, so as to optimize 

performances of which in isomeric clusters. The research studies a new method for 

layered orchestration. Firstly, nodes of similar computing capabilities are categorized 

into clusters through categorization. Then, test tasks are used in orchestration for 

preliminary prediction of duration for the execution of tasks. Next, historic 

information and regression analysis are used to precisely estimate task execution time 

to realize task scheduling orchestration algorithm of higher efficiency. 

 

Hence, this study proposes a method to conduct scheduling optimization of 

microservice tasks with Spark on Mesos parallel computing based on the isomeric 

cluster environment of Kubernetes. The architecture of which is as shown in Fig. 3. 

Firstly, nodes of similar computing capabilities are formed into groups using 

K-means algorithm, so that every group can be regarded as an individual cluster for 

the provision of resources. Then, the first executed tasks are tested with small data, in 

order to predict duration for the execution of said tasks to precisely schedule tasks to 

idle nodes. Based on the results of the above grouping, clusters are marked and set for 

later Pod setting can match corresponding nodes. At the same time, YAML files for 

the deployment of containers can be set targeting Kubernetes computing to deploy 

corresponding service and thereby construct an environment for dynamic expansion. 

In Kubernetes, every group has their individual node for execution, while Mesos 

Master and Mesos Slave are constructed on the different pods of the various nodes. 
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In addition, through monitoring of nodal loads and rate of resource utilization, we can 

analyze parameters collected during monitoring to adapt dynamic orchestration to 

nodal task allocation. At the same time, from past information of tasks, we can then 

predict finishing time using the Machine Learning algorithm, so as to precisely 

allocate tasks to efficient cluster computing. This research uses the various machine 

learning regression algorithm provided by Spark MLib, such as Linear Regression, 

Decision trees, Random Forests, Gradient-Boosted Trees [8], to predict duration for 

the execution of tasks and allocate said tasks to the most suitable node. 

Fig. 3: Architecture for Spark on Mesos parallel task scheduling system based on the 

isomeric cluster environment of Kubernetes 

 

4. Experiment Results 

This study adopts the experimental design of Kaggle information based on the data 

set of multiple actual cases, as shown in Table. 1. Paired with the use of different 

parameters, WordCount execution of microservice tasks of Spark will be generated. 

Table 1: Kaggle data set list 

Data set Size 

Homicide Reports, 1980-2014 11MB 

Open Food Facts 46 MB 

US Baby Names 171MB 

Lending Club Loan Data 240MB 

World Development Indicators 385MB 

2013 American Community Survey 888MB 
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With 9 cluster nodes, we then use the performance testing tool, sysbench, to conduct 

CPU and Memory performance testing on the different nodes to understand 

performance of the individual node. Setting for testing parameter is as follows: CPU 

as cpu-max-prime 20000; Memory parameters as threads 16, memory-block-size = 

8K, memory-total-size = 16G, to conduct testing on all 9 nodes. Data collected is as 

shown in Table. 2. 

Table 2: Performance test data set 

Node CPU (s) Memory(s) 

1 22.6771 0.1244 

2 21.2132 0.1297 

3 22.0121 0.1324 

4 204.5321 0.0323 

5 198.3941 0.0302 

6 193.4234 0.0394 

7 451.3132 0.0683 

8 431.9214 0.0711 

9 413.9422 0.0696 

Then, upon normalization of results of performance testing data as shown in Table. 2, 

due to differences in the sizes of machine memory, we then calculate by 

multiplication according to the different memory sizes before conducting clustering 

with K-means algorithm, as shown in Fig. 4. K-means is divided into clustering 

results of 4 cores and data of the different clusters. 

Fig. 4: Diagram for nodal performance clustering 

Fig. 5: Duration for the execution of cluster tasks through random forests scheduling 

Fig. 6: Order for random forests task scheduling 
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5. Conclusions 

Based on the fact that task scheduling of Kubernetes under the environment of 

isomeric clusters fails to consider inconsistent computing capabilities of the different 

nodes, this research proposes a new orchestration strategy to optimize performance of 

containerized microservice tasks of Spark diverse computing architecture for parallel 

computing in isomeric clusters. A method for layered orchestration is proposed. 

Firstly, nodes of similar computing capabilities are grouped into clusters through 

grouping. Then, test tasks are used in orchestration for preliminary prediction of 

duration for the execution of tasks. Next, historic information and regression analysis 

are used to precisely estimate task execution time to realize task scheduling 

orchestration algorithm of higher efficiency. 
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Abstract 

Nowadays, investment has become an erudition which everybody should 

practice. Owing to the several characteristics of mutual fund investment, such as low 

fluctuation, small capital and easy to manipulate, mutual fund has received affection 

from those conservative investors as an ideal investing tool. However, most people’s 

investing strategies are originated from financial commissioner or relatives and 

friends' suggestion; some of the investors even believe in hearsay and adopt tactics of 

investing arbitrarily. In fact, this blindly investing behavior is neither to create profit 

nor to avoid the distress of lockup when confronting with financial downturn. 

Especially, when investors are not acquainting enough about economic prosperous 

cycle, they will become anxious by the short period of the value depression, and 

either to conclude the transaction impulsively or just haphazardly let their wealth to 

shrink less and less. To conquer the above-mentioned negative situations, we choose 

the expert’s investing strategy as the kernel of our system and also adopt Web-Based 

interface to construct a mutual fund analyzing system, which named Money Phat, to 

supply fund assessment for the crowd. Besides, we add BCG Model displaying 

function in client’s personal investing detailed account in order to assay its 

remuneration not only completely but also clearly and search the most suitable 

investing rule for different types of fund. For a legal person, the functions that our 

system offered will be able to aid determine the best investing portfolio more 

efficiently and to cope properly with focusing on distinct investing. Passing through 

years of data collecting and tracking, this study has discovered that by the way of 

kinetic analysis, our system was able to avoid the crisis of financial downturn in 2008 

much precisely. Not only harmless in this global financial depression, the investing 

result is even getting beyond than the performance of major mutual funds. 

Keywords: Kinetic Analysis, Value Investing, Xie correspondence Investment Method, 

BCG Matrix. 
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1. Preface 

Investment and financial management have already gone universally deep into 

daily lives of the present generation. They have also promoted flourish development 

of various investing instruments. Above all, mutual fund possesses characteristics 

such as: much stable fluctuation relatively, require less capital and facile to 

manipulate. Therefore it receives favor from the generality of investors. Nevertheless, 

most retail investors often follow the suggestions offered by financial advisors, 

friends or relatives. They adopt investing strategies based on rumor and place orders 

arbitrarily, thus, this smattering investing conduct can scarcely create steady returns 

on investment, also their assets is even easier being locked up while financial 

downturn approaches. 

Owing to the impact of U.S. subprime mortgage crisis which has involved 

global financial meltdown and economic recession in the recent two years, the stock 

market index in Taiwan has been slumping seriously, also the stock price has been 

floating up and down constantly. These factors have influenced trader’s temper 

severely. Therefore, all the individual investors are yearning to have a portfolio 

analyzing implement which is similar to the one that belongs to investment 

corporations, in order to not only apply limited capital adequately, but also assay both 

positive and negative properties of mutual funds by analyzing appliance to enhance 

returns on investment. 

Due to the above-mentioned causes, this research chose to construct a mutual 

fund analyzing platform as principle subject. It is expected to supply traders a 

convenient investment analyzing tool through a Web-Based interface on purpose to 

avoid the anxiety which produced in a long period of time when investors observed 

the stock market. In current drooping economic situation, it is essential aiding the 

crowd to manipulate funds with ease and enjoy the advantages of spreading risk, so 

as to pursue gains firmly. 

The adopted principle kernel of study is Xie correspondence Investment 

Methods which were interviewed and published on (Business Today, 554). On 

account of Mr. Xie’s investment has been persisting more than 16 years. Besides that, 

the most returns per one mutual fund had reached 1600%. To sum up, Mr. Xie’s 

correspondence investment methods could be summarized into four key points: first, 

pick progressive funds and countries to invest; second, deal single transaction by 

increasing capital in turns; third, eliminate weak funds to potential ones and use 

technological analysis to determine when to sell or buy. In short, advanced countries 

should be found for a start, then to look for their relative potential mutual funds, after 

that, utilize 20 moving average line for buying and selling targets. 

Our research was based on above investment methods and it has been 
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cooperating with stock indexes to carry out the analysis with the assistance by 

Microsoft SQL Server database system. Next, the system has been importing 

historical fund value data and correlative information, in order to build a fund 

evaluation and analysis system named Money Phat. 

In this research, we focus on funds which contained many stock elements as 

testing targets. In other words, the experiment was set on assaying funds that were 

much sensitively affected by stock market fluctuation. Meanwhile, investors were 

capable of regarding personal portfolio as analyzing basis, and exploited BCG Model 

to survey and  analyze whether the funds has conformed to their expected returns or 

not. Consequently, after a period of time, according to investing results and 

proportion, traders may review portfolios to decide if the investing inventories needed 

to be revised or re-planned. In sum, the whole fund analyzing system is mainly to 

assist personal finances management and economic planning, in addition to provide 

services as fallow: integrated services, on-line real time analyzing function, daily 

index information and reference material as investing profits ranking. On purpose to 

assure traders can swiftly catch on the actual returns of each fund, and the system was 

also arranged simulate investing detailed list for every individual investors, to allow 

users not only handle assets management but also create constant gains. 

 

2. Review of the Literature 

2.1 Kinetic Analysis 

The chief functions of the system are emphasized to compute investment returns 

and display fund ranking, therefore this chapter was laid to introduce the reference 

materials and theories of these two principle services. The content goes as follows: 

The so-called Kinetic Analysis is also be named as Positive Feedback Trading 

and the term represents investors buying stocks which has accumulated better 

historical performance records and selling those of inferior backgrounds. In other 

words, the trading mart as well called it “Relative Strength Strategy.” The 

presupposition of founding kinetic analyzing strategy is to assume that the 

information reacted by commerce does not possess efficiency. For this reason, it will 

appear the situation of “the strong continue to be strong, whereas the weak last to be 

weak”. If the previous prerequisite is established, then to buy the strongest portfolio 

of last duration and sell out the weakest one at the time can acquire abnormal profit. 

Kinetic Analysis in the field of national economic research development, there 

was a scholar Xie (1994) according to the empirical framework which brought up by 

American economists Jagadeesh & Titman (1993), to research 238 Taiwanese stocks 

which had entered the market and sold publicly as study samples during the period 

from 1975 to 1993. The experiment verified that no matter the prosperity is bearish or 



249 
 

bullish, adopting kinetic analysis was not able to create positive returns. Gan (2001) 

during the term from 1988 to 1999, has used 80 listed companies in Taiwan stock 

exchange as researching subject and discovered that during the holding period from 

six months to a year, either kinetic strategy or earnings momentum tactic appears the 

phenomenon of “the strong continue to be strong, whereas the weak last to be weak”. 

The loser strategy will be reverse after keeping one or two years, but viewing from 

the point of the reversal frequency, there would be no obvious situation of switching 

winner and loser strategies. And on the aspect of investing returns, kinetic strategy is 

better than earnings momentum tactic in both long and short terms. 

Chen (2002) also used the monthly returns of Taiwan stock market from 1981 to 

2000 as experiment objects, in order to discuss the achievement of kinetic analysis 

strategy and contrarian strategy. The conclusion suggested to use contrarian strategy 

in short-term investment while adopt kinetic analysis strategy in middle-term 

investment, besides, he brought up an integrated theory of combining both kinetic 

analysis strategy and contrarian tactic which gave suggestion to buy the stocks of 

short-term depression but make profits in middle-term investment. Generally, Chen 

(2002) believed to utilize kinetic analysis strategy to invest Taiwanese stocks would 

be much successful. Xie (2004) used 72 exchange traded funds which had entered the 

market as researching targets, to confer the kinetic effect among the exchange traded 

fund and industrial stock portfolio. The results discovered that exchange traded fund 

had outstanding and constantly returns under the manipulation of kinetic analysis 

strategy. 

 

2.2 Value Investing 

Graham (1951) brought up Value Investing, and after the theory had been 

experienced numerous trails in U.S. stock market, it was verified as an effective, 

reliable method to select and invest stocks. Warren E. Buffett went a step further to 

present the ultimate intention of Value Investment, and had become the second rich 

and powerful person in the world. Although Buffett did not totally approve the 

investing aspect which was addressed by his respected teacher Graham, however, the 

view point of value investing which has been handed down from generation to 

generation is the key factor for success. 

The spirit of value investing is to analyze the basic phase, in order to look for the 

stocks that are truly valuable. In other word, it means the stocks are underappreciated 

by the market. In the field of academic research, judging criteria was based on market 

value, price-to-book or price-to-earnings ratios (P/B Ratio, P/E Ratio), it represents 

that in every unit of earnings, how much should general investors to bear, if the value 

is lower, it represents that the company has more potential. After that, it also appeals 
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scholars to focus on solving man-made problem of making profits, and brought up 

substitute indices such as Market Value/Price-Book Ratio (P/B Ratio), Market 

Value/Revenue, Market Value/Price-to-Cash-Flow ratio and Dividend Payout Ratio. 

In the viewpoint of general standard, the stocks which contained: Low-Price/Earnings 

Ratio, Low-Price/Price-Book Ratio, Low-Price Revenue and 

Low-Price/Price-to-Cash Flow ratio were defined as “Value Stocks”, on the contrary, 

would be named as ”Growth Stocks”. In past, many researches had indicated that the 

earnings of value stocks were better than growth stocks. It was because the principle 

of value investing to find “stocks which were undervalued by the market”. Therefore, 

if the real value is higher than the market price, then this stock could be esteemed as a 

fine investing target. 

The top ten indices of Graham’s value investing methods could be separated into 

five evaluated rules and five secure laws. The explanations of the five evaluated rules 

are as follows: 

1. The surplus earning rate is twice more expensive than the bond sold by firms 

which are ranked at three A levels. 

2. The Price Earnings Ratio (P/E, PER) is 40% lower than the highest market P/E in 

the current five years, or the P/E is 10% less than the market average P/E. 

3. The returns on investment (ROI) of the dividend are at least more than two-third 

than the ROI of the bond which sold by enterprise ranked as three A levels. 

4. The stock price is two-third less than the asset on the book value. 

5. The stock price is lower than two-third than Net Realizable Value (NRV). Its 

formula is: Inventory Sales Value – Estimated Cost of Completion and Disposal = 

Net Realizable Value. 

And other five secure laws are: 

1. Total Debt to Total Assets is less than book value. 

2. Current Ration is smaller than 200%. 

3. Total Debt to Total Assets is little and can be changed to NRV immediately. 

4. The Profitability Ratios near current decade has reached 200% (or, within ten 

years the average of annual earnings growth rate is more than 7%). 

5. The earnings growth rate in recent decade cannot be -5% for more than two years. 

Nevertheless, although Buffett’s investing philosophy is similar to Graham’s in 

most of the parts, for example, the kernel of his investing concept can be summarized 

as: invest the industry which one is familiar with, popular and enduring products, 

monopoly, distinguish brand, high market share, high Return On Equity (ROE), 

intrinsic value and margin of safety, the goal is to keep an eye on capital security and 

obtain satisfied profits, however there still exist some slight differences which are 

generalized into the following Buffettology: 
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1. Invest industries only under the circumstance if one is familiar with and can be 

well comprehended: Buffett using the attitude of buying a company to invest, 

therefore, before determine to buy a certain stock belonged to a certain company, 

Buffett will carefully examine the prospects of the company, management’s efforts, 

intrinsic value and whether it has sufficient margin safety. When everything is 

qualified, then starting to consider about purchasing the stocks. 

2. Centralize resources and carefully supervise: Graham’s investing philosophy is to 

watch out capital security and emphasize to balance investments, in order to 

spread risks; whereas, Buffett esteems that if will affect gaining, so he stresses on 

centralizing resources to obtain better returns. But under the circumstance of 

secure consideration, he suggests traders should take care of their investment but 

not to possess too many types of stocks. He has criticized Graham’s investing 

methodology of keeping numerous cheap stocks as Cigarette Butt, however it still 

can earn quite profits. Buffett believes that spreading risk would only be able to 

decrease non-systematic risk but has no effect of systematic hazards. For the 

above-mentioned reason, he thinks it just need to pick an ideal investing target and 

gather all the efforts to manage it. 

3. Ignore market fluctuation and keep stocks in long-term: Buffett esteems that the 

market fluctuation is a normal phenomenon, investors should concern about: Has 

the company kept on to create gains for its shareholders? Has the department of 

management dedicated to gain more for the company? Can the company meet 

customer’s demand and the earnings continued to grow? If the answers are certain, 

then investors should constantly to hold stocks until its prospect starts to 

deteriorate or stock prices are too high, far exceeding its intrinsic value. However 

the intrinsic value is difficult to measure, therefore the stocks of a high security 

business were esteemed that they should be hold for through whole lifetime. 

4. Respect goodwill: Graham eliminates invisible assets like goodwill while 

evaluates a business, it is because he thinks invisible assets are difficult to judge; 

whereas, Buffett believe that goodwill is an important element to enforce company 

status and to have stable market shares, further to exclude opponent’s 

advantageous position, therefore it has obvious value. 

5. Preserve gains: Berkshire Hathaway, where Buffett works for, almost has never 

allocated dividend. It is because that Buffett believes leaving dividend in 

Berkshire is a better method to create profits for stockholders, besides, its annual 

return of rate is more than 20%, shareowners scarcely to find investment earnings 

better than the achievements which provided by Berkshire. This point of view is 

different from Graham’s opinion which purported that business should give back 

earnings in an appropriate amount or degree because he considers that the business 
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manager is hard to create good profits in long-term. Nonetheless Buffett thinks: 

superior company can initiate great earnings. High ROE signifies that the firm is 

good at making profits. Only when appears low ROE, then company should 

allocate returns to shareholders for investing on stronger target. 

6. The most important principle that Buffett believes is to avoid loss and ensure 

capital security. The method of keeping capital safety is to establish investing 

strategy on basic analyzing view. As if the investing target had been analyzed 

thoroughly then it has enough evidence to support the investor’s choice is correct. 

For this reason, it is necessary to endure some temporary depreciatory lost until its 

value surpass the loss. It is because Buffett esteems that following the market 

fluctuation to buy and sell will suffer a great deal of damage. Therefore he insist 

the stock must be kept more than two years, and nobody can successfully to 

forecast the future prosperity, therefore he emphasizes any activity which “forecast 

the future fluctuation” is a kind of gamble behavior, and its loss is going to be 

greater than the gain in long-term. 

7. Choose great company: Buffett had once indicated that if it is imperative to make 

a choice between an excellent business and managing group then choosing ideal 

company will be the first option. It is because Buffett prefers the business which 

the board holds a lot of stock; in other words, the ideal industry to Buffett is the 

department of management esteemed itself as the owner of the business. The 

reason is that he believes company owners will not conflict with their 

corporations. 

8. Satisfied returns: For investors, the goal of buying stocks is to earn adequate 

returns, only if keeping ROE will produce greater value than allocating it to 

shareholders, then preserving ROE is significant, otherwise, company should grant 

ROE to stockholders in the type of dividend. According to the law of diminishing 

returns and increasing competition, there does not existing any company that can 

maintain high growth in long-term, so when the business enters sustainable stage, 

then Buffett suggests that firm should grant ROE back to shareowners. For Buffett, 

he thinks six years is a fine term of receiving dividend back. He will not to 

forecast the price of stocks nor to care about market fluctuation, but to buy 

certificates in low price, it is because the price has changed then there appears 

opportunity to gain extra profits. 

9. Margin of Safety: owing to the inevitable loss of pricing fluctuation, Buffett 

advocates that value investing can minimize the damage. The principle is to set a 

buffering price to decrease the economic fluctuation. The evaluating concepts of 

safety margins are three: 

(1) The difference after gross asset value takes off gross debt is safety margin. 
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However, asset will decrease if business becomes weak, in order that the 

difference is based on the size of safety margin, not a concrete number. 

Nevertheless, Graham considers that gross asset should be eliminated the part 

in which contained invisible asset because its value is difficult to compute 

and often its price full the most rapidly if company prosperity becomes 

pessimistic. 

(2) Payment is still an important factor to assure stock security. If investors pay 

too much to buy blue-chip stock, it means that they still shoulder a lot of risk 

and the investment cannot be considered safe. On the other hand, buying 

low-priced stock with normal quality can still have opportunity to gain, only 

if the company has enough operating ability. Nonetheless, Graham does not 

support to hold stocks in long-term, unless the prospect of business has 

become positive. 

(3) The concept of Minimum Variance Portfolio Theory (MVP Theory) and 

Margin of Safety is inseparable. Even though the analysis is correct and 

adequate, to invest only one target cannot ensure to be intact, it is because 

Margin of Safety can only assure gaining opportunity is larger than losing 

opportunity. 

10. Intrinsic Value: Buffett believes that the significance of investment is to purchase 

stocks with a reasonable price, also the target’s intrinsic value must be greater or 

equal to market price. In short, Buffett’s investment principle is the concept of 

cheap and fine. Also, Buffett thinks price and value are two entirely different 

concepts. Intrinsic value is formed by various factors which are able to reflect 

asset, earnings, dividend and company prospect; however, market scheme is 

similar to a voting machine, investors use reason and emotion to form opinion and 

exploit money as polls to reflect the voting outcome. In other words, Buffett 

esteems that the price of stocks and bonds will be influenced by diverse emotional 

factors. For example: during the period of World War II, U.S. stock market had 

fallen for several months, but American people’s lives were as usual and 

economical operation was customary, intrinsic value of sturdy company does not 

change. Consequently, intrinsic value would be able to objectively reflect the real 

industry value. Another famous American economist, Petet Lynch, had ever 

indicated that “a successful business, its stock price will turn aside in short-term, 

but under the viewpoint of long-term investment, it will exactly mirror the intrinsic 

value”. To sum up the conclusion as follow: If one expect to gain by selling and 

buying certificates, then must to operate the investment like manage his own 

business, further, the operation must obey commercial principles in order to obtain 

success. 
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2.3 Xie Correspondence Investment Methods 

In the aspect of mutual fund investment, the Xie correspondence investment 

methods could be summarized into four major principles, there were: first, pick 

progressive funds and countries to invest; second, deal single transaction by 

increasing capital in turns; third, eliminate weak funds to potential ones and use 

technological analysis to determine when to sell or buy. In short, it signified to find 

out the strongest country first, then to look for the most potential fund from its 

industrial circles, finally to use 20 moving average line as the signal for judging the 

suitable time to buy and sell. 

After studying the above-mentioned investment methods, the result showed that 

it was partial to kinetic analysis which stood for replacing fund of weak performance 

into those that had eye-catching returns, besides, this investing manner tended to 

proceed with short-term transactions, not for long-term achievements. Next, 

according to the kernel intercepted from Xie correspondence investment methods, 

refining them into investing formulas, then import historical fund value data and 

several relative pieces of information into Microsoft SQL Server database system, in 

order to simulate a computation system to evaluate fund value. With regard to the 

rules of formulas, they were particularly explained as below: 

Assuming the seed capital was NTD. 1,200,000 only, and to pay one-third of the 

total bankroll in every investment. Commission, exchange rate and other unsettled 

elements were not considered in the computation system. 

1. In accordance with using 20 and 60 moving average lines as comparable signals 

for reminding investors the time to buy and sell 

2. If fund value reaches 20 moving average line (MA), then put in one-third of the 

capital. 

3. If fund value is higher than 20 MA but below 60 MA, then put in two-third of the 

capital. 

4. If fund value is higher than 60 MA, then put in whole capital. 

5. If fund value is lower than 60 MA, then get back one-third of the capital. 

6. If fund value is lower than 60 MA and between 20 MA, then get back two-third of 

the capital. 

7. If fund value is lower than 20 MA, get back all the capital. 

 

2.4 Boston Consulting Group Matrix 

The BCG Matrix was developed in 1967 by the Boston Consulting Group 

(BCG), Originated by Alan J. Zakon of BCG and William W. Wommack of Mead 

Corporation, the framework has since been elaborated upon by Barry Hedley, a 

director of BCG. 



255 
 

The goal of BCG Matrix aims to help companies analyze the business units or 

product lines. This helps the company allocate resources and is used as an analytical 

tool in brand building, product management, strategic management, and portfolio 

analysis. 

The concept of BCG Matrix portrays the strength of various product or activities. 

Each of the circles represents a business unit. The size of the circle reflect each 

product unit’s annual sales, the horizontal position of the circle indicates its market 

share, and its vertical position depicts the growth rate portrays the growth rate of the 

market in which it competes. 

Using the BCG Matrix, management can categorize each of its different business 

as stars, question mark, cash cow or dogs, but also because these classifications fairly 

intuitive and simple, so that investors can clearly observe the fund’s investment 

portfolio in the list of individual performance. Well-known Fund Research 

Morningstar also offers a similar matrix (Morningstar Style Map) analytical tool to 

represent the Fund’s investment type and size of portfolio, in order to understand the 

fund’s characteristics. 

1. The Cash Cow: These businesses (in the lower left corner of the matrix) are 

sources of cash for the organization. Cash flow can be used to grow other product. 

2. The Stars: The Stars are the businesses in the upper-left corner of the matrix. They 

are highly attractive businesses (ones with high market growth), and they have 

strong competitive position (high relative market share). Those products could use 

some of the cash generated from the “Cash Cows” are investments in order to 

grow. 

3. The Question Marks: The Question Mark (in the upper right corner quadrant) 

needs careful scrutiny to see which way it will go. Sometimes “Question Marks” 

are divested, and sometimes they are heavily invested in and transformed into 

“Stars”. 

4. The Dogs: These businesses (in the lower right quadrant) are clearly the great 

losers. Unattractive and week. Typically, “Dogs” are divested or liquidated. 

According the type division in four quadrants of BCG Matrix, we can against the 

fund’s growth rate and market share to compare, analyze what is need continue 

investing or liquidate. 

 

3. Research Methods 

The goal of system was to construct a personal fund investment and 

management system which was available for users to perform different investing 

theories and evaluating techniques, also it could automatically announce investors the 

suitable time to bell or sell, for assisting they to make decisions. For the sake of the 
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requirements brought up by the masses, the system had been adopted to illustrate with 

numerous diagrams which were easy to read and understand, in order to help traders 

comprehending the basic general situation of current financial prosperity for saving 

their precious time. 

In chief, the system could be divided into three parts such as computation, 

exportation and exhibition. In which, computation belongs to the part of database, 

except of using the stored procedure of SQL Server, it also exploited with SQL Server 

MDX (Multi-Dimensional eXpression) and plus .net procedures. On the other hand, 

exportation was developed with Asp.Net, besides, exhibition was built with 

JavaScript and Ext-JS Library for allowing users able to employ all the function 

under the circumstances while they opened a single web paged. Regarding the 

constructing steps of the above-mentioned parts are particularly explained as 

following: 

1. Computation in database: system was scheduled to fetch data in regular time. After 

accessing the information into database, system would perform SQL Server 

Integration Services (SSIS) through SQL Agent. For processing the section of 

long-term returns calculation, the system had been established On-Line Analytical 

Processing (OLAP), in order to use Multi-Dimensional eXpression (MDX) to 

compute data which were not asked for real time query, then store the outcome 

back into database after operation. 

2. Information exportation: the web server was developed with Internet Information 

Services (IIS), through the cooperation of .NET Framework to get information 

which had already been processed, then exported it into either Extensible Markup 

Languages (XML) or JavaScript Object Notation (JSON). 

3. Results exhibition: owing to have the same appearance in every platform, the part 

of display had been decided to arrange with Ext-JS which was a Cross-Browser 

JavaScript Library and used the technology of Asynchronous JavaScript and XML 

(AJAX) to fetch the information on server. 

In the system, the formula was refined by Xie’s investment method and listed as 

follow: 

𝑓(𝑥) =  �⃑�, Buffer Range of 𝑥 

𝑀1,2 =  Moving Average NAV 

𝑁 =  Current NAV 

 

IF 𝑁 > 𝑓(𝑀1) and 𝑁 < 𝑓(𝑀2) THEN put
1
3⁄ of the capital        (1) 

IF 𝑁 > 𝑓(𝑀2) and 𝑁 < 𝑓(𝑀1) THEN put
1
3⁄ of the capital        (2) 
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IF 𝑁 > 𝑓(𝑀1) and 𝑁 > 𝑓(𝑀2) THEN put whole capital        (3) 

IF 𝑁 < 𝑓(𝑀1) and 𝑁 < 𝑓(𝑀2) THEN get back
1
3⁄  capital        (4) 

IF 𝑁 < 𝑓(𝑀2) and 𝑁 < 𝑓(𝑀1) THEN get back
1
3⁄  capital        (5) 

IF 𝑁 < 𝑓(𝑀1) and 𝑁 < 𝑓(𝑀2) THEN get back whole capital   (6) 

Model

DBMS

Controller

Database OLAP

IIS Web 

Server XML

View

SQL Agent

Download 

Data

Ext-JS 

Library

 JavaScript 

Interface

AJAX

  

Figure 1: Diagram of system framework 

 

4. Research Findings 

After analyzing fund achievement during the past few years, owing to Xie 

correspondence Investment Methods took market indices as major reference material. 

Therefore, the study employed Taiwan Stock Exchange Capitalization Weighted 

Stock Index (TAIEX) to examine funds which were more sensitive to be influenced, 

and the investing results were fairly well. Even if not to use TAIEX for consulting 

basis, we could also inspect the fund by its value, for example: the following table 

numbered one displayed the yearly Return on Investment (ROI) of Prudential 

Financial OTC Fund from 2005 to 2008.  

In Table 1, the column of lump sum returns stands for the general situation of 

making profits. It represented that after investors buy the fund by one-time payment, 

they were not be able to catch the best time according to market prosperity in order to 

determine selling the fund out, then, the ROI would be much fluctuated and the 

condition of gaining would not be stable. On the contrary, if traders exploited the 

reference indices which suggested by the system as the principle of buying and 

selling, in this case, people could become aware of the bearish sign and spread the 

risk of investment. 
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Table 1: Yearly ROI of Prudential Financial OTC Fund from 2005 to 2008 

The system could avoid the financial downturn crisis happened in 2008 very 

definitely via the function of kinetic analysis: for instance, the following graphs 

assigned number one and two, and both streaming quotes shown that on the date of 

28, May, 2008, the system function of fund evaluation indicated signals to sell. 

Assuming that the function had exhibited a set of continuous notations, it would have 

represented that the fund had been sold out all the units after the date of 3rd, June, 

2008 (displayed in the third graph).  

In addition, it obviously shown from the system diagram that the scheme had 

suggested to invest capital again gradually on 18, December, 2008, and also advised 

to put in the entire cash on 15, January, 2009 (thinking over the capability of printed 

paper). The total return of investment until 3rd, September, 2009 was 42. 6% (the 

seed capital was NTD.1,200,000 ONLY, while the fund price on 3rd, September, 

2009 valued NTD.1,711,261.44). The invest results was not only undamaged during 

this shockwave of international financial turmoil, but its performance also greatly 

surpassed than the achievements of the other general mutual funds. 

 

 
Figure 2: Streaming Quotes of TAIEX from January, 2008 to September, 2009 

 

Year Fluctuation Lump Sum Returns TAIEX Returns Value Returns 

2005 10.44 - 21.57 106% 75% 89% 
2006 23.61 - 26.56 12% 14% 5% 
2007 26.73 - 28.77 7% 5% 26% 

2008 28.30 - 14.65 -93% 7% 5% 

2009 14.82 - 24.4 64% 46% 56% 
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Figure 3: Streaming Quotes of TAIEX on 3rd, June, 2008 

 

  

Figure 4: The detailed computing list of Prudential Financial OTC Fund 

 

In the dimension of BCG Module, the system had the ability to analyze personal 

portfolio in accordance with its ROI or share proportion; therefore, every fund was 

displayed clearly in its category just similar to graph numbered four, in order to let 

investors review which fund should be planned more properly 

 

Figure 5: Using BCG Module to analyze personal portfolio 

 

5. Conclusions and Suggestions for Future Research 

In the research, the experimental target was aimed at funds which contained 

much stock elements; besides, by the way of developing a Web-Based fund analysis 

system named “Money Phat”, investors could take the advantages of individual 

portfolio as analyzing consultation and exploit BCG Model to verify if the returns on 
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investment (ROI) matched their anticipation or not, for the convenience of   

In favor of supplying both indices information and profits ranking list that 

common investors referred. 

According to the research led by Armstrong et al. (1994) had revealed, 

supposing that to use a specific product in order to influence the gains of portfolios in 

whole, then it was not sufficient to employ only a single methodology such as BCG 

Model. Therefore, in present, the system can simply apply to suggest and map out for 

mutual fund investment, not ready yet to utilize it to estimate the maximum profits of 

each portfolio. 

In future, the system is definitely going to be proved, for instance: to reform the 

displaying manner of BCG Model to assure the computing outcome will have more 

accurate proportion. Furthermore, due to the current personal portfolio does not keep 

real trading records. In other words, it is a trading detailed list which simulates the 

actual mutual fund investing activities. Hoping to continue building the system much 

more desirable and client-oriented in an all-round manner, in order to go a step 

further cooperating with industrial circles (for example: stock exchange, Qualified 

Foreign Institutional Investor (QFII) or banks). In the meantime, the coming research 

is also expected to strive for the aspect of strengthen information security.  

To sum up, managing personal finance is a lifelong knowledge. During the 

period of investment, investors must overcome human natures of greed and fear to 

maintain calm, as well as preserving serenely mindset to confront with the fluctuant 

financial market, however it has to rely on a great deal of accurate information. 
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Abstract 

Kubernetes is an open source system for automatically deploying, extending, and 

managing containerized microservices. It provides for automatic deploying, 

extending, and running of microservices container-managed platforms across host 

clusters. However, it is lack of a high reliability storage environment and encryption 

design for sensitive data, which makes it a problem to be studied. Therefore, this 

study defined the storage system based on Kubernetes' distributed Ceph software 

connected by a container storage interface, and further analyzed and designed the 

concept of Ceph storage services to provide the underlying encrypted storage blocks, 

and further designed a set of optional data storage in encrypted and unencrypted 

blocks to improve better security. 

 

Keywords: Kubernetes, Container Storage Interface, Ceph, Encryption 

 

1. Introduction 

As services become larger and larger, developers deploying such large-scale, 

hierarchical services, such as the lack of an automated system, need to manually 

configure a large number of steps, may lead to increased deployment errors. In order 

for developers to concentrate on developing at the application level, they should not 

spend a lot of time on Infrastructure as a Service (IaaS) [1] dealing with the leasing of 

hardware resources and the construction and use of services in Platform as a Service 

(PaaS) [2]. Virtualization technology makes deployment easier [3] and [4] has 

proposed and implemented a system for deploying and managing virtual machines [5] 

on the cloud, but containers [6] need to be built with fewer resources and a more agile 

execution environment than Hypervisor-based virtual machines [7]. Therefore, the 

low performance loss brought by the lightweight Virtualization technology has 

attracted the attention of all sectors. In the realization of containerized technology, 

Docker is the most commonly used one recently [8]. 
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The emergence of containerized technology makes it easier to set up a cluster of 

microservices [9]. In order to grasp the status of container operation between the 

whole cluster and the scheduling of resources, a container management system is 

needed to solve the above problems. Container cluster scheduling technology 

(Kubernetes) [10] is an open source solution to this problem, providing automated 

deploying, container maintenance, extendibility, and load balancing. Therefore, this 

study will adopt Kubernetes as a system that can realize automatic deploying and 

management of containers. 

 

In addition, deployed containerized microservices are still tied to the problems of data 

storage. By default, the method Kubernetes allows the container to be permanently 

stored is by mounting the data to a local directory file. However, in order to allow 

these data to be saved and managed more safely, this study will store the container 

data to external storage service. Since this study is conducted through Kubernetes 

deploying environment, various external storage services can be connected in series 

through the uniform Container Storage Interface (CSI) [11]. In this study, integrated 

storage services are defined as distributed storage systems (Ceph) [12] for software, 

so that the storage backend can be managed by Ceph, providing a highly reliable 

storage environment. 

 

There is no encryption mechanism in the default Ceph, so when a backup storage 

node is completely compromised, its stored user-sensitive data can be stolen. [13] 

U.S. organizations say they face significant compensation if large and important 

materials are stolen without proper preservation. Full Disk Encryption (FDE) is a 

feasible solution to this problem, but using FDE will extend the problem of password 

management. [14] Anton, D., & Simion, E. et al. made further analysis and discussion 

on this issue, and stated that the use of LUKS standard in FDE is the best solution. 

 

Therefore, this study proposed a set of Ceph based on the combination with 

Kubernetes CSI to provide its storage mode and import LUKS encryption allows 

privacy or important data to be stored in a more secure location, so as to protect data 

security. 

 

2. Related Work 

As mentioned above, in order to establish a framework of storage system based on 

confidence interval combined with container cluster scheduling technology, this 

section will further discuss open source Kubernetes system technology, container 

storage interface specification, open source storage Ceph system and LUKS 
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encryption mechanism. 

 

2.1 Kubernetes 

Kubernetes is an open source project designed according to the master-worker 

architecture. It is a system developed after incorporating the design concept of 

Google's Borg [15] and years of experience in using containerization [16]. The goal is 

to prevent developers from accidentally planting parameters when building services 

due to a large number of steps and settings. Or it may have to be redeployed manually 

due to service outages, so systems with automated deploying, management, 

maintenance, extending, and load balancing mechanisms are built to reduce the time 

consumed by infrastructure construction planning and maintenance. 

 

Kubernetes cluster environment [17] is composed of Master node and Worker node. 

As shown in Fig. 1, the Master node is mainly composed of four components, 

Apisever, Etcd, Scheduler and Controller, which play the role of managing the whole 

cluster. When the Master node receives a service request from a worker container, 

apisever is used to parse and process the operation of the REST API and verify the 

request. After successful verification, the content of the request is written into the 

etcd. Apisever will then call scheduler, which will find the appropriate node based on 

the resource status of the node in the cluster, and apisever will follow the response 

result to call kubelet on the selected Worker node for the deployment of the actual 

container service. From this, we know that kubelet is the role that can deploy and 

periodically report the status of Worker node resources. In order to confirm that the 

cluster can meet the requirements of the manager every time, the Controller will be 

asked to make dynamic adjustments. For example, when the Worker node fails and 

the resources are insufficient, the Controller will try to keep the cluster normal. 

 

Pod is the smallest component in Kubernetes [18], and when the service is terminated 

due to an exception, it will restart automatically according to its characteristics, but 

the service will be temporarily interrupted. In order to prevent the occurrence of this 

situation, the concept of replica in Kubernetes, and a new resource Deployment [18] 

is also proposed; Pod with the same number of copies will be created according to the 

replica value. The derived problem is to access the service from which user and 

which Pod, so the kube-proxy component at the Worker node will automatically 

direct the request to the Pod in normal operation. However, when the Pod fails, it 

redirects automatically. 

Kubernetes uses Persistent Volume (PV) [18] to make the container obtain permanent 

storage, while PV is mainly used to virtualize the storage block, and can customize 



265 
 

the interface of external storage service and its storage capacity. Once there is storage 

space, it will point to the defined storage block through Persistent Volume Claim 

(PVC) [18]. In order for PVC to match the corresponding PV, it is necessary to set the 

PV in advance. But this step is cumbersome and not flexible. Therefore, another 

solution is to dynamically build PV through the establishment of StorageClass [18], 

as shown in Fig. 2. Where Step ① is: The client customizes the required storage 

request by building the PVC. Step ②: The PVC notifies the system that it needs a 

PV that meets the requirements. Step ③: Kubernetes will create the PV required for 

the PVC based on the StorageClass. And the final Step ④ is: PVC can use PV to 

provide users with permanent storage to establish Pod. 

 

 

Fig. 1: Kubernetes architecture 

 

 

Fig. 2: Dynamically build PV processes with StorageClass 

 

2.2 Container Storage Interface (CSI) 

Kubernetes, as mentioned in the previous section, stores solutions that can access 

external storage services through the Volume Plugin [18], but this approach has 

version-dependent issues and needs to wait for the Kubernetes team to maintain 

functionality [19]. As a result, it is difficult for the suppliers of the storage system to 
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increase immediately, modify the functions and fix the problematic nodes, because 

most of the related functions are associated with the container scheduling system, so 

we need to wait for the container scheduling system itself to update this problem. 

However, the security and stability of the storage system itself will have additional 

hidden dangers, which will cause many uncertain influencing factors to emerge in the 

container scheduling system and these problematic nodes are often difficult to 

control. 

 

Therefore, the concept of CSI was proposed, so that Kubernetes could have a 

standardized and unified mechanism to interface with each storage system. As shown 

in Fig. 3, it is composed of two external components, in which the external 

components of Kubernetes have three services: Driver Registrar, External Provisioner, 

and External Attacher. The Driver Registrar's main function is to register the Driver 

for CSI with Kubelet and obtain the Node ID from it and add it to the Kubernetes 

Node API Object to enable it. External evoluoner is responsible for monitoring the 

PVC in the Kubernetes and performing CreateVolume and DeleteVolume operations 

on the server providing CSI as required to achieve the creation and deletion of the 

storage space. The External Attacher is responsible for monitoring the Kubernetes 

Volume Attachment, which is used to control the ControllerPublish and the 

ControllerUnPublish of CSI, that is, to decide whether to listen on the storage service 

coming to CSI. Other external components to store the service are the CSI Identity, 

CSI Controller, and CSI Node. The CSI Identity is responsible for conveying health 

status, storage capacity and other information. The CSI Controller is responsible for 

the control and management of storage space, including creation, deletion, snapshot 

and other functions. The CSI Node is mainly responsible for the operation of storage 

space in the actual Kubernetes Worker Node, such as mount/unmount, where the 

NodeID is obtained through this service. 

 

 
Fig. 3: Kubernetes connects external storage via CSI 
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2.3 Ceph 

Since CSI can connect different external storage systems, among them, Ceph is an 

open source software that defines storage features such as reliability, extensibility and 

no single point of failure, and provides three storage interfaces that users can choose 

according to the usage situation. As shown in Fig. 4, the storage interfaces are object 

storage, block storage, and file system, respectively. In addition to the three interfaces, 

users can also directly access the function library in object storage format and the 

Reliable Autonomic Distributed Object Store (RADOS) function library. Therefore, 

regardless of the storage method, Ceph converts the stored data into RADOS objects 

before operation. 

 

Clients, Metadata Server (MDS), Object Storage Daemon (OSD), and Monitor are the 

major players in Ceph. Client is the user who writes and reads the data. MDS is 

responsible for storing Metadata in a file system. OSD, the service that actually stores 

the data, which stores the data according to the storage policy and periodically reports 

the status back to Monitor. Therefore, Monitor is responsible for monitoring the state 

of the entire Ceph cluster to ensure its operation. The OSD is composed through the 

Logical Volume Manager (LVM). Therefore, by characteristics of LVM, many hard 

disks can be consolidated in a way defined by software, and capacity can be extended 

dynamically according to the corresponding requirements. In order to design the 

encryption partition mechanism proposed in this study, we will continue to study how 

to encrypt. 

 

 

Fig. 4: Ceph architecture 

 

2.4 LUKS 

LUKS (Linux Unified Key Setup) is a general data encryption standard for 

encrypting diskette in Linux, which is composed of Volume Header, Split Master Key 

1-8 and encrypted data [20]. As shown in Fig. 5, at the beginning, the Master Key and 

Random Salt are established and the Master Key Check Value is created through the 

password-based key derivation function (PBKDF) [21], so as to verify whether the 

Master Key is correct during subsequent decryption. The pre-stored data is also 

encrypted through the master key (xts-aes Encryption) [22], which will be deleted 

after encryption. In order to have a proof to calculate the master key during 
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decryption, as shown in Fig. 5.2, a set of User Keys will be generated through 

PBKDF according to the Password entered by the user and the random interference 

value, and then the master key will be divided through Anti-Forensic Splitter (AF 

Spliter); the method is to expand the data content and then cut it. In order to ensure 

the security of the original data, the segmented master key and the user key are 

encrypted (xts-aes Encryption), and the encryption results are stored in the LUKS 

encryption structure. Therefore, it is possible to extrapolate the master key from the 

encryption master key generated by the original password, and then generate a new 

encryption key. So, when a user wants to change a password or has multiple groups 

of users or wants to have multiple groups of passwords, data on the same disk 

partition can be accessed without re-encrypting the data. As a result, this study is able 

to encrypt CephOSD through the mechanism of LUKS. 

 

 

Fig. 5: LUKS establishes master key check value and encrypted data 

 

 

Fig. 5.2: LUKS encryption master key 

 

3. System Design 

As mentioned above, in order to combine Kubernetes CSI with Ceph and encrypt its 

OSD through the mechanism of LUKS, this section will explain how this study can 

realize the user's ability to choose whether to store the data in the confidence interval 

to protect the security of the data. As shown in Fig. 6, these are the container cluster 
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module and the encrypted data storage module respectively. 

 

3.1 Container Cluster Layer 

As shown in the left half of Fig. 6, in order to provide the uninterrupted service, 

Deployment is selected for the deployment of the service, which will generate the 

corresponding Pod quantity according to the Replica value set, and the same label 

will make these Pods be regarded as the same service; and the Services are selected in 

parallel based on the Pod that has the same label, so the Pod is cascaded with the 

Services to achieve the feature of uninterrupted service. 

 

After ensuring a stable service, divide the unencrypted and encrypted data into 

Normal and Encryption, and then mount the container through PV, PVC and 

StorageClass in Kubernetes. Before establishing the Pod, it is necessary to point the 

Pod to the previously established PVC, so as to confirm the user's demand for data 

storage. Whenever the request is received by PVC, a new PV is created through the 

feature of StorageClass to achieve the effect of dynamic storage of resource 

allocation. Therefore, it can be known that StorageClass is the object that actually 

gets resources from the distributed storage Ceph defined by the software. In this way, 

the storage path is mounted on the directory of external storage so that the path 

information is synchronized, thus completing the cascading with the external storage 

system. 

 

3.2 Storage Cluster Layer 

When the CSI approach has been used to successfully cascade Kubernetes with the 

external storage system (Ceph), it will then need to deal with the storage of different 

types of directories. As shown in the right half of Fig. 6, the storage is to divide the 

mounted directory into Normal Folder and Encryption Folder through the interface of 

CephFS. It is also necessary to make these directories correspond to the unencrypted 

and encrypted OSD respectively, so as to form a storage system with confidence 

interval. 

 

In Ceph, the Placement Group pool that is allowed to be used in a specific directory 

can be specified, so the corresponding Placement Group pool can be established in 

the Normal Folder and the Encryption Folder respectively, so that different types of 

information can be classified and stored correctly. By default, when a Placement 

Group pool is established, it is given a rule to select OSD. When the incoming data is 

converted to object storage, the corresponding pg_id is calculated by hash algorithm, 

and then the OSD responsible for storage is calculated by CRUSH algorithm. In this 



270 
 

study, the encrypted OSD and the unencrypted OSD are layered, and the CRUSH 

algorithm type and the selected weight are determined. First, it is layered and named 

Encryption and Normal to represent the layer of OSD Encryption and the layer of 

OSD without Encryption. Once the new layer is defined, new rules need to be 

established to select the desired layer. When placing a self-defined rule, you can set 

the number of the rule. A copy placement mechanism that establishes the copy scope 

and the selected layered type so that when creating a new Placement Group pool, 

different rules are chosen to achieve the OSD selection of a different type. As 

mentioned earlier, the establishment of OSD in Ceph is through the establishment of 

disk partition through LVM, so the OSD can be encrypted using LUKS, so that we 

can have an unencrypted and encrypted cluster of OSD Ceph. 

 

Therefore, when establishing Pod, we can set whether we need to mount the 

encrypted or unencrypted directory, such as: /mnt/normal, /mnt/encryption, then point 

through the PVC to the StorageClass to dynamically create the required PV. When a 

data is saved, the Placement Group pool of the partition will limit the OSD types it 

can choose, i.e., Normal OSD and Encryption OSD, according to the rules of CRUSH. 

The Normal OSD is processed through the previously used LUKS encryption, and the 

data stored in its location is protected by encrypted processing, thus designing the 

mechanism of confidence interval. 

 

Fig. 6. Kubernetes Container Cluster Layer and Ceph Storage Cluster Layer 

 

4. Experimental Results 

The following is the Ceph based distributed storage system proposed in this study 

combined with the cluster management system provided by Kubernetes through CSI. 

Using the COSBench cloud object storage test tool to test the Throughput per second 

and Bandwidth of reading and writing to Normal and Encryption OSD Ceph clusters 
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to carry out experiments on the effect of related performance. 

 

4.1 Experimental Environment 

As shown in Table 1, the overall experimental environment is divided into two parts. 

The Kubernetes container cluster scheduling technology system, which is composed 

of one Master node and seven Worker nodes. The Ceph software defined distributed 

storage cluster system environment, which is composed of one Monitor node and 

nine OSD nodes. 

 

Table 1 Kubernetes cluster environment and Ceph environment 

Platform Kubernetes Kubernetes Ceph Ceph 

Node Master Worker Monitor OSD 

Memory 4G 8G 8G 8G 

Storage device 500G 500G 500G 500G 

Processor Intel(R)Core(T

M)2 Duo CPU 

E7500 @ 

2.93GHz 

Intel(R)Core(T

M)2 Duo CPU 

E7500 @ 

2.93GHz 

Intel(R)Core(T

M)2 Duo CPU 

E7500 @ 

2.93GHz 

Intel(R)Core(T

M)2 Duo CPU 

E7500 @ 

2.93GHz 

Quantity 1 7 1 9 

 

4.2 Experiment Design 

Data of different sizes of 1MB, 8MB, 16MB, 32MB and 64MB were read and written 

by the test tool through the cloud object storage of COSBench, and all of them were 

written and read 100 times, compared with the Throughput and Bandwidth of OSD 

written by Normal and Encryption. 

 

4.3 Experimental Results 

As shown in Table 2, the throughput difference of Normal and Encryption is less than 

1% or even the same in the case of different written data sizes. 

  



272 
 

Table 2. Write throughput and bandwidth to Normal and Encryption files 

Write block Normal Normal Encryption Encryption 

Test items Write 

Thoughtput 

Write 

Bandwidth 

Write 

Thoughtput 

Write 

Bandwidth 

1 MB 1.61 op/s 1.61 MB/S 1.60 op/s 1.60 MB/S 

8 MB 0.48 op/s 3.85 MB/S 0.47 op/s 3.80 MB/S 

16 MB 0.36 op/s 5.75 MB/S 0.35 op/s 5.60 MB/S 

32 MB 0.24 op/s 7.76 MB/S 0.24 op/s 7.70 MB/S 

64 MB 0.15 op/s 9.35 MB/S 0.15 op/s 9.30 MB/S 

As shown in Table 3, the throughput difference of Normal and Encryption is less than 

1% or even the same in the case of different read data sizes. 

 

Table 3. Read throughput and bandwidth to Normal and Encryption files 

Write block Normal Normal Encryption Encryption 

Test items Read 

Thoughtput 

Read 

Bandwidth 

Read 

Thoughtput 

Read 

Bandwidth 

1 MB 2.36 op/s 2.36 MB/S 2.31 op/s 2.31 MB/S 

8 MB 0.86 op/s 6.90 MB/S 0.83 op/s 6.62 MB/S 

16 MB 0.54 op/s 8.67 MB/S 0.54 op/s 8.58 MB/S 

32 MB 0.32 op/s 10.14 MB/S 0.32 op/s 10.10 MB/S 

64 MB 0.17 op/s 10.86 MB/S 0.17 op/s 10.83 MB/S 

 

5. Conclusion 

This study is based on the Kubernetes containerized storage interface of Ceph 

combined with cryptography. It defines a distributed storage architecture through a 

container storage interface (CSI) combined with Ceph software to provide users with 

a set of encrypted storage services, and it takes an in-depth look at container data 

storage and gives it the effect of partition encryption. 

 

The container cluster module and encrypted data storage module proposed in this 

study provide the capability for the container to hold persistent data. It encrypts the 

entire LVM using its encryption technology, LUKS, through the underlying Ceph 

OSD built by LVM. In addition, CRUSH Rule specifies the type of OSD that the Pool 

selects to separate the Normal OSD and Encryption OSD. Moreover, Ceph is 

cascaded by container storage interface (CSI), corresponding to two types of mount 

paths, respectively, to realize encrypted partitioning. In addition, through the 

COSBench cloud object storage test tool, this study compared the reading and writing 

of Normal OSD and Encryption OSD by objects of different sizes for 100 times. The 
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results indicate that the efficiency is less than the general use of Encryption OSD for 

approximately 1%. But the difference is negligible, so data storage can be more 

secure at the expense of less efficient storage. 
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Abstract 

In this study we discuss multiple comparison procedures for finding the first change 

point of sequence of normal means with ordered restriction. Williams (1971) 

proposed a step down multiple comparison procedure for it based on the statistics 

using the isotonic regression estimators. In this study we propose a step up multiple 

comparison procedure for finding the first change point of sequence of normal means 

with ordered restriction based on the statistics constructed by samples accumulated 

step by step. We give an example intended to compare our procedure with Williams 

(1971)'s procedure.  

 

Keywords: Multivariate t -distribution, Power of the test 

 

1. Introduction 

There are K  normal populations 
2( , )kN  

 ( 1,2, , )k K . Multiple comparison 

procedures for 1 2, , , K  
 have been studied by many researchers. Tukey (1953) 

discussed the all-pairwise multiple comparison procedure which tests the difference 

between i  and j
 for all 1 i j K   . Dunnett (1955) discussed the multiple 

comparison procedure with a control intended to compare 1  and 2 3, , , K  
 

simultaneously. They are called single step multiple comparison procedures. On the 

other hand, there exist various types of multi-step multiple comparison procedures. 

They are introduced in detail by Nagata and Yoshida (1997).  

 

Assume  

1 2 K                                                         (1) 

 or 

1 2 K     .                                                   (2) 

For (1) let the minimum k  satisfying 1 k   be called the first change point of the 

sequence of means 1 2, , , K   . For (2) let the minimum k  satisfying 1 k   be 

called the first change point of 1 2, , , K   . Assuming that the efficacy of the 
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medicine is evaluated by normal response, we occasionally want to find the minimum 

effective dose level. When we set up K  kinds of dose levels, k  described above 

corresponds to the minimum effective dose level. For finding the first change point of 

1 2, , , K  
Williams (1971) proposed a multi-step multiple comparison procedure 

called step down multiple comparison procedure based on the statistics using the 

isotonic regression estimators.  

 

The aim of this study is to construct another type of multi-step multiple comparison 

procedure called step up multiple comparison procedure for finding the first change 

point of sequence of normal means with ordered restriction based on the statistics 

constructed by observations cumulated step by step. Although all observations are set 

up in advance of the test in Williams (1971)’s step down procedure, observations are 

given step by step in our step up procedure.  

 

We discuss Williams (1971)'s step down procedure in Section 2 and discuss our step 

up procedure in Section 3. We give an example intended to compare our procedure 

with Williams (1971)'s procedure in Section 4. Specifically, the example indicates 

how our step up procedure is superior to Williams (1971)'s step down procedure. 

Finally, we give concluding remarks in Section 5.  

 

2. Williams (1971)'s step down procedure 

Intended to find the first change point of the sequence of means 1 2, , , K   setting 

up a null hypothesis and its alternative hypothesis as  

1, 1:k kH    vs. 
1, 1:A

k kH     ( 2,3, ,k K ) 

for (1) and  

1, 1:k kH    vs. 
1, 1:A

k kH     ( 2,3, ,k K ) 

for (2), Williams (1971) considered a simultaneous test of 1,2H , 1,3H , , 1,KH . Let 

1 2, , ,
kk k knX X X be a sample from 

2( , )kN    for 1,2, ,k K . Let  

1

1 kn

k ki

ik

X X
n 

    

for 1,2, ,k K and  

2

1 1

1
( )

knK

kki

k i

s X X
  

   

where 
1

K

k

k

n K


  . Let  

11
,

1

l l kl l k
l k

l l k

n X n X n X
Y

n n n
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for 1 l k K   . For (1) letting 2, 3, ,max{ , , , }k k k k kZ Y Y Y , Williams (1971) used 

the statistic  

1

1,

1

1 1

k
k

k

Z X
T

s
n n




 
 

 

 

for testing ,l kH . Here kZ is the isotonic regression estimator of k  determined as 

the maximum likelihood estimator under 1 2 k     . For (2) letting 

2, 3, ,min{ , , , }k k k k kZ Y Y Y , Williams (1971) used the statistic  

1

1,

1

1 1

k
k

k

X Z
T

s
n n




 
 

 

 

for testing ,l kH . Here kZ is the isotonic regression estimator of k  determined as 

the maximum likelihood estimator under 1 2 k     . Williams (1971) test 1,2H ,

1,3H , , 1,KH using specified positive critical values 2 3, , , Kc c c  satisfying 

2 3 Kc c c    as follows.  

Step 1. 

Case 1. If 1,K KT c , we retain all 1,2H , 1,3H , , 1,KH  and stop the test.  

Case 2. If 1,K KT c , we reject 1,KH  and go to the next step.  

Step 2. 

Case 1. If 1, 1 1K KT c  , we retain all 1,2H , 1,3H , , 1, 1KH   and stop the test.  

Case 2. If 1, 1 1K KT c  , we reject 1, 1KH   and go to the next step.  

       

We repeat similar judgments till up to Step 1K  . If ,l kH  is rejected and the test is 

stopped, we judge k  is the first change point. If we retain 1,2H  at final Step 1K  , 

we judge 3 is the first change point.   

 

Specifying a significance level  , we determine kc  so that  

1,( )k kP T c                                                        (3)                                                          

for 2,3, ,k K under the assumption that all 1,2H , 1,3H , , 1,KH are true. Since the 

family of hypotheses 1,2H , 1,3H , , 1,KH  is closed, the maximum type I FWER 

(familywise error rate) of Williams (1971)'s procedure is strongly controlled at  .  

 

For determining kc  satisfying (3), we should formulate 1,( )k kP T c . Letting 
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2 2( )F y  be the cumulated distribution density function of t -distribution function 

with degrees of freedom  , we obtain 1,2 2 2 2( ) 1 ( )P T c F c   . Assume 3k  . 

Letting 2 3( , , , )k kF y y y  be the cumulative distribution density function of 1k 

-variate t -distribution function with degrees of freedom   and covariance matrix 

1 (2, ) 1 (2, ) 1 (2, ) 1 (2, )

1 (2, ) 1 (3, ) 1 (3, ) 1 (3, )

1 (2, ) 1 (3, ) 1 (4, ) 1 (4, )
1

1 (2, ) 1 (3, ) 1 (4, ) 1

1 1 1 1 1 1 1 1

1 1 1 1 1 1 1 1

1
1 1 1 1 1 1 1 1

1 1

1 1 1 1 1 1 1 1

k k k k

k k k k

k

k k k k
k

k k k k

n n n n n n n n

n n n n n n n n

n n n n n n n n
n n

n n n n n n n n


   




   



   


   



Λ









 
 
 
 
 
 



, 

we obtain 1, 2 3( ) 1 ( , , , )k k k kP T c F c c c   . Here ( , ) 1j k j j kn n n n    .  

 

3. Step up procedure 

Although in Williams (1971)'s step down multiple comparison procedure all 

necessary observations are prepared in advance of the test, we propose a step up 

multiple comparison procedure which carries out the test using accumulated sample 

step by step. Specifically, we construct a step up procedure for 1,2H , 1,3H , , 1,KH  

carrying out the test of 1,kH  at Step 1k   using sample 1 2, , ,
ll l lnX X X  for 

1,2, ,l k . If the test stop at Step 1k   for 2 1k K   , we do not need to 

prepare sample 1 2, , ,
ll l lnX X X  for 1l k  , 2k  , , K . For (1) we use the 

statistic 

1(SU)

1,

1

1 1

k
k

k

k

Z X
T

s
n n




 
 

 

 

for testing 1,kH  and for (2) we use the statistic 

1(SU)

1,

1

1 1

k
k

k

k

X Z
T

s
n n




 
 

 

 

for testing 1,kH . Here  

2

1 1

1
( )

lnk

lk li

l ik

s X X
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where 
1

k

k l

l

n k


  . We test 1,2H , 1,3H , , 1,KH  using specified positive critical 

values 2 3, , , Kc c c  as follows.  

 

Step 1. 

Case 1. If (SU)

1,2 2T c , we reject 1,2H and stop the test.  

Case 2. If (SU)

1,2 2T c , we retain 1,2H  and go to the next step.  

Step 2. 

Case 1. If (SU)

1,3 3T c , we reject 1,3H  and stop the test.  

Case 2. If (SU)

1,3 3T c , we retain 1,3H  and go to the next step.  

       

We repeat similar judgments till up to Step 1K  . If 1,kH  is rejected and the test is 

stopped, we judge k  is the first change point.  

 

We discuss how to determine 2 3, , , Kc c c  for a specified significance level  . 

Divide    into 2 3, , , K   . Specifically, 2 3 K       . We want to 

determine 2 3, , , Kc c c  recursively so that  

(SU)

1,2 2 2( )P T c   , 

(SU) (SU)

1,2 2 1,3 3 3( , )P T c T c    , 

(SU) (SU) (SU)

1,2 2 1,3 3 1,4 4 4( , , )P T c T c T c     ,                                         

(4) 

 

(SU) (SU) (SU)

1,2 2 1, 1 1 1,( , , , )K K K K KP T c T c T c       

under the assumption that 1,2H , 1,3H , , 1,KH  are true. (4) is equivalent to 

(SU)

1,2 2 2( ) 1P T c    , 

(SU) (SU)

1,2 2 1,3 3 2 3( , ) 1P T c T c       , 

(SU) (SU) (SU)

1,2 2 1,3 3 1,4 4 2 3 4( , , ) 1P T c T c T c          ,                               

(5)                                     

 

(SU) (SU) (SU)

1,2 2 1, 1 1 1, 2 3( , , , ) 1K K K K KP T c T c T c            . 

We can determine 2c  satisfying (SU)

1,2 2 2( ) 1P T c     using t -distribution with 
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degrees of freedom 2 . Since it is difficult to determine 3 4, , , Kc c c  so that (5) may 

be satisfied exactly, we determine conservative ones. Specifically, we determine them 

so that  

(SU) (SU)

1,2 2 1,3 3 2 3( , ) 1P T c T c       , 

(SU) (SU) (SU)

1,2 2 1,3 3 1,4 4 2 3 4( , , ) 1P T c T c T c          ,                                                                   

 

(SU) (SU) (SU)

1,2 2 1, 1 1 1, 2 3( , , , ) 1K K K K KP T c T c T c            . 

Since by Bonferroni's inequality  

(SU) (SU) (SU) (SU) (SU)

1,2 2 1,3 3 1,2 2 1,3 3 2 1,3 3( , ) 1 ( ) ( ) 1 ( )P T c T c P T c P T c P T c           , 

we determine 3c  so that (SU)

1,3 3 3( )P T c   . Next, since by Bonferroni's inequality  

(SU) (SU) (SU)

1,2 2 1,3 3 1,4 4( , , )P T c T c T c    

(SU) (SU) (SU)

1,2 2 1,3 3 1,4 41 ( ) ( ) ( )P T c P T c P T c        

(SU)

2 3 1,4 41 ( )P T c      ,  

we determine 3c  so that (SU)

1,4 4 4( )P T c   . Repeating similar steps we can obtain 

5 6, , , Kc c c . We can determine kc  satisfying (SU)

1,( )k k kP T c    using 1k 

-variate t -distribution function with degrees of freedom k  and covariance matrix 

kΛ . The maximum type I FWER of the step up procedure is weakly controlled at  . 

 

4. Example 

In this Section we discuss the illustration of the procedures. Here we refer to the 

example given in Hirotsu (2004) (p. 79, Table 7.3). We interest in finding minimum 

dose level of the antibiotics increasing its half-life (hour). We use abbreviate 

notations. SD means Williams (1971)'s step down procedure. SU means our step up 

procedure. 

 

First, we consider the test using SD. We set up five kinds of dose levels for the 

antibiotics as  

1L : 5mg, 2L : 10mg, 3L : 25mg, 4L : 50mg, 5L : 200mg 

in advance. We want to find the minimum dose level increasing the half-life among 

1L , 2L , 3L , 4L , 5L . Each of 1 2 4 5, , ,L L L L  is allocated to 5 rats. Only 3L  is allocated 

to 4 rats. Assume observations are prepared in advance of the test. Table 1 gives the 

sample mean kX  and the sample variance kv  for each dose level. Table 2 gives the 

values of statistics of SD. Table 3 gives the critical values of SD for 0.05  . We 

carry out the test using SD. Since 1,5 5T c , we reject 1,5H  at Step 1 and go to Step 2. 

Since 1,4 4T c , we reject 1,4H  at Step 2 and go to Step 3. Since 1,3 3T c , we reject 



281 
 

1,3H  at Step 3 and go to final Step 4. Since 1,2 2T c , we retain 1,2H  at Step 4 and 

judge 3L  is the minimum dose level increasing the half-life.  

 

Table 1 : Sample mean and sample variance for each dose level 

 

 

Table 2: Statistics of SD 

 

 

Table 3 : Critical values of SD for 0.05   

 

 

Next, we consider the test using SU. Dividing 0.05   equally as 

2 3 4 0.0125     , we determine the critical values. Table 4 gives the critical 

values of SU. 

 

Table 4 : Critical values of SU for 0.05   

 

 

Here, we assume that the observations are given step by step. First, the observations 

for 1L  and 2L  are obtained. Then, since (SU)

1,2 21.685T c   at Step 1, we retain 

1,2H  and go to Step 2. Next, the observations for 3L  are obtained. Then, since 

(SU)

1,3 37.578T c   at Step 2, we reject 1,3H  and stop the test. Specifically, we judge 

3L  is the minimum dose increasing the half-life. This is the same decision as SD. 

However, in this case the observations for 4L and 5L  are not used for SU. This 

means that the result is obtained using the observations for 1L , 2L , 3L  by SU.  

 

5. Conclusions 

In this study we discussed multiple comparison procedures for finding the first 
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change point of sequence of normal means with ordered restriction. Although in 

Williams (1971)'s step down multiple comparison procedure all necessary samples 

are prepared in advance of the test, we newly proposed a step up multiple comparison 

procedure carrying out the test using accumulated sample step by step. If the test 

stops at early step, we do not need samples which will be used at after steps. However, 

there remain problems to be solved. We should investigate the power of our step up 

procedure. Specifically, we should compare our step up procedure with Williams 

(1971)'s step down procedure in terms of simulation results regarding power of the 

test. Furthermore, we should construct less conservative critical values, because the 

critical values of our step up procedure are determined by Bonferroni's inequality. 
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Abstract 

The barium-borate-bagasse-cassava rhizome-WO3 glasses were prepared for gamma 

ray shielding applications. The attenuation coefficients were measured using 

board-beam transmission technique. The emitted photon energies have been detected 

by NaI(Tl) detector. The values of mean free path and half value layer of the 

investigated glasses were found to decrease with increasing of WO3 concentration. 

Moreover, for all the glass samples the observed radiation shielding parameters are in 

a perfect agreement with the calculated values by using WinXCOM program. The 

results exhibit the new potential radiation shielding glass fabricated with bagasse and 

cassava rhizome compositions, and its gamma ray shielding properties can be 

improved by addition of WO3. 

 

Keywords: Glass, Radiation shielding properties, Board-beam transmission 

technique, WinXCOM program 

 

1. Background/ Objectives and Goals 

A wide range of agricultural wastes has been recycled and applied for many 

applications. S.R. Teixeira and et al. produced glass-ceramic material by recycling 

bagasse ash, along with limestone and fluxing agent [1]. A. L. M. P. Leite and et al. 

found that nanofibers from cassava root can be used as reinforcement material in 

biodegradable films [2]. In many agricultural countries like Thailand, there are many 

agricultural wastes such as bagasse and cassava rhizome and et. Large quantities of 
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bagasse are left after the sugar production process from sugarcane. This bagasse is 

burned to generate electricity in the power plant, leaving the bagasse ashes. Most of 

these bagasse ashes is then normally dumped in landfills [3]. Cassava rhizome, which 

is leftover part of cassava from agricultural industries such as cassava starch 

production, cannot be utilized for human or animal consumption. Therefore, it is 

often burned down [4]. Since there is large amount of these two agricultural wastes, it 

is interesting to utilize them. The main elements of bagasse and cassava rhizome are 

silicon and calcium, respectively. Therefore, these wastes can be used as raw 

materials for glass production. SiO2, which is the main composition of bagasse, will 

served as network former [5] and CaO in cassava rhizome will act as network 

modifier in glass structure [6].  

The objective of this study is to investigate new type of borate glass material 

added with the agriculture wastes, BaO and WO3 for radiation shielding applications 

[7-8]. In this work, the element compositions of bagasse and cassava rhizome were 

investigated by EDS technique. The attenuation coefficients were studied by 

Broad-beam transmission technique. The radiation parameters were calculated in 

suitable energy range. The effect WO3 concentration on radiation shielding properties 

of the glass was discussed. The collected data can be further used to improve and 

develop qualities of glass material for possible application in the future. 

 

2. Methods 

2.1 EDS analysis 

Bagasse collected from the power plant and leftover part of cassava rhizome after 

product processing in Thailand were recycled in this research. Bagasse were sintered 

in an electrical furnace at 600 °C for 1 h and cassava rhizome were sintered at 1,000 

°C in the same amount of time. After that, they were grinded until it become a fine 

powder, named “BA powder” and “CA powder”, respectively. Then BA and CA 

powders were annealed for avoid some moisture. Energy-dispersive X-ray 

spectroscopy (JEOL, JSM-7800F (Prime)) was used for composition analysis of these 

waste materials. 

 

2.2 Glass sample preparation 

The glass samples were prepared in the BaO - B2O3 - BA - CA - WO3 glass system by 

the melt-quenching technique in oxidation atmosphere, and their compositions were 

shown in Table 1. High purity grade of raw materials of BaO, B2O3 and WO3 were 

used. Appropriate amounts of BaO, B2O3, WO3, BA and CA powders were weighed 

using an electronic balance with the accuracy of 0.0001 g. The five batches of 

prepared mixture in alumina crucibles were melted in an electrical furnace at 1250 °C 
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for 1 h to ensure homogeneity. The melted glass was then poured into warmed 

stainless steel molds and annealed in another furnace at around 580°C for 2 h 

followed by unhurried cooling to ambient temperature in order to remove internal 

stress of glass sample. Finally, the glass samples were cut and polished using 

different grades of silicon carbide papers. Glass thickness was measured using a 

Vernier caliper with accuracy of 0.001 mm. After that the radiation shielding 

properties investigation were investigated. 

 

2.3 Board-beam transmission technique and WinXCOM program 

The radiation shielding parameters of the studied glasses were measured at three 

photon energies comprising of 662 keV gamma photons emitted from Cs-137 point 

source, 122 keV emitted from Co-57 point source, and 60 keV emitted from  

Am-241 point source under appropriate geometrical conditions using a NaI (Tl) 

scintillation detector (ORTEC, a division of AMETEK, UK). The results were 

processed with the Maestro-8099 program. 

The Beer-Lambert law can illustrate the attenuation of gamma radiations for any 

absorber as given by Eq. (1) [9]: 

-

0
m x

I I e


               (1)  

where I0 and I are the photon intensities that arrive to the material and leave from the 

material, respectively, and μm (cm
2
/g) stand for the mass attenuation coefficient. This 

parameter for any material is determined theoretically using a WinXCOM program 

[10], which we obtain the μm of the studied glass samples by the mixture rule as given 

by the following relation [11]: 

 m i m i
i

w                  (2)  

where (μm)i and wi represent the mass attenuation coefficient and the fractional weight 

of the i
th

 constituent element, respectively.  

 

The studied radiation shielding parameters include: 

The mean free path (MFP, cm) which are given in the following equations [12]:  

1
MFP 


               (3)  

where μ denotes the linear attenuation coefficient. 

 

The Half Value Layer (HVL) can be estimated from following relation [13]:  

ln 2
HVL 


              (4)  
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3. Results 

3.1 Element compositions of waste materials 

The collected data from EDS technique are shown in Table 2. It is found that the main 

composition of bagasse and cassava rhizome is SiO2 and CaO, respectively. The 

prominent element of Bagasse is Si with 24.31 wt%, while cassava rhizomes contains 

Ca, Si and K of about 9.17, 8.67and 8.55 wt%, respectively. From this information, 

bagasse and cassava rhizomes can be used as glass compositions [5-6]. 

 

Table 1: The chemical composition of barium-borate-bagasse- cassava rhizome-WO3 

glass system 

Glass code B2O3 (wt%) BaO (wt%) BA (wt%) CA (wt%) WO3 (wt%) 

B1 50 30 10 10 0 

B2 48 30 10 10 2 

B3 46 30 10 10 4 

B4 44 30 10 10 6 

B5 42 30 10 10 8 

 

Table 2: EDS analysis results of dry bagasse and cassava rhizome 

Element  

compositions 

Concentration of  

bagasse (wt%) 

Concentration of  

cassava rhizome (wt%) 

O 59.00 60.82 

Na 0.18 - 

Mg 0.84 6.76 

Al 3.11 0.87 

Si 24.31 8.67 

P 0.29 2.45 

S 0.14 1.01 

Cl - 0.73 

K 2.85 8.55 

Ca 3.29 9.17 

Ti 0.24 0.13 

Mn 0.17 0.21 

Fe 4.20 0.47 

Cu 0.75 0.07 

Zn 0.63 0.08 
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3.2 Gamma ray shielding properties 

The mass attenuation coefficients of studied glass samples were measured and 

calculated at photon energies of 60, 122 and 662 keV, and the results are shown in 

Fig. 1. It is found that the mass attenuation coefficients tend to decrease as the photon 

energy increases. It is also found that the same photon energy, this value tends to 

increase with increasing WO3 concentration. B5 glass sample (WO3 8 wt%) is the 

best photon energy attenuator for all studied photon energy. The mass attenuation 

coefficient at 60 keV is highest value when compared with other studied photon 

energies. Therefore, this glass system is suitable for apply in the photon energy range 

of 60 keV. The mass attenuation coefficients measured from experiment are 

consistent with that calculated (Theory) by WinXCOM program. The linear 

attenuation coefficients in Fig. 2 also show the same behavior as the mass attenuation 

coefficient. 

 

The mean free path (MFP) refers to the average distance between two consecutive 

interactions of photons [12]. The MFP value of the glass samples in Fig. 3 tend to 

increase as the photon energy increases. At the same photon energy, MFP values tend 

to decrease with increasing WO3 content. B5 glass sample (WO3 8 wt%) possess the 

high possibility of a photon interacting with a target per unit path length for all 

studied photon energy [14]. The best value of MFP is observed at photon energy of 

60 keV. Consequently, this glass system is suitable for use in the photon energy range 

of 60 keV. In addition, a good agreement between MFP values from the experiment 

and theory (WinXCOM program) is also founded.  

 

 

* Th: Theory, Ex: Experiment 
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Fig. 1: Variation of mass attenuation coefficient of barium-borate-bagasse-cassava 

rhizome- WO3 glass system 

 

The gamma ray shielding capability of material can be acquired by other parameters 

such as the Half Value Layer (HVL, 50% photon attenuation thickness) [13]. From 

Fig. 4, it is also found that the half value layers have the same behavior as the MFP. 

Therefore, the use of this glass material for radiation shielding application is optimal 

at photon energy of 60 keV with requirement of low minimum thickness. For higher 

photon energy, the minimum required thickness increase. In addition, increasing the 

concentration of WO3 improves the ability to prevent photon energy because B5 glass 

sample (WO3 8 wt%) has the smallest HVL values for all studied energy. 

 

 

* Th: Theory, Ex: Experiment 

Fig. 2: Variation of linear attenuation coefficient of barium-borate-bagasse-cassava 

rhizome- WO3 glass system 

 

0.0

2.5

5.0

7.5

10.0

12.5

15.0

17.5

20.0

22.5

Th 60 keV Ex 60 keV Th 122 keV Ex 122 keV Th 662 keV Ex 662 keV

L
in

ea
r 

a
tt

en
u

a
ti

o
n

 c
o

ef
fi

ci
en

t 
(c

m
-1

) 

Energy (keV) 

B1 B2 B3 B4 B5



289 
 

 

* Th: Theory, Ex: Experiment 

Fig. 3: Variation of mean free path of barium-borate-bagasse-cassava rhizome-WO3 

glass system 

 

* Th: Theory, Ex: Experiment 

Fig. 4: Variation of half value layer of barium-borate-bagasse-cassava rhizome-WO3 

glass system 

 

4. Conclusion 

Bagasse and cassava rhizome can be used as raw materials for glass production and 

the barium-borate-bagasse-cassava rhizome-WO3 glass system was successfully 

prepared. Glass sample with addition of 8 wt% WO3 exhibits the best photon energy 

attenuator and possess the high possibility of a photon interacting with a target per 
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unit path length for 662 keV, 112 keV and 60 keV photon energies. Increasing the 

concentration of WO3 improves the radiation shielding ability of the glass. This glass 

system is optimal for use in the photon energy range of 60 keV. In addition, the 

radiation shielding parameters measured using board-beam transmission technique is 

in a good agreement with that calculated using WinXCOM program.  
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Abstract 

High pressure sodium lamp (HPSg) has been recycled and were prepared in 

(75-x) HPSg – (20) Na2O – 5 Bi2O3 – (x) BaO (where x is 0, 5, 10, 15, 20, 25, 30 and 

35 mol%) by the melt quenching method.  All glass samples were measured the 

ultrasonic velocity by using pulse echo technique at 4 MHz frequency and at room 

temperature. The mean velocity can be calculated from the ultrasonic velocity data of 

glass samples. In addition, the properties of elastic moduli were determined from the 

data of the ultrasonic velocity such as softening temperature, Debye temperature and 

acoustic impedance. FTIR spectroscopy was measured in wave number range 400 - 

2000 cm
-1

 to study structure of all glass samples. The results present that the 

structural properties depend on the content of BaO dopant and can be confirmed by 

using FTIR spectroscopy results. 

 

Keywords: Glass, Ultrasonic technique, Elastic properties, FTIR  

 

1. Introduction 

glasses containing barium oxide are one of the most interesting materials due 

to their optical, structural, and electrical properties. These glasses can be used for the 

shielding of gamma ray irradiation [1-2]. Furthermore, these glasses also consist of 

B2O3 led to high density of glass and improved the gamma ray shielding properties. 

Bi2O3 have the toxic in nature less than PbO. Thus, glasses consist of Bi2O3 were 

widely interested in many years. The barium-bismuth-borosilicate glass system are 

reported about a good gamma ray shielding properties [3-5].  

The structural properties of glass depend on the dopant of metal oxide in 

network structure in glass system. The adding of metal oxide are effect to elastic 

moduli such as Longitudinal modulus, shear modulus, Poisson's ratio, Bulk modulus, 

Young’s modulus, softening temperature and Debye temperature due to the change in 

structure lattice [6-7]. Moreover, the change in elastic moduli are closely related to 

mailto:N.Chutithanapanon@gmail.com
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oxygen bonds in the glass former network.  

This work aims to investigate the effect of barium ions on structural properties 

of (75-x) HPSg – (20) Na2O – 5 Bi2O3 – (x) BaO glass system. All glass samples 

were melted by melt quenching technique and was studied some elastic moduli such 

as softening temperature and Debye temperature. The mean ultrasonic velocity and 

elastic moduli can be calculated by using ultrasonic velocity data. In addition, FTIR 

spectroscopy measurement were studied to structural properties of all glasses and the 

results can be confirmed the results from ultrasonic technique. 

 

2. Experimental techniques 

Glass samples in current study are prepared by using melt quenching 

technique. The chemical composition of glass was weighed using a digital balance 

having accuracy in the order of 0.0001g and was mixed until homogeneity. And then, 

the composition of glass was poured carefully in silica crucible. this filled crucible is 

maintained at the temperature 1250°C for 4 hr. and annealed at 650°C for 2 hr. The 

chemical composition of all glass sample is listed in Table 1. and photograph of all 

glass samples are shown in Fig. 1. Next, the densities of all glass samples were 

determined by Archimedes’ principle using n-hexane as an immersion liquid and 

applying the relation [8]  

 

𝜌 = 𝜌𝑙 (
𝑤𝑎

𝑤𝑎−𝑤𝑏
)                       (1) 

 

and the value of malar volume was calculated using the relation [9] 

 

𝑉𝑎 =
𝑚

𝜌
                            (2) 

  

The ultrasonic velocities were measured by using pulse echo technique. SONATEST 

Sitescan 230 were used for the measurement of ultrasonic velocities and the 

measurement have been conducted at 4 MHz resonant frequency. The mean 

ultrasonic velocity of glass which is given by [9] 

  

𝑣𝑚 = (

1

𝑣𝐿
3+

1

𝑣𝑆
3

3
)

−
1

3

                          (3) 

 

The softening temperature was calculated using the following standard relations 
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[9]  

𝑇𝑠 =
𝑣𝑠
2𝑀

𝐶2
         (4) 

 

Debye temperature was calculated according to this equation [10] 

 

𝜃𝐷 = (
ℎ

𝑘𝐵
) (

3𝑁𝐴

4𝜋𝑉𝑎
)
1 3⁄

     (5) 

 

where h is Planck's constant, 𝑘𝐵 is Boltzmann's constant, 𝑁𝐴  is Avogadro's 

number,  is the number of atoms in the chemical formula, C is the constant of 

proportionality (507.4 ms
-1 

K
1/2

 ), 𝑣𝐿 and 𝑣𝑠 is longitudinal velocities and shear 

velocities, respectively. Afterward, the glass samples were measured at room 

temperature in the wavelength range 400–2000 cm
-1

 by using a Fourier Transform 

infrared spectrometer. The powdered glass samples were mixed with KBr in the ratio 

1:100 glass powder : KBr. 

 

3. Results and discussion 

 The value of density and molar volume as shown in Fig. 1.  It can be seen that 

the density of glass samples is increase from 3.23 g/cm
3
 to 3.67 g/cm

3
. The increase 

of molecular weight in network structure are effect to the value of density. Because 

barium oxide (BaO) have a high molecular weight more than silica (SiO2). The 

molecular weight is 153.3 g/mol and 60.09 g/mol of BaO and SiO2, respectively 

[11-12]. The value of molar volume is defined as the volume occupied by the unit 

mass of the glass and can be used as a parameter to identity an open network structure 

[13]. The value of molar volume is increase from 27.57 cm
3
/mol to 32.04 cm

3
/mol. It 

is due to the ionic radius of the modifier in network structure of glass. Ionic radius of 

Ba
2+

 larger than Si
4+

, Bi
3+

and Na
+
. The ionic radius of Ba

2+
, Si

4+
, Bi

3+
and Na

+
 are 

1.35 Å, 0.40 Å, 1.03 Å and 1.02 Å , respectively [14-15]. 
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Fig. 1. Density and molar volume of glass samples as a function of BaO contents 

 

The mean ultrasonic velocity as shown in Fig. 2. The velocity was decreased with the 

increasing of BaO dopant in glass system. The value of mean velocity decrease from 

4406 m/s to 3895 m/s. This result indicates that the mean ultrasonic velocity is related 

to the increase in the number of non-bridging oxygen (NBO) and consequently the 

decrease in connectivity of the glass network [16]. Thus, the ultrasonic velocity is a 

tool in revealing the degree of the change in structure lattice with composition of 

glasses.   
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Fig. 2. The variation of mean ultrasonic velocity with BaO mol% 

 

Debye temperature and softening temperature are one of the important parameters of 

elastic behavior of glass. Fig. 3. are show the variation of softening temperature and 

Debye temperature with the concentration of BaO dopant. Softening temperature is 

maximum temperature of glass before it permanently deforms. It can be seen that the 

value of softening temperature is decrease from 586 K to 520 K with the increasing 

of BaO contents. Debye temperature display the temperature at which all the low 

frequency atomic vibrational modes are excited. It is known that Debye temperature 

depends exactly on the value of mean ultrasonic velocity [17]. The value of Debye 

temperature is decrease from 906 K to 644 K with the concentration of BaO dopant. 

The decrease in Debye temperature is indicated the decrease in the rigidity of glass 

network and related to a decrease in the value of mean ultrasonic velocity. 

Furthermore, the decrease in softening temperature and decrease in Debye 

temperature are related to the increasing of number of non-bridging oxygen (NBOs) 

in the glass network.  
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Fig. 3. The variation of softening temperature and Debye temperature with BaO 

mol% 

 

The IR spectra of glass system as shown in Fig. 4. The peak at 460 – 465 cm
-1

 

correspond to the formation of Fe-O in FeO6 structure unit. The band at 470 – 480 

cm
-1

 reveals that the vibration of Si-O-Si and Bi-O. The absorption peak appearing at 

620 cm
-1

 have been assigned to B-O-Si stretching, Si-O-Si and O-Si-O bending. In 

addition, the absorption peak at 610 cm
-1

 is attributed either to cationic vibrations in 

network and various modes of Bi-O vibration in BiO6. The band around 700 – 710 

cm
-1

 represent the bending vibration of bridging oxygen between trigonal BO3 

groups. The signal at approximately 780 cm
-1

 is Si-O-Si stretching. The peak in the 

region of 900 cm
-1

 and 950 cm
-1

 reveals that the vibration of B-O stretching in BO4 

tetrahedra. The broad absorption band at approximately 1010 – 1020 cm
-1

 can be 

assigned to Si-O-Si and B-O-B stretching vibration. The signal at around1050 cm
-1

 is 

assigned to curve vibration of O-Si-O stretching modes [18-20]. It can be observed 

from Fig. 4. The IR absorption spectra of glass are related to network bonds in glass 

structure. The absorption bands decrease with increase of BaO concentration from 15 

-35 mol%. These results are due to the modifier oxide maybe destroy the network 

structure of glass and non-bridging oxygens are created in glass structure. In addition, 

the results are led to the change in structure of glass and elastic properties of glass. 
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Fig. 4. The IR spectra of (75-x) HPSg – (20) Na2O – 5 Bi2O3 – (x) BaO glass 

system 

 

Table 1. The chemical composition of all glass sample 

Glass samples 
Composition of glass (mol%) 

HPSg Na2O Bi2O3 BaO 

S1 

S2 

S3 

S4 

S5 

S6 
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S8 
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5 
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4. Conclusions 

 

 The glass system in (75-x) HPSg – (20) Na2O – 5 Bi2O3 – (x) BaO has increase 

in density and molar volume. Density and molar volume of glass are depending on 

the concentration of BaO in glass system. Furthermore, the adding of BaO are led to 

400 500 600 700 800 900 1000 1100 1200

T
ra

n
sm

it
ta

n
ce

 (
a

.u
.)

 

Wavenumber (cm-1)  

BaO-0% BaO-5%

BaO-10% BaO-15%

BaO-20% BaO-25%

BaO-30% BaO-35%

Si-O-Si 

Bi-O 

Si-O-Si 

B-O-Si 

O-Si-O 

[BO3] 

[BO4] 

Si-O-B 

[BO4] 

O-Si-O 

Si-O-Si 

B-O-B 



298 
 

the decrease in mean ultrasonic velocity and created the non-bridging oxygens in 

glass network. Also, the number of non-bridging oxygens are related to structure 

properties and elastic properties of glass. The number of non-bridging oxygens are 

created in glass network led to that the decrease in the rigidity of glass network. The 

IR spectra results also support the elastic properties of glass due to the absorption IR 

spectra system are decrease from 15 - 35 mol% of the concentration BaO in glass 

system.  
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1. Background 

Garments washing is commonly used to modify the appearance, to impart worn-out 

look and to improve the comfort feeling of denim garments. Among various methods, 

stone washing has attracted considerable interest over the past several years. However, 

there are several constraints for stone washing including: (i) destructive to equipment 

and the fabric itself; (ii) extra handling time and cost to remove the entrapped stone 

residue from denim garments; (iii) sludge may clog the machine drainage passages 

and (iv) harmful to environment. Hence, researchers have tried to eliminate or reduce 

the use of pumice stone to obtain the desired effect and enzyme treatment was 

introduced. However, the performance of enzyme washed garments is not as good as 

the stone washed garments. In order to tackle the problems of these two techniques, 

the pumice stone free washing machine will be developed in this proposed study. 

Different abrasive components varying in surface area, hardness and roughness will 

be assembled into the drum of the washer. They can be used to achieve different 

degree of fading effect for different kinds of materials. With the help of this pumice 

stone free washing machine, it can produce a very unique effect for destroy wash in a 

more efficient, economic and environmental friendly way. 

 

2. Methods 

In the proposed pumice stone free washing machine, it contains the following parts: 

(i) Motor - The motor should be robust with high torque strength which can carry the 

abrasive component and run at high speed. 

(ii) Inner drum of washer - It is to fix the position of abrasive component. The inner 

drum design will combine the feature of low pocket and Y pocket which would 

provide good and exact abrasion on the garment body surface which is more similar 

to the conventional stone washing process. In the inner drum design, a centre pole 

with paddle will be installed and abrasive component, which is detachable, will be 

installed in paddle for the washing process.  In order to provide good abrasion effect 

on whole garment especially when the garment is wetted and folded, the geometry the 

inner drum will be considered in the designing stage.  

mailto:tccwk@polyu.edu.hk
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(iii) Outer drum of washer - It is to protect the mechanical part of the machine with 

proposed dimension. 

(iv) Abrasive component - It is fixed onto the inner drum of the washer and can be 

replaced. Different abrasive component would be used to achieve different torn 

appearance. They vary in surface area, hardness and roughness. The abrasive 

component will be an abrasive panel to increase the abrasive area. 

(v) Control device - The machine will be equipped with control box, safety limit 

switch, etc. 

 

3. Expected Results 

(1) A systematic comparison of the stone free washing method against the 

conventional stone washing method will be provided based on the following criteria: 

(i) Energy saving - For normal stone washing process, the machine needs to handle 

the stone weight inside the machine which is about HKD1000 per ton of stone. In this 

proposed pumice stone free washing machine, no handling cost of stone is needed. 

(ii) Water saving - Liquor-to-goods ratio of stone washing is 20:1 because water is 

required to activate the interaction between stones and garments. In the proposed 

pumice stone free washing machine, the liquor-to-goods ratio can be reduced to 5:1 

because no stone is used. 

(iii) Material handling cost - After stone washing, material handling cost such as 

removing stone from the effluent, removing stone from the washed garment, etc are 

required. However, no such cost is needed for the proposed pumice stone free 

washing machine. 

 

(2) Measure and compare the performance of pumice stone free washed garments 

with reference to the conventional stone washed garments (100% cotton denim (12 

oz/yd
2
) before-washing fabric will be used as benchmarking fabric. The comparison 

of the performance, with 5-10% tolerance difference, will be based on the 

performance of this benchmarking fabric unless otherwise standard stated): (i) Shade 

change measured by CIE Lab values; (ii) Tensile strength; (iii) Tear strength; (iv) 

Dimensional change; (v) Bending rigidity; (vi) Seam strength; (vii) Surface analysis; 

and (viii) Appearance. 
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1. Background/ Objectives and Goals 

The therapeutic temperature is important for magnetic hyperthermia treatment. A 

suitable power dissipation of magnetic particles can increase the tumor temperature 

and prevent the health tissue from thermal damage. The present work uses a 

numerical scheme based on the Laplace transform to solve the present problem and 

estimates the power dissipation for achieving the effective temperature range. 

 

2. Methods 

As magnetic particles are injected into and homogenously distributed in the tumor, a 

spherical heat source of constant power density P is excited by an alternating 

magnetic field. Afterward, heat symmetrically transfers in the radius direction. The 

temperature distribution in the tumor and normal tissues is the function of distance r 

from the center of the sphere and time t. The present work defines the heat transport 

in the tumor ( Rr 0 ) and normal ( arR  ) tissues with constant physiological 

parameters as the following equations. 
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To transform the present problem into a problem in the rectangular coordinate system, 

a new dependent variable H is defined as 

            )( 0TTrH    (3) 

where the initial temperature 0T  is regarded as the arterial temperature. 

Subsequently, the use of the Laplace transform technique maps the transient problem 

into the steady one. The differential equations (1) and (2) and the boundary 

conditions are transformed in conjunction with the initial conditions as 
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3. Expected Results/ Conclusion/ Contribution 

The dimensions of tumor and normal tissue are R = 1.8 mm and a = 40 mm. Figure 1 

demonstrates the variation of temperature with 36 /105.3 mWp   at various 

locations. It is found that the temperature within the tumor gradually rises with time 

increasing. At t = 600 s, the temperature approximates 42 °C and 46 °C at r = 0.6 mm 

and r = 1.8 mm, respectively. It implies that the treatment temperature is within the 

safety limit as 36 /105.3 mWp  . 

This work also estimated the power dissipation for T (0.6 mm, 75 s) = 42 °C and got

36 /103627.2 mWp  . At t = 600 s, the temperatures are 42.96 °C and 40.93 °C at 

r = 0.6 mm and r = 1.8 mm, respectively, as shown in Figure 2. 

Keywords: Bio-heat transfer, magnetic hyperthermia, power dissipation. 

     
Fig. 1 Temperature variation at various locations   Fig. 2. Temperature variation 

with T (0.6 mm, 75 s) = 42 °C. 

with 36 /105.3 mWp  . 
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A new design concept applied for novel photo-responsive flash OFET memory by 

employing carbazoledioxazine-based polymer (Poly CD) electret (Figure 1). 

Photo-active electrets absorbing the light effectively rather than photo-active 

semiconductors have been proposed by “photo-induced recovery” mechanism in the 

literatures (Figure 2); however, the correlation between the chemical structure and 

photo-responsive performances was ambiguous. In this study, we first report that the 

OFET memory with polymer electret can be optically recovered and the working 

mechanism can be explained by the structural design. Poly CD electret exhibited 

photoluminescence quenching in film state, resulting in the generation of sufficient 

excitons to eliminate trapped charges under light excitation. Consequently, the 

memory behavior of OFET memories with photo-active polymer electret could be 

successfully manipulated by voltage-programming and photo-erasing processes, 

alternatively. Besides, the Poly CD electret with coplanar donor-acceptor moieties 

was suitable for both p-channel and n-channel OFET memories. For p-type memories, 

large memory window (82 V) and stable nonvolatile retention performance with high 

ON/OFF ratio could be obtained. Accordingly, this study would expect to provide 

useful information for the development of polymer photo-responsive flash OFET 

memories and the practical application of photo-recorder and photo-sensing smart 

tag.  

Figure 1. Configuration of Polymer OFET memory device.    Figure 2. Photo-recovery mechanism. 

Keywords: organic field-effect transistor memory, photo-induced recovery, polymer electret 

Reference:  C. H. Chen, Y. Wang, H. Tatsumi, T. Michinobu, S. W. Chang, Y. C. 

Chiu and G. S. Liou*, Adv. Funct. Mater., 1902991 (2019). 
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1. Background and Goals 

  Microcirculation is the fundamental portion of the human cardiovascular system, 

mainly responsible for transporting oxygen, carbon dioxide and nutrition to all tissues. 

It is obvious that abnormality in peripheral microvascular blood flow may show up 

earlier than the occurrence of cardiovascular disease [1]. Thus, it is necessary to 

uncover some useful parameters to help physicians to initially diagnose the 

microcirculatory dysfunction, particularly for the microvascular endothelial 

vasodilatation. Therefore, the goal of the study was to measure the microvascular 

perfusion on foot sole and to see if there is any difference in the post-occlusive 

reactive hyperemia of microcirculation between the healthy participants and patients 

with diabetes mellitus (DM).  

 

2. Methods 

  This study recruited 22 healthy participants (Control group) and 15 patients with 

diabetes mellitus (Diabetes group). In the Diabetes group, the subjects with DM had 

neither peripheral arterial occlusion disease nor renal failure. The clinical trial was 

approved by the Institutional Review Board of the E-DA Hospital, Kaohsiung, 

Taiwan (no. EMRT04105N).  

  Every subject in supine position was asked to complete a 17-minute non-invasive 

provocation, comprising 8-minute baseline, 3-minute ankle occlusion (by an air cuff 

inflated up to systolic pressure plus 50 mmHg), and 6-minute post-occlusive reactive 

hyperemia (PORH).  Microvascular perfusion signals on the foot sole just 

underneath the foot thumb were recorded using the laser Doppler flowmetry (LDF) 

(moorVMS-LDF1, Moor Instrument, USA). 
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3. Results 

  The basic data showed no significant difference in the age, height, weight, body 

mass index, , systolic pressure, diastolic pressure, and heart rate between the two 

groups. Table 1 illustrates the amplitude of LDF signals and microvascular dilatation 

during the PORH in the Control and Diabetes groups. We found that the amplitude 

(ABASE) of the baseline LDF signals was significantly greater in the Diabetes group 

than in the Control group (64.1 ± 44.8 vs 38.5 ± 18.4 PU, p<0.05).  Although there 

was no significant difference in compoiste vasocontriction (CVC) % between the two 

groups, the Control group had considerably larger composite vasodilatation (CVD) % 

than that of the Diabetes group (p<0.001). 

TABLE 1 

QUANTITATION OF MICROVASCULAR DILATATION DURING THE PORH 

Parameter Control group (N=22) Diabetes group (N=15) p value 

ABASE (PU) 38.5 ± 18.4 64.1 ± 44.8 0.026
 

AOCC (PU) 2.9 ± 1.4 3.5 ± 2.1 0.271 

APORH (PU) 137.2 ± 77.5 109.1 ± 68.6 0.262 

CVC% 90.0 ± 5.0 89 ± 16 0.745 

CVD% 290 ± 138 81 ± 49 <0.001
 

 

4. Discussion and Conclusions 

   As we know, an ulcer most possibly occurs on the foot sole in some patients with 

DM. That is the reason why the authors choose the area beneath the toe thumb as the 

measuring site.  The results show that the DM patients own higher baseline 

amplitude of the microcirculation on the sole, as compared with the healthy subjects. 

It may be due to blood stasis phenomenon in the end-peripheral micro-vessels.  

  As compared with the Control group, an episode of three-minute arterial occlusion 

results in significantly less vasodilatation during reactive hyperemia in sole 

microcirculation in the Diabetes group. This strongly suggests that a reduction in the 

PORH in sole microcirculation exists in the DM patients, consistent with previous 

outcome [2,3]. Therefore, the simple and short-term occlusion maneuver may be used 

as a diagnosis tool for assessing the abnormality degree in microvascular dilatation. 

(supported by MOST 108-2221-E-214-007-MY3, Ministry of Science and 

Technology, Taiwan). 
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Abstract 

The preparation of novel bioactive materials using biomass has received a great 

deal of attention due to the low cost and environmentally friendly. The structural and 

bioactive properties of B2O3–P2O5–Na2O–CaO glass systems doped with treated 

bagasse and cassava rhizome were studied. The present study includes the results 

obtained from atomic force microscopy (AFM) and Fourier transform infrared (FTIR) 

spectroscopy before and after immersion for 7 days in simulated body fluid (SBF) 

solution. The surface morphology characteristics using AFM revealed the formation 

of a hydroxyapatite layer on the glass surface. FTIR spectroscopy was applied to 

examine the bone bonding ability or bioactivity of glasses prepared from the bagasse 

and cassava rhizome. IR spectra revealed that the glass network consisted mainly of 

[BO3] and [BO4] units. After soaking in SBF solution, it was found that there was the 

generation of the strongly characteristic peaks around 563, 601, and 1026 cm
−1

, 

confirming the formation of hydroxyapatite. Moreover, the work extends to exhibit 

the improvement of corrosion resistance of the glass by addition of bagasse and 

cassava rhizome when immersion in SBF solution.  

Keyword:  Biomass; Bioactive glass; FTIR spectroscopy, Corrosion behavior 

 

1. Introduction 

Bone replacement materials (biomaterials) are extensively used as bone 

augmentation in treating patients with accidental bone loss, degeneration of bone and 

other severe bone-related diseases like bone cancer and osteoporosis, etc. [1-2]. 

Generally, an ideal biomaterial for bone regeneration should be biodegradable, 

biocompatible and/or innocuous with human biological tissue. Also, they must act as 

a skeleton framework and stimulate new bone creation in the surrounding area [3-4]. 

The search for novel materials which can be substituted bone has received 

continuously attention for many years. Glass and ceramic hosts have been identified 

as being similar to bone and under investigation for many years. Bioactive glasses 
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containing calcium and boron have gained high interest as bone graft materials and 

for fabricating scaffolds for bone tissue engineering owing to their good bioactivity 

and biocompatibility including low melting point, high thermal stability, and 

mechanical durability [5-6]. After soaking in simulated body fluid (SBF) solution, 

they are characterized as higher reactivity in comparison to silicate-based glasses, 

which results in faster hydroxyapatite formation [7-8]. The main problem with 

borate-based bioactive glasses, however, is that boron ions are released too quickly, 

this can reduce stabilization of the glass network and produce toxic effect on human 

fibroblast cells. The varying solubility of bioactive borate glasses affects their 

biological performance because the products from ion exchange reaction are able to 

stimulate angiogenesis and osteogenesis in vivo and in vitro [9-10]. The easiest ways 

to reduce the rate of boron dissolution, in general, is by adjusting the composition and 

preparation technique of the bioactive glass. For instance, an introduction of some 

trace elements (e.g. Si, Ti, Zn, Mg, Al, etc.) has been expressed to slow down the 

chemical degradation of the borate glass and lead to a lesser toxic effect on human 

biological cells than the undoped glass [11]. Moreover, some additive agents can also 

enhance other properties of bioactive glasses. 

Recently, the world society has concerned about the use of pure chemicals and 

promoted to apply more recycling or natural products. Agricultural biomass residues 

are discovered abundantly in nature, especially tropical countries like Thailand 

[12-13]. Bagasse and cassava rhizome ashes are the biomass sources derived from 

valuable by-products in sugar extraction and waste of cassava fructification, 

respectively. However, incineration of bagasse and cassava rhizome as an energy 

source causes serious disposal problems [14]. There are several studies on using 

bagasse and cassava rhizome ashes in many alternative applications such as 

production of ceramic, bio-composite, biomaterial, cement and concrete, etc [15-17]. 

Converting these ashes into the raw materials for preparing bioactive glass are one of 

alternative ways that may provide enormous benefits, because it is compatible with 

human biological tissue. Several studies have tried to modify properties of bioactive 

glass by adding some of pure elements into the glass network. An interesting new 

direction is the substitution of pure substances by biomass materials. Bagasse and 

cassava rhizome ashes not only contain SiO2 and CaO that can act as a glass network, 

but also some other elements such as Al, Mg, Sr, Ti, Zn etc that can stimulate new 

bone formation and improve anti-inflammatory effect, bone cell adhesion and 

stability. (see in Table 1). Therefore, the replacement of pure materials by these 

agricultural wastes for fabrication of bioactive glass can be a novel way in recycling 

these wastes. Bagasse and cassava rhizome ashes-containing calcium borate glasses, 

moreover, may be candidates for applications where controlled-release glasses with 
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lower degradation rates are required. 

In spite of numerous publications on the potential use of combinations of glass or 

bioactivity fillers for bone regeneration, little information exists on the assessment of 

a glass prepared from biomass or fly ash natural materials. Therefore, the scope of 

this research was to fabricate novel biomaterial-based borate glass containing bagasse 

and cassava rhizome, and investigate them in terms of in vitro bioactivity, 

degradability, and structural properties. A comparison of the glass composition 

between before and after SBF solution would provide an understanding of the 

degradation rates and the reactions between glasses and dopants that can lead to bone 

regeneration. 

 

2. Experimental 

Bagasse and cassava rhizome samples used in this research is collected from 

electrical plant in Thailand. Both materials were washed with distilled water and 

crushed in an agate mortar. After that, bagasse and cassava rhizome powders were 

calcined at 800 and 1,000 ℃ for 1 h in an electric furnace, respectively. The 

corresponding constituents of bagasse and cassava rhizome were analyzed by using 

WDXRF as listed in Table 1. Then, both ashes were used as a raw material for 

preparing bioactive glass in the composition of B2O3–P2O5–Na2O–CaO. These glasses 

were performed from reagent-grade powders of anhydrous H3BO3, (NH4)2HPO4, 

Na2CO3, and CaO as well as fly ash of bagasse and cassava rhizome, mixed together 

in appropriate amounts until homogeneous in alumina crucibles. The homogeneous 

mixture was calcined and melted in an electrically heated muffle furnace in normal 

laboratory conditions without controlling the atmosphere. Melting time of 2 h at 

temperatures range of 1,100-1,200 ℃ depending on composition were employed to 

ensure the homogeneity before pouring onto a graphite block. Vitreous samples were 

then undergone an annealing process by placing into the furnace again at appropriate 

temperature of 450 ℃ in order to reduce any residual stress in the glass. After 2 h, the 

furnace was switched off and such glass sample was allowed to cool slowly to normal 

temperature. The compositions of glass samples are shown in Table 2. The glass 

samples were cut and polished to obtain a size of 1x1 cm
2
 with a sample thickness 

about 1 mm. All the glass samples were soaked in SBF for 7 days at 37 °C. Its 

solubility was determined by measuring the weight of each sample before immersion 

(Wb) and that after immersion (Wa). Then, the weight loss in g/cm
2
 was calculated 

using Eq. (1) [18]: 

2

b aW Wg
Weight loss

cm A

 
 

 
                  (1) 
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Table 1 Chemical compositions of bagasse and cassava rhizome by WDXRF method. 

Compounds Bagasse (wt%) Cassava rhizome (wt%) 

MgO 1.430 16.300 

Al2O3 5.990 1.230 

SiO2 77.100 16.700 

P2O5 0.900 12.100 

K2O 3.530 14.600 

CaO 5.180 37.080 

TiO2 0.395 0.227 

Cr2O3 0.019 0.034 

MnO 0.184 0.618 

Fe2O3 5.181 0.787 

CuO 0.013 - 

ZnO 0.021 0.063 

SrO 0.016 0.226 

ZrO2 0.040 0.036 

Total 100.000 100.000 

 

Morphological characteristic of all samples’ surface textures before and after 

immersion in SBF solution were conducted using atomic force microscope (Park 

System, XE-100) with adopting contact cantilever. Image of samples’ surface 

topography is generated in contact mode with scanning area of 20×20 µm
2
 at 

temperature of 25±1 ℃.  

 

Table 2 Glass compositions and weight loss of the prepared glasses. 

Sample 

Composition (wt%) 

Weight loss (g/cm
2
) B2O

3 
P2O5 

Na2

O 
CaO BG CR 

GS0 68 3 17 12 - - 0.002581 

BGS5 63 3 17 12 5 - 0.001630 

BGS10 58 3 17 12 10 - 0.000803 

CGS5 63 3 17 12 - 5 0.001417 

CGS10 58 3 17 12 - 10 0.000669 

*BG is the bagasse and CR is the cassava rhizome 

The IR transmission spectra of the prepared glasses have been carried out in the 

spectral range of 400–2000 cm
-1

 using a FTIR spectrometer (Thermo Scientific, Nicolet 

6700). The measurements were made by the attenuated total reflectance (ATR) 
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technique. The glass samples were cut and polished to a size of 1x1 cm
2
 and made with 

an approximate thickness of 0.1 cm. Before the spectrum of all glass samples were 

recorded at ambient temperature, the blank air was measured for the background 

spectrum. FTIR spectra of all the glass samples after immersion in SBF solution were 

recorded using the same conditions as before immersion. 

 

3. Results and discussion 

AFM technique has been popularly applied for the morphological characterization. 

The surface topography of the prepared glasses before and after immersion in SBF 

solution for 7 days were imaged by the AFM and shown in Fig. 1. It can be seen in Fig. 

1 (a) that the morphological characteristic of the glass samples before immersion shows 

smooth surfaces with deep grooves, which were caused by polishing with silicon 

carbide paper. After immersion, many small rounded shape particles can be seen on the 

surface as in Fig. 1 (b). This modification observed on the glass surface should be 

related to a progressive formation of hydroxyapatite (calcium phosphate) while soaking 

in the SBF solution. This reaction involves ion exchanges between the glass sample and 

the environment (SBF) [19].   

 

 



318 
 

Fig. 1. AFM images of the B2O3–P2O5–Na2O–CaO glasses doped with bagasse and 

cassava rhizome before (a) and after (b) immersion in SBF for 7 days. 

 

Fig. 2. FTIR spectra of the prepared glasses doped with bagasse and cassava rhizome 

before (a) and after (b) immersion in SBF. 

 

FTIR spectroscopy is a useful tool for understanding the internal structural units in 

the glass materials, and it can be identified the bone bonding in various bioactive 

glasses. Fig. 1 reveals the FTIR spectra in the region rang of 400–4000 cm
−1

 of the 

studied glasses before and after immersion in SBF solution for 7 days. The vibrational 

peaks within the wave number range 400−600 cm
−1

 are attributed to the bending 

vibration modes of Si–O–Si and O–P–O units overlapped by the vibration attributed to 

the presence of metal ions (Ca
2+

, Na
2+

, Mg
2+

, Al
2+

, etc.) in their respective sites within 

the glass structure [19-21]. Briefly, the asymmetric stretching vibrations of tetrahedral 

borate units are seen to be active within range 600–1200 cm
−1

 and this area is also 

overlapped with the vibrational modes of silicate and phosphate units. Additionally, it is 

generally accepted that the bands in region of 1200–1500 cm
−1

 are attributed to B–O 

stretching of BO3 units in the boron–oxygen network [9, 22]. Regarding the other 

vibrational modes in the region extending from 1600 to 3600 cm
−1

 are observed due to 

the presence of hydrogen bonding, carbonate and OH groups [21-23]. The vibrational 

peaks and assignments of the present glasses are summarized as shown in Table 3. 

There are several vibration bands and peaks within the mid-region extending from 400 
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to 1450 cm
−1

. It is observed from Fig.2 (a) that after immersion, the vibrational peaks 

were positioned at ~424, ~439, ~524, ~678, ~879, ~1018, ~1211, ~1288, ~1319, and 

~1442 cm
−1

. After immersion in Fig.2 (b), the distinct vibrational spectra were 

positioned at ~439, ~470, ~501, ~524, ~563, ~601, ~630, ~856, ~879, ~1026, ~1295, 

and ~1434, ~1573, ~1640, and ~3470 cm
−1

. 

 

Table 3 Assignment of vibrational modes in the IR spectra curves of the glass system 

Wave number (cm
-1

) Assignment 

3300–3600 Water, O–H vibrations. 

1560–1650 Small peaks related to water, OH. 

1200–1500 B–O–B in BO3 triangles 

600–1200 Stretching vibrations of BO4, SiO4 and PO4 units 

563, 601, 1026 P–O vibrations that are associated with HA 

400−600 Bending vibrations of Si–O–Si and O–P–O units and 

Modifier cation vibrations 

 

 Adjusting the glass composition by replacing B2O3 with bagasse and cassava 

rhizome results in higher intensity of the spectral curves in the region rang of 400-600 

cm
−1

 together with the peaks at about 678, 879 and 1211 cm
−1 

since there are newly 

formed bonds in the BO4, SiO4 and PO4 units. Moreover, some similarities of IR spectra 

were observed from both before and after immersion. However, some distinctive 

changes was observed only after immersion such as a lowering in intensity of the 

vibrational band in the wave number range 800–1500 cm
−1 excluding GS0 and 

appearance of the sharp peaks at around 430–610 cm
−1

 in all the glasses and 1026 cm
−1 

in GS0, CGS5 and CGS10 samples. These sharp peaks indicate the PO4-derived bands 

that are corresponded with the formation of the calcium phosphate layer, confirming the 

HA layer formation on the glass surface [24]. Briefly, the characteristic bands for O-H 

vibrations or hydroxyl groups presented in the HA lattice were clearly visible at 630, 

1640 and 3470 cm
−1

 [25-26].  
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Fig. 3. The weight loss per unit area of the studied glasses after immersion in SBF. 

 

For evaluating dissolution process of bioactive glasses, weight loss is an easy and 

rapid technique. The leaching process of the glass by SBF solution provides correlation 

similar to ion exchanges between the glass constituents and plasma in human body. Fig. 

3 shows the weight loss of 1x1 cm
2
 prepared glasses due to the corrosion after 

immersion in SBF solution for 7 days. It was found that the weight loss per area of the 

glasses with addition of bagasse and cassava rhizome (BGS5, BGS10, CGS5, and 

CG10) shows lower weigh loss than the undoped glass (GS0). The obtained results 

clearly show that the replacement of boron by ions in bagasse and cassava rhizome 

leads to an obvious decrease of glass solubility. As well known, the borate-based 

glasses are highly hygroscopic and can dissolve in aqueous solutions. The variable 

degree, however, depends on its composition. The addition of some modifier oxides in 

the vitreous B2O3 improve the resistance to chemical corrosion due to the conversion of 

the trigonal BO3 to tetrahedral BO4 units, indicating the interlinked firmly in four equal 

directions in glass network. Therefore, the addition of bagasse and cassava rhizome 

contents in B2O3–P2O5–Na2O–CaO glass system lead to an improvement of corrosion 

resistance. 

 

4. Conclusions 

 

The bioactive glass presented in this research was prepared from treated bagasse 

and cassava rhizome. All studied analytical methods were measured before and after 

soaking in SBF solution for 7 days at 37 °C. Surface morphology and chemical bond 

transformations of the prepared glasses before and after immersion have been 

recorded. The results indicate that the surface morphology change linked to the ionic 
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exchanges between the glasses and SBF solution. These exchanges result in 

modifications of the vitreous matrix into the crystal which caused the formation of 

hydroxyapatite layer on the glass surface. IR spectral studies of undoped glass appear 

characteristic bands due to vibrational modes of combined phosphate and borate 

networks including vibration of modifier cations (Ca
2+

 and Na
2+

). The substitution of 

B2O3 by bagasse and cassava rhizome contents lead to variations of the IR curves 

which observed additional bands of silicate and phosphate groups. The appearance of 

characteristic peaks at about 563, 601 and 1026 cm
-1

 after soaking indicates the bone 

bonding ability as represented by the hydroxyapatite layer formation. Moreover, the 

progressive addition of bagasse and cassava rhizome also significantly reduced the 

rate of dissolution of the prepared glass in SBF solution. 
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Objectives and Goals 

The advancement in technology and the electronics industry can be applied to 

develop gas detection systems with gas chromatography techniques for measuring 

and quantifying of biogas. This report presents the design and development of 

flammable gas detector system with gas chromatography technique (GC). 

 

Methods 

This research is divided into 2 parts. First, the hardware has been designed mixed 

following components: Carrier gases are responsible for carrying the sample gas 

through the column to the detector. This work uses nitrogen, which is an inert gas that 

does not interact with the sample molecules. Flow Meter is responsible for measuring 

volume or flow rate of a fluid. Needle vale is a valve for bringing gas into the system. 

Three way ball vale is used to inject the sample into the system. Packed column is the 

part used to separate gas sample. Gas sensor are used to measure substances extracted 

from columns and send electrical signals to the processing system. Second, software 

or programs were developed to processing data from the hardware with Mbed program 

via STM32 microcontroller and display the result. 

 

Conclusion 

This work was presented the biogas detector system designed with gas 

chromatography technique. The system was investigated by mixed gas (methane 

and hydrogen). The result both qualitatively and quantitatively will be present. 

Keywords: Gas chromatography, Chromatogram, Biogas, flammable gas detector 
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Lung cancer is one of the most common malignancies worldwide. To treat lung 

cancer, various anticancer drugs were developed and tested, but they failed because 

of drug resistance. In the present study, we tested herbal medicines, such as TK and 

Cucurbitacin D, as anticancer drugs to decrease side effects and resistance. We found 

a synergistic effect of TK with CDDP and PXD in primary culture of human NSCLC 

tumor cells. The combination of CDDP/PXD and TK or CuD inhibited the 

proliferation of H1299 cells. The combination of CDDP/PXD and TK or CuD 

induced sub-G1 and G2/M cell cycle arrest in H1299 cells. The combination of 

CDDP/PXD and TK or CuD induced apoptosis, regulated apoptotic molecules, 

caused morphological changes and inhibited colony formation in H1299 cells. We 

found that TK suppresses p-ErbB3 expression and signaling. The combination of 

CDDP/PXD and TK or CuD inhibited p-AKT, p-Erk, and p-JNK signaling and 

suppressed Stat3 and NF-κB transcriptional activity in H1299 cells. More importantly, 

the combination of CDDP/PXD and TK or CuD inhibited p-ErbB3 and downstream 

molecules in H1299 cells. The combination of CDDP/PXD and TK or CuD inhibited 

ErbB2/ErbB3 dimerization. Our results clearly demonstrate that the synergistic effect 
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of CDDP/PXD and TK or CuD inhibits cell growth and induces apoptosis by 

inhibiting ErbB3 signaling. The combination of CDDP/PXD and TK or CuD 

decreases cell proliferation and induces apoptosis by inhibiting ErbB3 signaling in 

H1299 lung cancer cells. TK or CuD could be useful as a compound to treat lung 

cancer. Additionally, targeting ErbB3 may also be useful for treating lung cancer. 

 

Keywords: Lung cancer, Trichosanthes kirilowii, Cucurbitacin D, Cisplatin, 

Pemetrexed, ErbB3 
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Prostate cancer is commonly second leading cancer diagnosed cancer and most 

highly mortality rate in male. Prostate cancer has many therapies, among the most 

popular treatments are chemotherapy. However, chemotherapy has many side effects 

and acquire resistance by repeated administration. Thus, we need a new drug with 

few side effect. Recently, a various used traditional medicine was evaluated for their 

anti-cancer agent against various tumors, providing new opportunity for treatment of 

prostate cancer. In the present study, we used traditional medicine that “JI017” 

consist of Angelica gigas, Aconitum carmichaeli, Zingiber officinale Roscoe. Each 

component has already evaluated anti-cancer effect. We investigated that effect of 

JI017 on prostate cancer. JI017 induced cell death in a dose-dependent manner on 

measured by MTS assay. We confirmed increase of apoptosis by Annexin V-FITC in 

flow cytometer. Additionly, JI017 increased apoptosis protein marker such as 

cle-caspase3, cle-caspase 9, PARP, Bax, Bcl-2 in western blotting. We examined 

which signaling pathways induced apoptosis. We found that c-Jun N-terminal kinase 

(JNK)/c-jun activation. Moreover, confirmed that reactive oxygen species (ROS) was 

accumulated in prostate cancer. ROS is important role of DNA damage such as 

fragment, cell cycle arrest and pro-apoptosis. JI017 induced G2/M cell cycle arrest 

through increased mRNA expression of p21, p27 and cyclin E. We cornfirmed that 

after NAC pre-treatment, JI017 treatment was blocked cell death. This study, 

providing new opportunity for chemotherapy of prostate cancer. Thus, our data 

suggest that JI017 is a worthy of prostate cancer drug candidate. 
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HER2 overexpressed breast cancer has been treated by taxane including paclitaxel 

and docetaxel although it faced to limitation such as drug resistance, side effect. 

Nowadays, to overcome such limitation, taxane containing regimen has been 

developed. SH003, a novel herbal prescription, has anti-cancer effect against breast 

cancer, cervical cancer, prostate cancer. Of note, it has been reported that SH003 

combined with anti-cancer agent synergistically inhibits the viability of 

triple-negative breast cancer cells. Taken together, we investigated the synergistic 

effect of SH003 and taxane on the inhibition of HER2 overexpressed breast cancer. 

We performed WST cell viability assay, apoptosis analysis (double staining with 

Annexin-V/7-Aminoactinomycin D) and western blotting. One-way ANOVA 

followed by Tukey’s test was used to compare significant differences. Combination 

treatment of SH003 and taxane inhibited the viability of HCC1419 cells in 

comparison to SH003 or taxane single treatment. Moreover, we demonstrated that 

combination treatment-induced cell death is mediated by apoptosis with up-regulation 

of apoptotic pathway. Furthermore, SH003 combined with taxane synergistically 

downregulated the expression of phospho-AKT and phospho-ERK. In conclusion, 

SH003 and taxane combination would be beneficial for treatment of 

HER2-overexpressed breast cancer. 

Keywords: HER2 overexpressed breast cancer, Paclitaxel, Docetaxel, SH003, 

Synergism, Combination therapy, Apoptosis, ERK, AKT,  
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SH003 consists of Astragalus membranaceus (Am), Angelica gigas (Ag), or 

Trichosanthes Kirilowii Maximowicz (Tk) and its anti-cancer effects have been 

revealed in several cancer including breast cancer, prostate cancer and cervical cancer, 

but not lung cancer. Lung cancer is one of the lethal causes of cancer mortality 

worldwide. Docetaxel has been used as first-line chemotherapeutic drug for treatment 

of non-small cell lung cancer. In present study, non-small cell lung cancer cells 

including A549, H460 and H1299 were treated with combination of SH003 and 

Docetaxel to enhance anti-cancer effects of docetaxel. Combination treatment was 

more cytotoxic than single treatment. With decreased viability, increased expression 

of apoptosis-related proteins, cleaved PARP, cleaved caspase 9 and cleaved caspase 3, 

was determined by western blotting. From in vivo experiment, administration of 

SH003 and docetaxel significantly diminished the tumor size in H460-derived 

xenograft model. Moreover, immunohistochemistry showed that increased expression 

level of cleaved caspase 3, CD31 and Ki67 was associated with decrease of tumor 

volume. In conclusion, our data suggested that SH003 is a promising herbal medicine 

and combination therapy with docetaxel would be effective for treatment of lung 

cancer.  

 

Keywords: Non-small cell lung cancer, Docetaxel, SH003, Apoptosis 
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Docetaxel (DTX) has been applied for treatment of patients with prostate cancer 

(PCa). SH003, composed of Astragalus membranaceus, Angelica gigas and 

Trichosanthes kirilowii Maximowicz, has been developed as anticancer herbal drug. 

Phase II clinical trials of SH003 combined with DTX for breast and lung cancer 

patients are in progress. For further clinical research of this combination for PCa, we 

aimed to evaluate the synergistic effect of SH003 combined with DTX in PCa 

through in vitro and in vivo model. When PCa cell lines were treated with SH003 

combined with docetaxel, the cell viability was synergistically decreased. We further 

examined if combinatory treatment affects epidermal growth factor receptor (EGFR) 

signaling pathway. Western blot analysis demonstrated that SH003 combined with 

DTX synergistically diminished the expression of EGFR pathway in PCa cell lines. 

Of note, SH003-DTX combination therapy showed synergism in the inhibition of 

either tumor growth or expression of phosphor-EGFR and –Signal transducer and 

activator of transcription 3 (STAT3) in DU145-derived xenograft model. Therefore, 

our data suggested that SH003 combined with DTX induced apoptosis though 

targeting EGFR pathway in PCa. It is worthwhile to point out that SH003 combined 

with DTX would be beneficial for treatment of patients with PCa. 

 

Keywords: Prostate cancer, Docetaxel, Combination, SH003, Synergism, Apoptosis, 

EGFR, STAT3 
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1. Background/ Objectives and Goals 

The main cause of the global warming is considered to be the emission of the carbon 

dioxide (CO2).  Carbon dioxide produced by human activities is inevitably created 

by burning fossil fuels, deforestation, and some industrial processes.  The purpose of 

this study is to build a new carbon recycling system which can reduce environmental 

burden by using microorganisms that have a potential for biodegradation of generic 

polymers.  In this study, we have developed a new evaluation method for polymer 

degradation by using synthetic agar medium with a porous membrane as a carbon 

source. 

 

2. Methods 

Each of soil samples was collected in Tochigi prefecture.  All samples were dried at 

room temperature for 3-5 days and after that heated at 100℃ for 30 min to kill the 

non-spore forming bacteria.  One gram of sample was suspended in 9 ml of 0.85% 

saline solution, and the supernatant was spread on a synthetic agar medium (W agar 

medium) containing 0.4% substrate (cis-1,4-polyisoprene (PIP) or poly[(butylene 

succinate)-co-adipate (PBSA)]).  Polymer degrading bacteria with clearing zone 

(halo) around the colony were isolated from the W agar plate after incubation at 30℃ 

for 7days in aerobic condition.  Sequencing of the 16S rRNA gene of the bacterial 

isolate was done from both the directions. 

Biodegradability test was performed using PBSA membrane or PIP sheet placed on 

the W agar medium except any substrate.  PBSA membrane was prepared via a 

thermally-induced phase separation (TIPS) method.  PIP sheets were produced by 

the following two methods:  (I) PIP sheets produced with heat press and made many 

porous with a needle, (II) glass fiber filter with PIP coating using spray coating 

method. 

The biodegradability of these polymers was evaluated by scanning electron 

microscopic observation (JEOL JSM-7800F, Japan), gel permeation chromatography 

(GPC) measurement of molecular weight distribution, and tensile strength testing. 
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3. Expected Results/ Conclusion 

The bacterial colonies with clearing zone (halo) on W agar medium were picked up.  

Five polymer degrading bacteria were isolated.  These strains were assigned to three 

Gram-positive strains (ONCT 10001 (Streptomyces werraensis), ONCT 10002 

(Streptomyces flaveolus), and ONCT 10004 (Streptomyces sp.)) and two Gram 

negative strains (ONCT 10003 (Rhizobium sp.) and ONCT 10005 (Mesorhizobium 

amorphae)).   Their 16S rDNA sequence showed a similarity of over 98%. 

The biodegradability test of the polymer sheet was evaluated by using these isolated 

bacteria.  In particular, ONCT 10002 (S. flaveolus) and ONCT 10004 (Streptomyces 

sp.) were well growth on the polymer membrane/sheets.  The direct observation of 

living cells by SEM indicated the cells were growing throughout the polymer 

membrane. 

To investigate the polymer-degradation potential of ONCT 10002 and ONCT 10004, 

these strains were cultivated with each polymer membrane.  The number average 

molecular weight (Mn) and weight-average molecular weight (Mw) of PBSA at 0 

week was 110-120 kDa (Mn) and 300 kDa (Mw), respectively.  PBSA showed a 

shift of the molecular weight distribution curves to higher retention times when 

cultivated aerobically at 30℃ for 4 weeks with ONCT 10004.  This result indicates 

a shift to lower molecular weights (Mn 18 kDa and Mw 90 kDa).  Similar results 

were obtained when PBSA membrane incubated aerobically at 30℃ for 4 weeks 

with ONCT 10002 (Mn 58 kDa and Mw 190 kDa).  The number average molecular 

weight (Mn) and weight-average molecular weight (Mw) of PIP at 0 week was 400 

kDa (Mn) and 1170 kDa (Mw), respectively.  When PIP was incubated with ONCT 

10002, the new two peaks observed (peak 1 at Mw 34 kDa and Mn 46 kDa, peak 2 at 

Mw 5.7 kDa and Mn 7.4 kDa).  

Tensile strength test indicated that the significant strength deterioration in the PBSA 

membrane treatment after 3-7 days.  In particular, the relative PBSA membrane 

strength were decreased to 61% and 25% when treated at 30℃ for 3 days with 

ONCT 10002 or ONCT 10004, respectively.  Furthermore, the relative PBSA 

membrane strength to 20% and 18% when treated at 30℃ for 7days. 

  These results suggest that ONCT 10002 and ONCT 10004 strains has great 

potential for biodegradation of PBSA and PIP.  In conclusion, the evaluation of 

polymer degradation by using actinobacteria or rhizobacteria were successful by using 

this method. 
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1. Background/ Objectives and Goals 

Tomato leaf curl Taiwan virus (ToLCTWV), belonging to the Geminiviruses, was 

isolated in Taiwan and causes tremendous crop loss. The Geminivirus-encoded C2 

proteins are pathogenic factors between the virus and host plants. However, the exact 

functions of the viral C2 protein of ToLCTWV in ubiquitination system in host have 

not been investigated. We analyzed the molecular function(s) in ubiquitination system 

of the C2 protein by transient or stable expression in Nicotiana benthamiana as host 

plants. 

2. Methods 

Subcellular localization of ToLCTWV-C2 mutation proteins 

The C2 mutation DNA fragment was PCR-amplified by using the Pfu DNA 

polymerase with specific primers. The PCR products were gel-purified and cloned 

into the pENTR/D-TOPO vector (Invitrogen, Carlsbad, CA). The resulting construct 

was sequenced. ToLCTWV C2 mutation DNA fragment was then cloned into the 

gateway-based vector (pSITEII-4C1) to generate the ToLCTWV-C2 mutation-GFP 

(green fluorescence protein) in-frame fusion construct under control of the 

cauliflower mosaic virus 35S promoter (CaMV 35S). The generated constructs 

C2-nuclear localization sequence mutation (NLSm)-GFP, C2-post-transcriptional 

gene silencing mutation (PTGSm)-GFP or C2-double mutation (NPm)-GFP were 

separately introduced into A. tumefaciens GV3101 by Cellject Duo Hybaid 

electroporation (Thermo Hybaid). A. tumefaciens was grown at 28℃ for 2 days in 

Luria–Bertani liquid medium supplemented with 100μg ml
−1

 spectinomycin. 

Agrobacterium strains harboring the C2-GFP, C2-NLSm-GFP, C2-PTGSm-GFP or 

C2-NPm-GFP constructs and the tomato bushy stunt virus (TBSV) P19 silencing 

plasmid were mixed at a 1:1 ratio and co-infiltrated into leaves of 3-week-old N. 

benthamiana plants. At 4 days after agroinfiltration, the abaxial epidermis of the 

leaves was assayed for fluorescence by epifluorescence microscopy (Leica DM 2500, 

mailto:a0931126216@gmail.com
mailto:sffuplant@cc.ncue.edu.tw
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Leica Microsystems, Wetzlar, Germany). 

Transient expression of ToLCTWV-C2 mutation protein by PVX-based vectors 

The Potato virus X. (PVX)-based expression plasmids were constructed by LR 

recombination reaction with the entry clone and a gateway destination vector 

(PVX-GW) by using LR clonase (Invitrogen). Before the LR reaction, 

pEnter/D-TOPO-derived entry vectors were digested with MluI to linearize the 

plasmid and allow selection of PVX-GW-derived clones. The PVX-C2 mutation 

construct was selected by using 50μg ml
−1

 kanamycin and transferred to the A. 

tumefaciens strain GV3101. For the PVX-based constructs, the strain GV3101 also 

carried the pSoup helper plasmid with a tetracycline resistance marker. A. 

tumefaciens harboring the pSoup and PVX-based vectors were selected by using 

kanamycin (50μg ml
−1

). Leaves of N. benthamiana plants were infiltrated with A. 

tumefaciens containing the PVX-C2, PVX-C2-NLSm, PVX-C2-PTGSm or 

PVX-C2-NPm for inoculation of plants with viruses. Leaves from apical shoots were 

collected at 2 weeks post-inoculation for protein extraction. 

 

3. Expected Results/ Conclusion/ Contribution 

The C2 protein of ToLCTWV accumulates in the nucleus of plant hosts and inhibits 

PTGS. We mutated the NLS (nuclear localization signal) in C2 protein of ToLCTWV 

or the sequence that inhibits plant PTGS (post-transcriptional gene silencing) 

functions. After recombination with GFP, it was found that GFP-NLSm, 

GFP-PTGSm or GFP-NPm (double mutations) can prevent C2 protein of ToLCTWV 

from accumulating in the nucleus. PVX-C2 (NLSm and NPm) exhibited less 

virus-induced symptoms than wild-type C2. Therefore, nuclear localization of 

ToLCTWV-C2 protein may enhance virus-induced symptoms. Subsequently, we 

examined the steady-state level of ubiquitin and proteasome 20S protein in transgenic 

ToLCTWV-C2 Nicotiana benthamiana plants as compared with wild-type. Western 

blot analysis showed that the content of ubiquitin-related complex in the 

ToLCTWV-C2 transgenic plants was less than that of wild-type plants. It is suggested 

that the ToLCTWV-C2 protein may inhibit the ubiquitination processes of the host 

plants. The protein level of ubiquitination in the PTGSm of C2 was similar to that of 

control plants, indicating the important role of PTGSm site in the ubiquitination 

process. In conclusions, the ToLCTWV C2 protein can interfere with the defense 

mechanisms of the host plants by inhibition of the ubiquitination processes.  
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1. Background/ Objectives and Goals 

Production of double haploid (DH) plants that inherit chromosomes from only one 

parent can greatly accelerate plant breeding. There are two traditional methodologies 

to generate DH line: cultured pollen gametophyte cells and interspecific crosses. 

However, both of the methodologies are too time-consuming. In Arabidopsis thaliana, 

DH plants can be easily generated through seeds by manipulating a single centromere 

gene, the centromere-specific histone CENH3 (Centromere-mediated genome 

elimination technology). As CENH3 is conserved in plants and thus can be extended 

to produce DH in any plant species. 

 

2. Methods 

In this study, we chose a rapid-cycling double haploid Brassica oleracea TO1000 as a 

centromere-mediated genome elimination inducer for generating of broccoli DH lines. 

We silenced BoCENH3 of TO1000 by miRNA-induced gene silencing (MIGS).The 

way we grew plant cell is plant tissue culture. First, we cultivated TO1000 until 

developing cotyledons. Then we cut down the cotyledons without the growth point. 

We infected the cotyledons with Agrobacterium. After that, we cultivated the 

cotyledons in BM medium, which contented 1-naphthaleneacetic acid (NAA), BA, 

6-benzylaminopurine solution (BA) as growth hormones and meropenem trihydrate 

as an antibiotic. 

3. Expected Results/ Conclusion/ Contribution 

We modulated mediums of general concentration of growth hormones and antibiotic 

to cultivate the cotyledons, but most of them were browning and died. We found that 

lower concentration of BA makes the cotyledons grow roots. After the cotyledons 

grew roots, we transplanted them into the soil. The future work is select the 

transgenic plants and analyze the DNA marker to construct a DH inducer of broccoli. 

Keywords: CENH3, MIGS, double haploid, Brassica oleracea TO1000, cotyledon, 

broccoli, tissue culture 
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1. Background/ Objectives and Goals 

The liver is one of the most complicated organs to segment due to its highly variable 

shape and nearness to other organs. Moreover, the liver is subject to diverse 

pathologies that may modify its density, signal intensity or distort its architecture. 

Liver segmentation using CT images has become important in the area of medical 

image processing. In general, Liver segmentation methods are divided into two 

approaches, semi-automatics and automatics methods.  

 

2. Methods 

The segmentation in CT images is a challenging task because of the low level 

contrast and blurry edges. These characteristics are due to the patient movement as a 

result of partial volume effects. Furthermore, the adjacent organs such as stomach and 

spleen may share different gray scales level. Moreover, the same organ may not share 

the same gray scales level. Therefore, methods of segmentation of Liver using CT 

images are still an open problem. 

 

3. Expected Results/ Conclusion/ Contribution 

In this paper, image Segmentation for Medical Imaging Problems using Radial Basis 

Functions method will be discussed. 

 

Keywords: Segmentation, Radial Basis Function Methods 
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Abstract 

In this study, we synthesized the copper sulfide (CuS) films by using 

electrodeposition method firstly. We put the CuS films in vacuum-sealed glass 

ampoules and annealed the CuS film in high-temperature furnace at 200 ℃ for 10 h 

secondly. The CuS films of the crystal structure were also characterized by X-ray 

diffraction (XRD) and field emission scanning electron microscopy (FE-SEM) 

analysis. We observed that the particle size of the CuS micro-sheets was smaller by 

annealing at 200 ℃ for 10 h. The size of the CuS micro-sheets was approximately 1–

2 µm at annealing temperature 200 ℃. We fabricated the CuS films and used cyclic 

voltammetry (CV) for performing the electrochemical characteristic. We revealed the 

CuS films by annealing at 200 ℃ for 10 h for determining the glucose concentration 

with the range of 0–300 µM approximately in 0.1 M NaOH. We provided a simple 

method for changing the particle size at lower temperature and analyzed the 

electrochemical characteristic of the CuS films. We can accept that the CuS film has a 

chance for the application of the glucose detection. 

 

Keyword: Copper sulfide, Micro-sheets, Non-enzymatic, Sensing glucose  

 

1. Background 

CuS is a potentially interesting material for lithium ion batteries and supercapacitor of 

the electrode applications [1,2]. It has a highly desirable material for solar cells. CuS 

thin films have been demonstrated to be used as solar cells [3,4]. It also had an 

important application for a non-enzymatic glucose sensor [5–7]. In general, many 

different glucose sensing methods have been developed by using glucose oxidase, 

non-enzymatic glucose, copper iodometry, high-performance liquid chromatography, 

and capillary zone electrophoresis [8,9]. However, the non-enzymatic glucose sensor 

had a chance which was stored in room temperature for long in application of 
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biosensors [10]. Detecting the low glucose concentration was also an important 

application for the cell culture in the biosensor because some researchers cultured cell 

in the solution at lower glucose concentration [11,12]. In this study, we synthesized 

the CuS films and wanted to utilize the CuS films for sensing glucose. We confirmed 

the XRD patterns of the CuS films and observed the CuS films by using FE-SEM. We 

used CV measurement for performing the electrochemical characteristic of the CuS 

films. After the CuS film was measured by CV measurement, we observed the CuS 

film with the different redox potential for different concentrations of glucose.  

 

2. Methods 

About the CuS films synthetization, we fabricated the CuS films by electroplating 

method. The CuS film was formed on ITO glass substrates (cut to a 1 × 2 cm
2
 size) 

by electrodeposition in a solution containing 0.1 M CuSO4．5H2O (≧ 98.0 %, 

Sigma-Aldrich), pure sulfur powder, and 50 ml dimethyl sulfoxide (DMSO) (≧ 99.9 

%, Sigma-Aldrich) [13]. We used the electrodeposition method at 1.5 V DC at 120 °C 

for 10 min in a solution firstly. The next step was that the CuS films were annealed in 

high-temperature furnace at 200 ℃ for 10 h by annealing in vacuum-sealed glass 

ampoules individually. We confirmed the XRD patterns of the CuS films which were 

synthesized at 120 °C and 200 °C by using XRD (SHIMADZU XRD-6000). We 

observed the surface on CuS films by using FE-SEM (JEOL JEM-2010). We also 

used a CV equipment with an Ag/AgCl reference electrode for a potentiostat. The 

equipment type was Jiehan 5000 for the analysis of the CuS films. The CuS films 

were measured by using CV measurements in 0.1 M NaOH. We added the different 

concentrations of glucose (≥ 99.5 %, Sigma-Aldrich) in a NaOH solution. We 

observed the results by using CV equipment.  

 

3. Result 

We used the electrodeposition for synthesizing the CuS films at 120 ℃ for 10 min. 

Fig. 1(a) showed the XRD patterns of a CuS film prepared by the electrodeposition 

method. The synthesized the CuS film was electrodeposited on the ITO glass 

substrate. We obtained the CuS film of the diffraction peaks in accordance with the 

reported standard JCPDS card (79-2321). The CuS films were also annealed in 

high-temperature furnace at 200 ℃ for 10 h by annealing in vacuum-sealed glass 

ampoules individually. Fig. 1(a) also showed the XRD patterns of a CuS film 

prepared by annealing CuS films at 200 ℃ for 10 h. We confirmed the CuS films 

with the same degrees at different synthesizing temperatures by using XRD patterns 

(JCPDS79-2321).  
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About the characteristic of the CuS films are shown in Fig. 1 below. 

 

Fig. 1 The analysis of the CuS films: (a) XRD patterns of the CuS films, (b) and (c) 

show the FE-SEM images of the CuS films. (d) The EDS of the CuS film. 

 

We observed the surface on CuS films by using FE-SEM. Fig. 1(b) was showed the 

morphology on the CuS film by using electrodeposition method. The size of the CuS 

micro-sheets was approximately 2–5 µm by using electroplating method at 120 ℃ for 

10 min. Fig. 1(c) was showed the morphology on the CuS film by annealing CuS 

films at 200 ℃ for 10 h. After the CuS film was annealed at 200 ℃ for 10 h in a 

vacuum-sealed glass ampoule, we observed the surface on CuS film with the particle 

sizes of approximately 1–2 µm. We also provided a simple method for changing the 

particle size on the CuS films. About EDS analysis patterns of CuS film, it was 

similar with the other EDS analysis pattern [7]. Figure 1(d) was showed the EDS 

patterns of the CuS sample by annealing CuS films at 200 ℃ for 10 h. From the 

pattern in Fig. 1(d), CuS film of the percentages by weight were 32.26 (wt) % and 

67.74 (wt) % with a molar ratio of nearly 1.0 (S/Cu).  

 

We also measured the CuS film with the different particle sizes by using CV 

measurement. Fig. 2 showed the CV curves of CuS films. Setting the scan-rate of the 
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CV measurement was of 20 mVs
-1

. The detection area of the CuS film was 0.5 × 0.2 

cm
2
 for detecting different glucose concentrations. The CV characteristics of CuS 

films were scanned between -1.0 V and 1.1 V for 1 cycle. About the CV curves of the 

CuS film are shown in Fig. 2 below. 

 

 

Fig. 2 The CV curves of CuS/ITO in 0.1 M NaOH with different concentrations of 

glucose: (a) 0 µM, 100 µM, 200 µM, and 300 µM. Inset: the CV curve of the CuS 

film by using electrodeposition method at 120 ℃ for 10min with the glucose 100 µM. 

(b) A linear relationship for the current responses to different glucose concentrations 

from 0 µM to 300 µM. 

 

As seen in Fig. 2(a), the CV curves were for the CuS film by annealing at 200 ℃ for 

10 h and had obvious redox potential at 0.6–0.8 V DC. The inset of Fig. 2(a) was 

showed the CV curve of the CuS film by using electrodeposition method at 120 ℃ 

for 10min. This CuS film produced a creak easily and was broken on the ITO film in 

0.1 M NaOH with the glucose 100 µM. We considered that this film was not suitable 

for sensing glucose in a NaOH solution. After annealing the CuS film at 200 ℃ for 

10 h, the CuS film was also measured by CV measurements in 0.1M NaOH at 

different glucose concentrations (0 µM, 100 µM, 200 µM, and 300 µM) in Fig. 2(a). 

The similar redox curves of CuS films were showed in other three papers [5–7]. 

There was different current response to redox potential at 0.8 V DC. The researchers 

reported the reaction mechanism by using the two redox equations (1) and (2) [5–7]. 

The explanation of Cu
II
 and Cu

III
 existed redox reaction on the CuS film. The two 

equations were as follows: 

 

        CuS + OH
–
 → CuSOH

 
+ e

- 
                              (1) 

CuSOH
 
+ glucose → CuS

 
+ gluconolactone                  (2) 
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We observed the Fig. 2(b) and drew a dotted line on the response current values at 0.8 

V with the different glucose concentrations. The linear relationship was described in 

the following equation with a correlation coefficient (≈ 0.99 (0.9862)). The equation 

was as follows:  

 

I [mA] = 0.0028[glucose] µM
 
+ 2.4204                   (3) 

 

We estimated the sensitivity value for the equation (3) which is estimated 2.8 µA 

µM
-1

.  

 

4. Conclusions  

In this article, the CuS film was showed the different obvious redox currents for 

different concentrations of glucose. We revealed the CuS films by using CV 

measurement for determining the glucose concentration over the range of 0–300 µM. 

The performance of developing the non-enzymatic CuS film towards sensing a larger 

range of the glucose concentration in the future.  
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1. Background/ Objectives and Goals 

  Previous reports have indicated the existence of abnormal balance between the 

sympathetic and parasympathetic nervous systems in patients with diabetes mellitus 

(DM) [1].  Dysfunction of microcirculation usually occurs earlier in DM patients 

than healthy subjects. Thus, the purpose of this study was to measure the heart 

rhythm variability (HRV) and to see if there is any difference in HRV between the 

healthy participants and DM patients.   

 

2. Methods 

  This study included 25 healthy participants (Control group) and 40 patients with 

DM (Diabetes group). The clinical trial study was approved by the Institutional 

Review Board of the E-DA Hospital, Kaohsiung, Taiwan (No. EMRT04105N). We 

put a non-invasive physiological monitor (ANSWatch® , Taiwanscientific, Taiwan) at 

the left wrist to carry out the 6-minute recording in healthy participants and DM 

patients in supine position. In the first minute, blood pressure measurement was 

performed, and in the last 5 minutes, R-R intervals were recorded and analyzed. In 

the study, the heart rhythm variability (HRV) was defined as the standard deviation of 

the 5-minute R-R intervals.  In the spectrum of the 5-minute R-R interval series, the 

areas under the low frequency (LF) band (0.04-0.15 Hz) and high frequency (HF) 

band (0.15-0.4 Hz) associated with autonomic nervous activities were computed, 

respectively. The ratio of (LF/HF) was defined as a balance index between the 

sympathetic and the parasympathetic nervous systems. 

 

3. Results 

  The basic data showed that there was no significant difference in the age, height, 
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weight, body mass index between two groups. Table 1 illustrates the HRV and 

autonomic nerve activities in the Control and the Diabetes groups. We found that the 

HRV was significantly larger in the Control group than the Diabetes group (57.1 ± 

25.5 vs 40.6 ± 28.2 ms, p=0.026). The area (236 ± 236 AU) under the spectrum curve 

corresponding to the LF in the Diabetes group was very significantly less than that 

(1099 ± 964 AU) in the Control group (P<0.001). In addition, the Diabetes group had 

significantly smaller balance index (LF/HF) (1.13 ± 0.88) of autonomic balance, as 

compared with the Control group (1.90 ± 1.28).   

 

TABLE 1. HRV and autonomic nerve activities in both groups. 

Parameter Control group 

(N=25) 

Diabetes group (N=40) p value 

HRV (ms) 57.1 ± 25.5 40.6 ± 28.2 0.026* 

LF% 59.5 ± 15.5 47.9 ± 14.6 0.004* 

HF% 40.5 ± 15.5 52.1 ± 14.6 0.004* 

LF(AU) 1099 ± 964 236 ± 236 <0.001** 

HF(AU) 248 ± 259 260 ± 260 0.003* 

LF/HF 1.90 ± 1.28 1.13 ± 0.88 0.005* 

*:p<0.05; **: p<0.001 

 

4. Discussion and Conclusion 

  In this study, we found that the patients with DM had relatively lower HRV and 

significantly smaller LF(AU). In addition, the Diabetes group showed abnormal 

sympathetic / parasympathetic balance (LF/HF) as compared with the normal 

participants, which is consistent with previous finding [2]. Here, only five-minute 

R-R intervals extracted from the wrist pulse are used to explore the difference in the 

autonomic activities between the Diabetes and Control groups. This suggests that a 

short-term registration of ECG, blood pressure, pulse, or PPG signals may be long 

enough to investigate the cardiac variability and autonomic activity of subjects in a 

clinical setting. (supported by MOST 108-2221-E-214-007-MY3, Ministry of Science 

and Technology, Taiwan). 
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1. Background and Objectives 

Vertebral fracture is the most common complication of osteoporosis. The 

vertebral fracture can result in height loss, spinal deformity, acute pain, and 

inhibited mobility. Recently, patients with vertebral fractures are discovered a 

trend of significant increase rate. The treatment of percutaneous approach by 

Vertebroplasty and Kyphoplast were used for the vertebral fracture reconstruction. 

The Kyphoplasty expands the fractured vertebra through balloon inflation and 

cement injection to provide stability at the fracture site. Moreover, the effects of 

injected cement volumes are unclear in the fracture vertebra of the Kyphoplasty. 

More importantly the size of cement cloud is also not understanding for evaluation 

in the upper and lower adjacent vertebrae. Therefore, the purpose of this study is to 

investigate influence of cement cloud in volume parameter after Kphoplasty 

treatment by finite element analysis.  

 

2. Methods 

The finite element model of spine, which was from T11 to L2, was consisted of 

vertebral bodies, ligaments, intervertebral discs, and endplate. The facet joint was 

also considered in this model. The vertebral L1 was assumed as a condition of 

burst fracture, and expanded the height of collapsed vertebra in 75% by 

Kyphoplasty. The injected cement clouds of ellipsoidal shape were selected in 2ml, 

3ml, and 4 ml volumes to compare biomechanical effect in the collapsed vertebra. 

The material properties of the FE models were followed previous literatures. The 

flexion of lumbar spine was applied with 25 degrees for testing as loading 

condition. The lower surface of L2 vertebra was fixed as boundary constrain.  
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3. Results and Conclusion 

The FE results of this study showed that maximum equivalent stresses of three 

cement clouds were discovered a significantly increase trend when cement volume 

was increase gradually. The peak equivalent stress of maximum and minimum 

cement were 48.21 MPa and 25.14 MPa respectively. In the cancellous bone region 

of the cement clouds were detected that the peak stresses of the cancellous bone 

were inversely proportional to the increase cement cloud. The larger cement cloud 

could provide greater surface to reduce stress magnitude at the cancellous. 

Moreover, the peak stress concentrations of the cancellous cement cavity were 

located at the anterior-inferior region of the vertebrae. Furthermore, the stresses 

were significantly distributed around the pedicle region and cement cavity, this 

tendency of increased stress gradation could be confirmed with increased cement 

volume. For evaluation of cortical bone stress of fractured vertebra, the peak 

equivalent stress in the cortical shell was also similar tendency following with the 

cancellous bone. The peak equivalent stress of cortical bone was mainly 

concentrated at the posterior-inferior region under pedicle structure. The result of 

the FEA with increased cement volume showed that larger cement cloud could 

reduce stress in the cortical and cancellous bone. For usage of larger quantity of 

cement injection for fractured vertebra was reflected a risk of leakage, hence, 

cement injection should be considered carefully to avoid dangerous of cement 

leakage. The conclusion is that larger cement cloud injected into fractured vertebra 

can reduce stress in the cortical and cancellous. The concentration region of the 

largest stress in the cortical and cancellous are evidenced in the different area, the 

region of the peak stress can provide a prediction of vertebral re-fracture after 

Kyphoplasty. 

 

Keywords: Vertebral fracture, Kyphoplasty, Cement, Finite element analysis 
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1. Background and Objectives  

Bone insufficiency is often the result of osteoporosis or other metabolic bone 

disease, hence, normal stress can also cause insufficient fractures. Patients with sacral 

insufficient fractures are most commonly present in low back pain. The treatment for 

sacral insufficient fracture patient is mostly applied with vertebroplasty, calls 

sacroplasty in sacrum, in the fractured region. Both retrospective and prospective 

studies propose that sacroplasty is a safe and effective procedure for providing pain 

relief in patients with sacral insufficient fracture. The regions of sacral insufficient 

fracture can be also found in each part of the sacrum, although most commonly areas 

have been determined in the sacral alar and portions of the sacrum lateral to the 

neural foramina, central foramina region, and sacral bodies. The sacral insufficient 

fracture may be unilateral and bilateral side in the sacrum, it reveals the complex 

consideration in fracture reconstruction. The biomechanical investigation of the 

sacroplasty with different cement injection is deficient to provide treated guideline. 

Hence, the purpose of this study is to investigate biomechanical effect of different 

cement levels in patients with sacral insufficient fracture, which is initially focused in 

this study on the bilateral upper region from lateral foramina to main sacral body.  

 

2. Methods 

The 3D finite element model, was includes lumbar vertebra, disc, sacrum, and hip, 

was reconstructed for investigating the effect of injected cement levels in the sacral 

insufficient fracture. The upper bone insufficient of bilateral region from lateral 

foramina to central sacrum was prepared as case of bone insufficiency. The injected 

cement levels for sacral insufficiency were selected two types of half- and full-fill in 

this finite element analysis. The material properties of the finite element model were 

accorded to previous literatures. The tetrahedral element was selected for meshing 
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processing. Both element and node were performed convergence test in numbers of 

335047 and 573609 respectively. The boundary constrain was fixed at the bilateral 

acetabulum. The weight bearing of 700N was applied on the upper surface of the 

lumbar vertebra to simulate stand phase. The numerical simulation of the finite 

element analysis was performed to investigate biomechanical effect of the sacroplasty 

with different cement reconstructions. The index of von Mises stress was selected to 

evaluate biomechanical effect in the sacral insufficiency. 

 

3. Results and Conclusion 

The result of the finite element analysis indicated that the model 1 of the sacral 

insufficient fracture without cement treatment showed main stress concentration at 

the sacral region around cavity. The stress distribution of cortical bone was detected 

from sacral body to alar joint, and maximum equivalent stress was 129.05 MPa. For 

the model 2 of the sacral insufficient fracture with cement injection of half-fill 

showed the same tendency of stress concentration and the largest equivalent stress 

was decreased approximately 108.76 MPa. For the model 3 of the sacral insufficient 

fracture with full cement injection displayed that the stress distribution was separated 

in uniform trend, the peak equivalent stress reduced in the 88.21 MPa. The effect of 

the sacral insufficiency without and with cement was significantly evidenced that the 

concentration of the peak stress could display the stress distribution by finite element 

analysis. The cement treatment was confirmed a profitable effect of decrease stress 

concentration, moreover, reduced stress of cement injection in larger volume is better 

than that in lesser one. The conclusion of this study is that the region of the sacral 

insufficiency could induce high stress concentration and cause bone fracture. 

Moreover, the effect of sacroplasty with cement treatment is confirmed a contribution 

of stress reduction around the bone insufficient structure, and further to obtain an 

important outcome is that the larger volume of cement injection can provide an 

appropriate biomechanical efficiency to reduce stress magnitude and to separate 

stress concentration located at the bone insufficient region.    

 

Keywords: Sacral insufficient fracture, Sacroplasty, Osteoporosis, Finite element 

analysis 
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1. Background/ Objectives and Goals 

In recent years, shock wave instruments have been widely used in Extracorporeal 

Shock Wave Lithotripsy (ESWL) and Extracorporeal Shock Wave Therapy (ESWT). 

However, the shock wave instruments on the market are bulky and expensive. This 

study aims to design a low-cost, small-sized shock wave instruments for medical 

research. 

 

2. Methods 

The shock wave instrument designed in this study mainly consists of a power supply, 

the main control board (motherboard), a voltage multiplier, a vacuum relay (VR), a 

resistive voltage divider, a spark gap (SG), a trigger module and a shock wave 

generator coil. The most important part of the shock wave instrument is the 

motherboard. The main function of the motherboard is control of the interface 

switches of the instrument and the generation of PWM signals which drive a phase 

shift full bridge circuit to generate a ±50V signal. 

The hardware part of the motherboard mainly have a 50V to 12V DC to DC 

circuit board, an interface circuit for controlling the VR, a voltage isolation module to 

interface the resistive divider with an ESP32 microprocessor module, two half bridge 

circuit modules and a daughter board. The software part mainly sends four PWM 

signals from the ESP32 board to the two half-bridge circuits to produce a ±50V 

output to the Voltage Multiplier. The daughter board has an LCD screen, three 

switches and a variable resistor. The three switches control the VR, the PWM signals 

and the FIRE signal through the ESP32 board. The variable resistor controls the 

phase shift of the PWM signals. The value of the variable resistor and the ON/OFF 

states of the switches are displayed on the LCD screen. Finally, the control of the 

switches is to first activate the VR, then start the PWM signals and finally activate the 

FIRE switch which then activates the Trigger to control the SG and produce a shock 

wave. 
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3. Expected Results/ Conclusion/ Contribution 

The main structure of the shock wave instrument designed in this study is the 

motherboard. According to the test results, the motherboard functions properly. It can 

transmit four PWM signals, can normally control the VR, PWM and FIRE switches 

and can adjust the phase shift of the PWM signals according to the variable resistor. 

Finally, can smoothly obtain the output voltage ±50V and the shock wave signal. 

The shock wave instrument can adjust the voltage and power according to the 

required shock wave to obtain the required shock wave intensity. The software can 

modify the shock wave frequency according to the required shock wave production. 

In the future, it will be able to replace the daughter board using the Wi-Fi 

functionality of the ESP32 to turn the switch, variable resistor and the LCD screen 

through a graphical user interface, displayed on a computer screen or using a mobile 

phone, reducing the size of the instrument and reducing wiring which are susceptible 

to EMI. 

 

Keywords: high voltage, shock wave, medical instrument design 
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1. Background/ Objectives and Goals 

Motor neuron diseases (MND) are neurodegenerative diseases which may cause the 

patents to lose function and control of muscle which also results to atrophy with time. 

The present identification and severity of MND is generally a subjective evaluation 

by doctors. Monitoring and quantification of the stage of the hand tremor in a patient, 

relates to the seriousness of the patient’s disease. 

 

2. Methods 

This study utilizes an ESP32 microprocessor module and an Adafruit BNO055 

absolute orientation sensor module. Power input from a computer or a notebook can 

be provided to the ESP32 through an USB cable or a rechargeable battery. The 

program code makes the BNO055 to start collecting motion data. The sensors in the 

BNO055 acquire data, based on 3 axis accelerometer, gyroscope and magnetometer, 

which can accurately find the acceleration in space when the device is fixed on a 

patient’s hand. A diagram of the device concept is shown in Fig.1. 

 

Fig.1. Flow diagram of device. 

 

In software, we calibrated the BNO055 through the ESP32 programed in the 

Arduino IDE so that the accelerometer can acquire accurate data. 

Electrically-erasable programmable read-only memory (EEPROM) store the 

calibration data and use them at every power up. 
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Patients of motor neuron diseases usually have some symptom that may include: 

muscle ache, twitching, tremor, muscle atrophy, etc. According to the change of the 

acceleration, we can find differences between normal persons and patients. At a next 

state, we could classify the level of seriousness based on the acquired data. The 

ESP32 has Wi-Fi function as well as Bluetooth, which also can be easily programmed 

with the Arduino IDE. The ESP32 connected with the BNO055 can also act as a web 

server and send wirelessly the acquired data to a computer for analysis. 

 

3. Expected Results/ Conclusion/ Contribution 

The main function of this device is to provide patients’ motion data so that the level 

of severity of the tremor can be classified through analysis of the data. Also, the 

progress of the patients’ disease could be monitored and analyzed. 

 

Keywords: MND, Neurodegenerative disease, Tremor, 9-axis accelerometer, ESP32 
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1. Background/ Objectives and Goals 

In previous work, we have been presented a robot-assisted acupuncture system that 

uses a robotic arm to hold a laser pen for acupuncture. In order to increase the 

controllable range and achieve remote control, the wired connection mode of the 

current system must be changed to the wireless connection mode. The purpose of this 

research is to develop a laser acupuncture pen which can be remotely control and 

size-suitable for installing on robotic arms. 

 

2. Methods 

The component of the laser acupuncture pen includes: a laser module, a lens module, 

a control module, and a remote control user interface. 

 

Laser Module 

The device employs an infrared laser with a wavelength of 808nm, and the power is 

100 mW. 

 

Variable Focus Liquid Lens Module 

To implement the feature of lifting-thrusting on laser acupuncture pen, a variable 

focus liquid lens is used to change the focal position of the laser light. As we change 

the focal position during treatment, the focal point will stimulate acupuncture point 

like traditional acupuncture. 

 

Control Module 

Arduino Uno has the advantages of small size and low cost, we choose it as the 

controller of laser acupuncture. Arduino Uno has the function of Bluetooth 

connection that can connect it wireless 
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Fig.1 Structure diagram of laser acupuncture pen 

 

Fig.1 showed that how the laser acupuncture pen works. User can control the laser 

acupuncture pen by a smart phone, adjust the acupuncture intensity and method on 

the remote control user interface. 

 

Remote Control User Interface 

An App is developed on the smart phone that users can operate the robotic arm, 

camera and the laser acupuncture pen of robot-assisted acupuncture system, remotely. 

 

3. Expected Results/ Conclusion/ Contribution 

The laser wavelength of 808nm can reach a depth of 4 to 10 cm under the skin. This 

depth is sufficient as the distance for laser acupuncture stimulation. 

The liquid lens has a smaller volume, which can effectively reduce the space required 

inside the acupuncture pen. 

Arduino Uno is used as the controller to drive the laser module and lens module, and 

because of its small size, Arduino Uno can be easily fixed on the robot arm. More 

important, Arduino Uno costs less and effectively controls the cost of equipment. 

In the previous description, robot-assisted acupuncture system is mentioned, the 

camera is used to locate the acupuncture point and the robot arm is used to move the 

laser acupuncture pen to the acupuncture point. The laser acupuncture pen can be 

easily installed on the holder of robotic arm as shown in Fig.2. 

 

Fig.2 Diagram of practical application of laser acupuncture pen 
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We have developed a laser acupuncture pen that are cheaper, size-suitable for the 

robotic arm and can be operated remotely.  

Robot-assisted acupuncture is meant to assist the acupuncturist in their treatment that 

the physical act of acupuncture will be taken out of the hands of the acupuncturist. 

Thus, the acupuncturist can focus his or her full mental focus on developing specific 

prevention, diagnostic, and diagnostic tools and therapy regimens. The devices 

proposed in this research will contribute to the field of robotic acupuncture. 

 

Keywords: Laser Acupuncture, robot-assisted, remote control, Arduino 
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1. Background/ Objectives and Goals 

The topography of biomaterial surface has important role on cell behavior and 

biological functions. In recent years, microgroove-like pattern has been attracted high 

attention due to its specific phenomenon of “contact guidance“. However, preparing 

microgroove-like biocompatible hydrogels for specific configuration remains a 

challenge. We developed a novel method for the fabrication of the patterned GelMA 

hydrogel structure using the temporary support by 3D bioprinting. The 

microgroove-like pattern was controlled by changing the formulation parameters of 

the temporary support prepared with Pluronic F127 hydrogels by 3D bioprinting. The 

analysis of microgroove-like GelMA hydrogels were including physical and chemical 

properties for the investigation of parameter optimization. 

  

2. Methods 

In this study, we used SketchUp model for 3D printing. Pluronic F127 is a sacrificial 

bio-ink that could be used for temporary support by bioprinting. Patterned-hydrogels 

have been built using Pluronic F127 bioprinted-hydrogel as the sacrificial materials 

under GelMA/LAP bio-ink. The entire structure was irradiated with 405 nm light 

source for 30 s to crosslink the GelMA bulk matrix with patterned features. The entire 

structure was then cooled to 4 °C to liquefy the printed Pluronic F127 hydrogel. 

Finally, these resultant GelMA hydrogel was repeatedly washed with distilled water 
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to remove any traces of reacting agents and then dried in oven for overnight. After 

rehydrated in PBS for 24hr, GelMA hydrogels were characterized by water contact, 

degradation behavior and mechanical property to evaluate the optimal hydrogel 

parameters.  

 

3. Expected Results/ Conclusion/ Contribution 

In this study, we test the concentration of 20%-40% Pluronic F127 and the printing 

achieved through 22, 25 and 27 gauge print nozzles at 40 mm/s print speeds. The 

results showed that for this temporary support hydrogel, the optimum print is 

obtained with 40% Pluronic F127 and 27G nozzle. The GelMA hydrogel over the 

printed Pluronic F127 hydrogel was prepared by 10% GelMA solution and 0.5% 

I2959. After liquefy the Pluronic F127 hydrogel, the GelMA surface showed the 

unique microgroove-like feature. 

 

Keywords: 3D bioprinting, GelMA, Pluronic F127, Microgroove-like structure 
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Abstract 

The objective of this article is to evaluate the inside temperature of greenhouse and 

efficiency of fogging system under the influence of solar power. A 50% off sun 

shading roof was selected to test in this study. Testing is divided to 2 cases. Case I 

Measuring all of parameters without operate the fogging system and ventilation 

between 9.00 a.m. to 5.00 p.m. (Thailand’s time zone). Case II Measuring all of 

parameters with a fogging system that was controlled the relative humidity below 

80% all day. The results show that the highest temperature in greenhouse is 50.13
o
C 

(no fogging and ventilation). the developed empirical model has an error 6.33% 

between numerical results and measured air temperature. In case of neglected solar 

power, the model showed that the fogging system can reduce the temperature in 

greenhouse in range of 7.05°C (18.44%) and the efficiency of fogging system is quite 

high (value is 57.36%). The important factor that influents on the air temperature in 

greenhouse is solar power. If we need to control the atmosphere in greenhouse by 

fogging system than the reduction of solar power is the most important controlling 

factor.  

 

Keywords: Greenhouse, Fogging System, Empirical Modelling 

 

1. Background  

At present, the use of greenhouses is becoming increasingly popular because of it is 

the best safe production of vegetables and fruits. able to control contamination of 

pathogens and the effective destruction of pests. The weather conditions in the 

greenhouse are directly influenced by solar radiation and directly affect the 

temperature and relative humidity of the air. (Chalermchart et al, 2018) During the 

day, the heat from solar power will cause the greenhouse effect in the greenhouse, 
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because the greenhouse has been exposed to heat from the sun for a long time. These 

conditions affect the growth of many plants, resulting in low productivity or not being 

cultivated. (Abdel-Ghany A.& M.Kozai T.,2001) Many researchers have tried to 

study and reduce the effects of these conditions. Therefore, the common method is 

shading the sun light by covered the greenhouse roof with shading net and fogging 

the water in greenhouse to reduce the inside air temperature. This method can result a 

lower air temperature with high relative humidity that suitable for plant growth 

(Chalermchart et al,2018). Fogging is spraying the high pressure through the nozzle 

to produces a mist diameter of 2-60 micrometers that increased the air-water contact 

surface (A., Shklyar, & Barak, 2000). The fog is sprayed over the planting area to 

allow the fog to fall freely and come to contact with the air in the greenhouse 

(Montero, Biel, & Franquet, 1990). After fogging, the ventilation of greenhouse is 

necessary to allow new air to replace the moist air. For maximum efficiency of the 

fogging system, it must take no must more 1 minute for ventilate 1 air change (John 

Worley, 2009). The purpose of this article is to present the technique of numerical 

analysis equations of fogging greenhouse temperature with shading net covered on its 

roof. This technique provides the study of solar power on the increasing of air 

temperature in the greenhouse and the fogging greenhouse efficiency evaluation. 

 

2. Methods 

2.1 The testing of greenhouse 

 

Fig. 1: Position of all equipment and sensors in greenhouse 

 

The greenhouse has dimension 4 meters wide, 8 meters long and 3 meters high made 

from galvanized steel pipes as a structure and covered with Polyethylene. Two 

14-inch electric ventilators were installed on the greenhouse font wall. Inside the 
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greenhouse, 18 fogging nozzles (foggers) operated with a 12 bars water pump were 

installed over the head and two 10-inch electric circulating fans was equipped on the 

wall. Three DHT22 sensors brand ASAIR model AM2302 (±2% of RH and ±0.5๐C of 

air temperature) were installed in the house to measure the dry-bulb temperature and 

relative humidity of the air inside the greenhouse and collected data by Arduino board 

model MEGA 2560. All equipment installation is showed in fig. 1. 

 

2.2 Air Properties 

Humidity Ratio is the ratio of mass of vapor in air and mass of dry air. It can 

calculate from equation 1 (ASHRAE, 2009) 

  w

a

m
x

m
    (1) 

Where x is Humidity Ratio, mw is mass of vapor in air (kg) and ma is mass of dry air 

(kg). In addition to the humidity ratio can calculate from the relationship between the 

partial pressure of water vapor in moist air and atmospheric pressure of moist air as in 

the equation 2 and 3 (ASHRAE, 2009) 
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Where Pw is partial pressure of water vapor in moist air, P is atmospheric pressure of 

moist air (Pa) and Z is altitude (m). 

Relative humidity is the relationship between the saturation pressure and partial 

pressure of water vapor can be calculated as equation 4. (ASHRAE, 2009) 

  w
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P

P
     (4) 

Where   is a relative humidity and Pws is a saturation pressure (Pa). The saturation 

pressure over liquid water for the temperature range of 0 to 200°C is given by 

equation 5 (ASHRAE, 2009) 

2 31
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T
       (5) 

Where Tdb is air’s dry-bulb temperature in kelvin unit, C is a constant which has the 

following values C1=-5.8002206×10
3
, C2=1.3914993, C3=-4.8640239×10

-2
, 

C4=4.1764768×10
-5

, C5=-1.4452093×10
-8

, C6=6.5459673 
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2.3 Mass and Energy Balance in greenhouse 

 

Fig. 2: Changing of air properties after exposure solar energy 

 

The operation of fogging system begins when dry-bulb temperature (Tdb,1) and 

enthalpy (ha,1) of air inside the greenhouse is heated by the solar power and receives 

the mass of water that has been spray from fogger for a period of t second. After that, 

the Tdb and ha of air will change to Tdb,2 and ha,2. The entropy of the air in the final 

state can be analyzed from equation 6 

 
 

,2 ,1a a a

solar w w

m h h
Q mh

t
   (6) 

Where solarQ
 is heat rate from solar power into greenhouse (Watt). In this research 

the solar power was measured by Solar Power Meter brand TENMARS model 

TM-206 (± 0.38 W/m
2
), t is a spraying time of the fogging system. When the air 

temperature is influenced from only fogging process, term solarQ
 is neglected from 

the empirical equation. The entropy of the air in the final state for this case can be 

analyzed from the equation 7  
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w w
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t    (7) 

If we know value of ha,2 from equations 6 and 7 than the Tdb,2 can calculate from 

equation 8 (ASHRAE, 2009). 
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2.4 Efficiency of Fogging System  

Abdel-Ghany A. M. and Kozai T. (2006) proposed a method for determining the 

efficiency of fogging system greenhouse via a relationship of air temperature before 

and after fogging process by equation 9. 
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Where ic  is efficiency of fogging system greenhouse and Twb,2 is wet-bulb 

temperature of the air in the after fogging. 

 

2.5 Experiment 

Greenhouse in this experiment is covered with a 50% sun shading net on the roof. 

Dry-bulb temperature and relative humidity of the air inside the greenhouse and 

surrounding were collected. Solar power was collected both inside the greenhouse 

and surrounding every 30 minutes. Testing is divided to 2 cases. Case I Measuring all 

of parameters without operate the fogging system and ventilation between 9.00 a.m. 

to 5.00 p.m. (Thailand’s time zone). Case II Measuring all of parameters with a 

fogging system that was controlled the relative humidity below 80% all day. The data 

were analyzed with empirical equations to determine the dry-bulb temperature of 

greenhouse and efficiency of fogging system in case of influenced by solar power and 

without solar power. The experiments were conducted at Suranaree University of 

Technology, Nakhon Ratchasima, Thailand, with locations, latitude 14°53'32.5"N, 

longitude 102°00'18.1" between November 17-21, 2019. 

 

3. Results 

3.1 Temperature of greenhouse without fogging system and ventilation  

From Fig. 3 the trend of dry-bulb temperature of air inside the greenhouse (TDB) is 

increasing and the highest value is 50.13°C during the relative humidity is decreased. 

The increase in air temperature by accumulative solar energy in greenhouse cause the 

air to inflate and have ability to receive more moisture. This effect causes the relative 

humidity (RH) in greenhouse decreased and the solar power during the day shown in 

fig.4. 

 

Fig. 3: Dry-bulb temperature (TDB) and relative humidity (RH) of greenhouse 

without fogging system and ventilation 

0

10

20

30

40

50

0

10

20

30

40

50

60

9:00 AM 10:00 AM 11:00 AM 12:00 PM 1:00 PM 2:00 PM 3:00 PM 4:00 PM 5:00 PM

R
re

la
ti

v
e 

H
u

m
id

it
y
  

(%
) 

T
em

p
er

at
u

re
 (
๐

C
) 

Time 
TDB RH



371 
 

From figure 4 the trend of heat from the transmittance of solar power into the 

greenhouse is increased until 1.30 p.m. After that, it begins decrease. The 

temperature of the air in the greenhouse will be vary directly to the solar power inside 

the house. At 1.00 p.m.  

 

Fig. 4: Solar power (heat flux, W/m
2
) under the greenhouse roof without fogging 

system and ventilation 

 

3.2 Temperature of ventilating fogging greenhouse 

From Fig. 5 TDB of the air in the greenhouse that controlled relative humidity at 80% 

is lower than TDB from topic 3.1 because of the heat of air loses to the fog. However, 

the heat from the solar power transmit through the greenhouse roof is quite high (Fig. 

6) and causing the height of TDB and lowness of RH in the greenhouse. It can be said 

that the resulting fogging does not overcome the heat from the solar power. 

 

Fig. 5: Dry-bulb temperature (TDB) and relative humidity (RH) in ventilating 

fogging greenhouse 
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Fig. 6: Solar power (heat flux, W/m
2
) under the greenhouse roof with fogging system 

and ventilation 

 

Fig. 7: Dry-bulb temperature (TDB) from empirical equation 

Figure 7 show the TDB of the air in the greenhouse that controlled relative humidity 

at 80% compare with the dry-bulb temperature of the air by calculation included the 

solar power (TDC with Q) and neglected the solar power (TDC without Q) in 

empirical equations. Found that the TDC with Q was closed to the measured 

temperature (TDM). with an average discrepancy of 6.33%. The highest TDC 

(47.27°C) with Q occurred at the same time of TDM. The shape of TDC without Q - 

time curve and TDM are similar and they are related to intensity of the solar power 

entering the greenhouse. The average solar power in the greenhouse is 326.84 W/m
2 

throughout the day. The solar power is the main influence according to Equation 6 

that causes TDM to rise. The numerical analysis results of neglecting solar power 

found that the fogging technique in greenhouse can reduce the dry-bulb temperature 

in the house with the highly efficiency. The temperature can be reduced throughout 

the experimental range about 7.05°C or equal to 18.44%. The TDB is related to the 

amount of water added to the system. When the air receives more moisture, it will 

lose heat in form of latent heat and causing the air temperature decrease.  
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Fig. 8: Efficiency of Fogging System 

Figure 8 is a comparison of the efficiency of the fogging system between calculated 

with and without solar power in empirical equations. It was found that the efficiency 

of the greenhouse after fogging in case of solar power was calculated (Efficiency 

with Q) was quite low. At certain times, the efficiency of fogging is negative. It 

means the latent heat that the air loses to the fog is less than the heat that the air 

receives from the solar power. This behavior results the TDB of the air after fogging 

during that time higher than TDB before fogging. In case of neglected solar power 

(Efficiency without Q), the efficiency of fogging system is quite high at the average 

value 57.36% because of the air in greenhouse does not receive more heat from solar 

power. Considering the results, the important factor that influents on the TDB in the 

greenhouse is solar power. It causes the greenhouse effect by the heat from solar 

power. If we need to control the atmosphere in greenhouse by fogging system than 

the reduction of solar power is the most important factor. However, the important 

thing to cultivate with greenhouses is sunlight. The selected method to control solar 

energy must not reduce the intensity of sun light that plants need as well. The method 

that may be applied is to absorb some heat energy from the roof without losing light 

intensity, such as using water as a coolant to reduce the roof temperature. 
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Abstract 

this research aims to study the characteristic of paddy motion under the hot air pulse 

flow in the drying tube length 2 m. by using the kinematics motion analysis. The 

equations of paddy motion are analyzed to evaluate the pattern of paddy motion, total 

distance that the paddy can travel through the drying tube and Reynolds number of 

paddy. Results found that Model I, II, and III consume the paddy travel time of 

approximately 1.3, 5.0 and 2.2 s and give a total distance of 2.6, 2.7 and 2.5 m. and 

they have maximum travel velocity of 4.12 1.37 and 1.85 m/s respectively. When 

considering the Reynolds number, the models I, II and III give the most values from 

similar calculations with 1,837, 1,816 and 1,821 respectively. Based on various 

parameters from all of models, Model III was the closest characteristic of paddy 

motion to the actual movement in the system. 

 

Keywords: Pulse flow, Hot air drying, Kinematic motion, Paddy rice 

 

1. Background 

Currently, the technique of increasing the heat transfer rate in hot air dryer is very 

important especially in agricultural products drying. A usual method is divided into 3 

types [1] such as 1) Active technique is the use of external energy to stimulate fluid 

shaking or the vibrating of surface material. 2) Passive technique is the use of 

self-generated energy such as adding the roughening or a device to create an 

un-uniform fluid flow. 3) Compound technique is a combination of Active and 

Passive techniques. The most popular method for increasing heat transfer rate is a 

passive technique because it is convenient and cost effective. Many researchers 

invented the passive heat transfer equipment by inserting a special device inside the 

heat exchanger tube or drying tube such as inserting twisted tape to generate a whirl 

flow. [2, 3] inserting a wire coil [4] inserting a twisted cross-baffle [5] inserting 

quadruple perforated-delta-winglet pairs [6] etc. But these techniques that inserted 
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devices in tube are responsibly blocking the fluid flow. Bhuiya et al. [7] conducted 

experiments to compare the heat transfer in the heat exchanger tubes between the 

smooth wall pipes and inserting a twisted tape in pipes, which have 4 porosity ratios 

(RP = 1.6, 4.5, 8.9 and 14.7%).It found that the twisted tape can increase the heat 

transfer more than the smooth wall pipe but, it also increases the friction factor too. 

Bhuiya et al. [8] performed experiments by inserting double counter twisted tape in a 

heat exchanger tube to study the performance of heat exchangers in circular pipes. 

From the study, the torsion of 1.95 distortion gave the highest thermal performance of 

1.35. Skullong et al. [9] Study the flow and heat transfer behavior using experimental 

methods and numerical simulations by inserting delta-wing tape with 3 angles. (𝛼 = 

30°, 45° and 60°) From the study, it was found that the wing case with an angle of 

60° gives the highest heat transfer and flow resistance. While the wing angle is 30°, 

thermal performance is highest and the wing implantation in the heat exchanger 

provided higher heat transfer values as well as higher thermal performance than wire 

coil and twisted tape. Although the use of device inserted can increase the rate of heat 

transfer in the fluid, but it results in obstruction of the fluid flow and increases the 

load on the flow system too. This article objective was to present the new concept of 

heat transfer increasing technique in the hot air – paddy drying tube. This concept 

provided passive heat transfer technique by implemented a pulsing air flow through 

the vertical drying tube. Higher drying rate and reducing of mechanical losses of 

paddy are expected from this new concept method because paddy will free flow up 

and down without impacting with the inserted object throughout the drying process.  

 

2. Methods 

2.1 Pneumatic Paddy Dryer 

 

 

 

 

 

 

 

 

 

 

Fig. 1: Pneumatics paddy dryer 
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This research studied the motion equations of paddy in vertical drying tube with a 

length of 2 m in pneumatic paddy dryer (Fig. 1). The paddy (yellow symbol) is taken 

out of the bin by a screw conveyor for feed into the drying tube. A hot air is charged 

into the drying tube from the bottom and blow up a paddy to flow like a fluid. This 

process causes the heat and moisture transfer between paddy and hot air in the tube 

and provides the drying of paddy. Moist air is separated from the dried paddy by 

cyclone after that, the paddy will fall to the bin and recirculate the process again until 

the paddy is reached the needed moisture. 

 

Faij paddy [10] was used as a sample of moist paddy for the pneumatics dryer. Some 

physical properties including of mass, length, width and thickness at humidity 25% 

w.b. of paddy are taken to calculate for the Geometric mean diameter (D), Frontal 

area (Af) and Volume of paddy (V) [10] as shown in the following equation (1) - (3). 

𝐷 = (𝐿𝑊𝑇)
1
3⁄                          (1) 

𝐴𝑓 = (
𝜋

4
)𝑊𝐿                            (2) 

𝑉 = 𝐴𝑓𝐿                     (3) 

Where L is the length (mm). W is the width (mm). T is the thickness (mm). 

 

2.2 Kinematics analysis of the paddy motion 

Motion of paddy under pulse flow that hot air in the drying tube that was generated 

by open and close the air flow control valve by a pulse pattern. The motion of paddy 

begins at the feed point inside the drying tube (zero meter position in Fig. 2b) and the 

time is set to zero second at this point. If the kernel is floated by hot air blowing, this 

stage is called air supplying (AS) period. On the other hand, when the hot air blowing 

is paused and cause falling of kernel, this stage called air supplying outage (AO) 

period. The movement characteristics of paddy are shown in Fig. 2b. Free body 

diagram of force acted on paddy shown that the single kernel paddy can floats from 

the bottom to the top of the drying tube and the paddy must have an acceleration 

overcome the gravity as shown in Fig. 2a. From the Newton’s second laws, the sum 

of the Buoyance force (FB), Drag force (FD) and weight (mg) applied on the paddy is 

equal to mass of paddy (m) multiply by an acceleration of motion (a) [11]. An 

acceleration of paddy (a), FB and FD can calculate by equation (4) – (6).  
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𝑎 =
−𝑚𝑔+𝐹𝐵+𝐹𝐷

𝑚
                         (4) 

𝐹𝐵 = 𝜌𝑔𝑉                              (5) 

𝐹𝐷 =
1

2
𝐶𝐷[𝜌(𝑣𝑎𝑖𝑟)

2𝐴𝑓]                    (6) 

Where 𝜌 is the density of air (kg/m
3
), 𝑔 is the gravity (m/s

2
), 𝑉 is the volume of 

paddy (m
3
), 𝐶𝐷 is drag coefficient [10] of paddy. 𝑣𝑎𝑖𝑟 is the velocity of air (m/s). 

 

 

 

 

 

 

 

 

 

     (a)                                      (b) 

Fig. 2: a) Free body diagram of forces act on paddy while floating in the air stream 

                     b) Path of motion of paddy in the pulse flow drying tube 

 

The kinematics motion of paddy in drying tube is divided analyzed into 3 models as 

follows. 

Model I: Classical Physics motion requires that the object is moving under constant 

gravity (g) with the influent of FD and FB and neglected the relative velocity between 

paddy and air stream in drying tube. Acceleration of paddy in this period is equal to 

the gravity force (a=g). The velocity (v) and moving distance (s) of paddy in AS 

period are evaluated with the equation (7) and (8) and for AO period are evaluated 

with equation (9) and (10) 

𝑣𝑖+1 = 𝑣𝑖 + 𝑎𝑡                                             (7) 

          𝑠𝑖 = 𝑣𝑖𝑡 +
1

2
(𝑎𝑡2)                               (8) 

𝑣𝑖+2 = 𝑣𝑖+1 + 𝑎𝑡                               (9) 

𝑠𝑖+1 = 𝑠𝑖 + 𝑣𝑖+1𝑡 +
1

2
(𝑎𝑡2)                   (10) 

Model II: Kinematics motion under the influence of air velocity (vair) that was 

affected on FD force. It executes acceleration of the system unstable. Acceleration (a), 
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velocity (v) and moving distance (s) of paddy in AS period are evaluated with the 

equation (11), (12) and (13).  

𝑎 =
𝐹𝐵+

1

2
𝐶𝐷[𝜌(𝑣𝑖+1)

2𝐴𝑓]−𝑚𝑔

𝑚
               (11) 

𝑣𝑖+1 = 𝑣𝑖 + 𝑎𝑡                     (12) 

𝑠𝑖 = 𝑣𝑖𝑡 +
1

2
(𝑎𝑡2)                                    (13) 

For AO period a, v and s are evaluated with equation (14), (15) and (16). 

𝑎 =
𝐹𝐵+

1

2
𝐶𝐷[𝜌(𝑣𝑎𝑖𝑟−𝑣𝑖+1)

2𝐴𝑓]−𝑚𝑔

𝑚
              (14) 

𝑣𝑖+2 = 𝑣𝑖+1 + 𝑎𝑡              (15) 

𝑠𝑖+1 = 𝑠𝑖 + 𝑣𝑖+1𝑡 +
1

2
(𝑎𝑡2)             (16) 

Model III: Kinematics of relative motion between paddy and air velocity under 

influence of air velocity. In this situation the acceleration is unstable because the vair and 

velocity (v) of paddy in AS period equations must be replaced by the relative velocity 

between v and vair. This model can truly express the motion of paddy in drying tube and the 

acceleration (a), velocity (v) and moving distance (s) of paddy in AS period are evaluated 

with the equation (17), (18) and (19). 

𝑎 =
𝐹𝐵+

1

2
𝐶𝐷[𝜌(𝑣𝑖+1)

2𝐴𝑓]−𝑚𝑔

𝑚
              (17) 

𝑣𝑖+1 = 𝑣𝑖 + 𝑎(∆𝑡)                  (18) 

𝑠𝑖+1 = 𝑠𝑖 + 𝑣𝑖(∆𝑡) +
1

2
[𝑎(∆𝑡)2]        (19) 

For AO period a, v and s are evaluated with equation (20), (21) and (22). 

𝑎 =
𝐹𝐵+

1

2
𝐶𝐷[𝜌(𝑣𝑎𝑖𝑟−𝑣𝑖+1)

2𝐴𝑓]−𝑚𝑔

𝑚
                 (20) 

𝑣𝑖+1 = 𝑣𝑖 + 𝑎(∆𝑡)                      (21) 

𝑠𝑖+1 = 𝑠𝑖 + 𝑣𝑖(∆𝑡) +
1

2
[𝑎(∆𝑡)2]                                 (22) 

Where 𝑠𝑖+1 and 𝑠𝑖 are the current position and initial position of the moving paddy 

(m), 𝑣𝑖 is the initial velocity of the paddy (m/s), 𝑣𝑖+1 and 𝑣𝑖+2 is the changing 

velocity of the paddy (m/s), 𝑡 is the current time (s) and ∆𝑡 is the difference time 

between the current and initial time (s). 
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Due to the paddy kernel move up and down along the tube throughout the drying 

period. Resulting in the total distance (𝑠𝑡𝑜𝑡𝑎𝑙) of the paddy movement is greater than 

the tube length and consider according to the equation (23). 

 

𝑠𝑡𝑜𝑡𝑎𝑙 = ∑ |𝑠𝑖|
𝑛
𝑖=1                               (23) 

 

Where 𝑖 is the changing of order of the motion and  𝑛 is the total of motions 

throughout considering time. 

The equations of paddy motion in the pulse flow of hot air are analyzed to evaluate 

the pattern of paddy motion, total distance that the paddy can travel through the 

drying tube and Reynolds number of paddy by equation (24). 

 

𝑅𝑒 =
𝜌(∆𝜈)𝐷

𝜇
                        (24) 

Where 𝛥𝜈 is the relative velocity between the drying air and the velocity of the 

paddy kernel (m/s) and 𝜇 is the viscosity of the air (kg/m-s). 

 

All of equations was created as a set of AS period and AO period on the spread sheet 

computer program. Consider that the velocity of hot air at 80
O
C entering to drying tube 

is 9 m/s. Schedule of AO period per AS period is 0.15 seconds and 0.75 seconds 

respectively.  

 

3. Results 

3.1 Position and velocity of paddy during the time 

When the paddy kernel travels under pulse flow of hot air supply the calculated 

results of 3 models show that in AO period paddy falling down. In AS period, the 

paddy will be push to float by the air stream and moving up again. This behavior of 

the paddy movement will be repeated in same pattern until reach the top end of the 

tube length. The motion of kernel from 3 models are trendy interval increasing as 

show in fig. 4 5 and 6. On the AO period, all of velocity from 3 models will decrease 

with proportional constant slope. On the AS period, Model I give a proportional slope 

trend line during the time because it is only under the influenced constant gravity. 

Model II and III are curvature increasing in trend line because the influence of FB on 

the acceleration of kernel. The effect of relative velocity between v and vair on the 

motion gives the higher velocity of paddy more than model II and the period time of 

rising – fall look similar model I but the travel time of paddy is quit long more than 
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model I when is reach the top end of tube. The values of s and v from model I, II and 

III show in fig. 3, 4 and 5.  

 

 

 

 

 

 

 

 

 

Fig. 3: The position and velocity of paddy during the travel time. (Model I) 

 

 

 

 

 

 

 

 

 

Fig. 4: Position and velocity of paddy during the travel time. (Model II) 

 

 

 

 

 

 

 

 

 

Fig. 5: Position and velocity of paddy during the travel time. (Model III) 
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3.2 Reynolds number of paddy kernel 

The results found that Reynolds number affected by the movement of paddy. When 

the kernel start moves by falling on the first, Reynolds number will increase in small 

increments. Because the velocity increases by the gravity. On the AS period, the air 

stream will be run opposite the direction of kernel motion that causing the large 

difference value of relative velocity between paddy and air stream. This effect 

provides the highest increasing of Reynolds number of paddy kernel in that position 

in the tube. Reynold numbers of all models show in Figure 6,7 and 8. 

 

 

 

 

 

 

 

 

 

Fig. 6: Reynold Number of paddy during the distance in the tube. (Model I) 

 

 

 

 

 

 

 

 

 

Fig. 7: Reynold Number of paddy during the distance in the tube. (Model II) 
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Fig. 8: Reynold Number of paddy during the distance in the tube. (Model III) 

 

3.3 Total distance of paddy in the drying tube 

From the results (Fig.9), it found that the charging of pulse flow of hot air into the 

drying tube can affects to increase the total distance of the paddy to long more than 

the tube length. Considering the tube length 2 m. Model I, II, and III consume the 

paddy travel time of approximately 1.3, 5.0 and 2.2 s respectively and give a total 

distance of 2.6, 2.7 and 2.5 m. respectively.  

 

 

 

 

 

 

 

 

 

 

 

 

Fig.9: Total distance of paddy in drying tubes during the travelling time (3 models). 
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reach the top end of tube for model I, II and III respectively. The computed maximum 

velocity of travelling of paddy in models I, II and III are 4.12 1.37 and 1.85 m/s 

respectively. When considering the Reynolds number, the models I, II and III give the 
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most values from similar calculations with 1,837, 1,816 and 1,821 respectively. For 

the total distance of paddy movement, Model 2 can move the maximum total distance 

of 2.7 m at a time 5.0 s. Model 1 can move a total distance of 2.6 m at a time 1.3 s. 

And finally, Model 3 moving a total distance of 2.5 m at a time 2.2 s. Based on 

various parameters from all of models, we agreed that model III was the closest to the 

actual movement in the system because it tried to gather the variables that had the 

most influence on the change of movement. However, it is necessary to further prove 

the true movement of paddy. We expected to collect the actual movement values 

from the prototype test together with particle motion analysis with EDEM software in 

our future work. 
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Abstract 

 This research was aimed to present some physical properties of Longan fruit and 

determination of mathematical models for predicting the mass of Longan fruits from 

their physical properties. The research was conducted on 200 fruits of E-dor variety 

of Longan fruit. The physical properties measured included dimension of fruit i.e. 

diameter max, diameter min, and height; mass of fruit; volume of fruit; and projection 

area of three perpendicular direction of the fruit.  Single and multiple variable 

regression models of dimensions, projection areas and volume were used to estimate 

the mass of Longan. According to the results, found that the best model for mass 

prediction of Longan fruit is based on measured volume (Vm) with determination 

coefficient (R
2
) of 0.942 and standard error of the estimate of 0.482. 

 

Keywords: Physical properties, mass modelling, Longan 

 

1. Background 

Longan (Dimocarpus longan) is an important fruit of Thai economy. The Office of 

Agricultural Economics (2019) has reported that the amount of fresh Longan is more 

than 1 million tons in 2019. More than 80 percent of the output is exported and about 

20 percent for domestic consumption. According to the Ministry of Commerce (2019) 

data, the average export value of fresh Longan and dried Longan between years 

mailto:yui_lol@hotmail.com
mailto:tawarat@sut.ac.th
mailto:kraweet@sut.ac.th
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2017-2019 are 16,604.7 and 9,490.37 million baht respectively. Thai fresh Longan 

standards classified for trading into 2 types which are Longan bunch and individually 

Longan, in addition they separated into 6 sizes according to the diameter of the fruit 

(National Bureau of Agricultural Commodity and Food Standards Ministry of 

Agriculture and Cooperatives. 2003). Fresh Longan fruit have a very short 

postharvest life of 3–4 days at ambient temperatures (Jiang et al., 2002).  However, 

the fruit can be process to many products such as canned, frozen or dried (Prasart et 

al.,2017) 

 

The physical properties of agricultural products and their relationship is necessary for 

design of post-harvest and process machine i.e. handing, sorting, processing and 

packing system (Mohesin,1986; Shahbazi and Rahmati, 2013). For Longan, it can be 

processed into many products, including dried Longan, canned Longan in syrup. In 

processing Longan, it has several steps from harvesting to final products such as 

sizing, conveying, peeling and seed removing (Treeamnuk et al.,2014). Therefore, the 

knowledge about physical properties of Longan and their relationship are important. 

However, there is still lack of information on physical properties of longan. Therefore, 

this research aims to find the physical properties of Longan fruits, including the 

dimensions, mass volume and projected area to be used as basic information in the 

design of tools or machinery in the post-harvest process of Longan fruits.  

 

2. Material and Methods 

2.1 Longan fruit 

Fresh E-dor Longan bought from Suranakhon market, Muang Nakhon Ratchasima, 

Nakhon Ratchasima was used in this study. The Longan fruits were extracted from 

the bunches and then 200 fruits were measured for their physical properties, including 

dimensions, surface area, image area, weight and volume.  

 

2.2 The dimension of Longan fruits 

The diameter of Longan fruit was measured in 3 axis with perpendicular to each other 

i.e. diameter max (Dmax), diameter min(Dmin) and height(H) with digital vernier 

caliper (Fig.1). 
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Fig. 1: Dimension measurement of Longan fruits. 

 

The geometric mean diameter (Dg) and surface area (S) of Longan fruit were 

determine by the equation (1) and (2) (Mohesin,1986), respectively. 

      

1

3
g max minD H D D                  (1) 

 
2

gS D                             (2) 

Where H is height (mm), Dmax is diameter max (mm), Dmin is diameter min (mm) of 

Longan fruit, Dg is geometric mean diameter (mm) and S is surface area (mm
2
) 

 

2.3 Projection area 

The projection area of Longan fruit in the three perpendicular directions of fruit were 

evaluate by image processing technique. Each of Longan fruit was taken three 

photographs in direction of perpendicular with H-Dmin plane for the first projection 

area (AP1),  H-Dmax  plane for the second projection area (AP2) and Dmax - Dmin 

plane for the third projection area (AP3).  After that, The Fiji program was used to 

calculate the projection areas of Longan (Fig.2).   

 

                

Fig.2: Calculate the projection area of Longan fruit by Fiji Program. 
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2.4 Mass and volume of Longan fruits 

The Longan fruit was weighed by digital balance (Sartorius, BSA3202S-CW, made in 

Germany) resolution 0.01g in air and then weighed in water to find the volume (Fig.3) 

the volume  (Vm) of Longan fruit can be calculated with the weight of the displaced 

water caused by the floated fruit as shown in equation (3) (Sharifi et al.,2007) 

 

 
Fig.3: Weighing of Longan fruit in water to find mass and volume 

 

Furthermore, the volume of Longan fruit can be estimated by assumed as a regular 

geometric shape i.s. oblate spheroid (Vosp) and ellipsoid (Vellip) shapes with equations 

(4) and (5) respectively (Khanali et al., 2007; Shahbazi and Rahmati, 2013).  

   
   

  

2

max
osp

D4 H
V

3 2 2
                    (3)                                                        

    
    

   

max min
ellip

D D4 H
V

3 2 2 2
               (4) 

2.5 Regression model of Longan fruit’s mass 

The SPSS program version 17 was used to analyses the data of physical properties 

and to determine the linear regression model of mass. 

 

3. Results 

3.1 Physical properties of Longan fruit 

The physical properties of studied Longan fruits is shown in Table 1. According to the 

results, the mean values of physical properties which were studied in this research 

such as Height(H), Dimeter max (Dmax), Dimeter min(Dmin), geometric mean 

diameter(Dg), surface area(S), mass(M), first projection area(AP1), second projection 
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area(AP2), third projection area(AP3), measured volume(Vm), oblate spheroid 

volume(Vosp) and ellipsoid shapes volume(Vellip) were 23.33 mm, 27.26 mm, 23.73 

mm, 24.70 mm, 19.23 cm
2
, 9.20 g, 4.92 cm

2
, 5.70 cm

2
, 4.76 cm

2
, 8.53 cm

3
,      

9.71 cm
3
 and 7.96 cm

3
, respectively. These Longan fruits can be classified in grad 1-4 

when compare with criterion of Thai Agricultural Standard TAS 1-2003: Longan. 

 

Table 1: Physical properties of Longan fruit 

Properties 
Parameters value 

Max. Mean Min. S.D 

H (mm) 31.85 23.33 20.10 1.12 

Dmax(mm) 33.15 27.26 25.01 1.67 

Dmin(mm) 28.29 23.73 19.34 1.35 

Dg(mm) 30.73 24.70 22.06 1.34 

S(cm
2
) 29.68 19.23 15.30 2.13 

M(g) 17.50 9.20 2.71 2.00 

AP1(cm
2
) 8.31 4.92 3.54 1.19 

AP2(cm
2
) 8.37 5.70 4.75 0.68 

AP3(cm
2
) 7.34 4.76 3.90 0.61 

Vm(cm
3
) 16.33 8.53 1.88 2.17 

Vosp (cm
3
) 18.33 9.17 6.66 1.71 

Vellip(cm
3
) 15.20 7.96 5.63 1.36 

 

3.2 Mass Modeling 

Mass models, their coefficient of determination (R
2
), standard error of estimate and 

linear equation that obtained from the data of Longan fruits are shown in Table 2. All 

of the model’s parameters were analyzed with Regression in SPSS program version 

17. The results showed that all of them were significant at 5% probability level. 
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Table 2. Coefficient of determination (R
2
) and standard error of the estimate (SEE) 

for linear regression models of Longan fruit. 

No. Independent variables  Mass Models R
2 

SEE 

1 H (mm) -12.307H+0.922 0.567 1.319 

2 Dmax (mm) -18.002Dmax+0.998 0.696 1.104 

3 Dmin (mm) -15.944Dmin+1.060 0.513 1.399 

4 H, Dmax, Dmin (mm) 0.391H+0.569Dmax+0.333Dmin-23.326 0.793 0.904 

5 Dg (mm) 1.326Dg-23.559 0.788 0.922 

6 S (mm
2
) 0.833S-6.811 0.790 0.918 

7 AP1 (mm
2
) 1.353AP1+2.538 0.646 1.191 

8 AP2 (mm
2
) 2.338AP2-4.137 0.638 1.206 

9 AP3 (mm
2
) 2.622AP3-3.276 0.648 1.188 

10 AP1, AP2, AP3 (mm
2
) 0.508AP1+0.683AP2+1.104AP3-2.452 0.702 1.099 

11 Vm (mm
3
) 0.896Vm+1.562 0.942 0.482 

12 Vosp (mm
3
) 1.021Vosp-0.160 0.764 0.973 

13 Vellip (mm
3
) 1.304Vellip-1.186 0.788 0.922 

 

3.2.1 Modeling Based on Dimensions 

Mass modeling of Longan fruit based on dimensional characteristics including Height 

(H), Dimeter max (Dmax), Dimeter min(Dmin), geometric mean diameter (Dg), showed 

that Linear model to calculate mass of Longan fruit based on three dimensions of 

fruit, had the highest R
2
 among the others as: 

 

0.391H+0.569Dmax+0.333Dmin-23.326                       R
2
=0.793     (5) 

 

However, measurement of three diameters of Longan fruit is needed to use in the 

model, which makes the sizing mechanism more expensive (Shahbazi and Rahmati, 

2013). Among three dimensions including Height (H), Dimeter max (Dmax), Dimeter 

min(Dmin), Linear model which expresses the Dimeter max (Dmax) as independent 

variable had the highest R
2
 among the others (Table 2). Therefore, the mass model of 

Longan fruit based on Dimeter max is given as linear model form: 

 

-18.002Dmax+0.998                                      R
2
=0.696     (6) 

 

3.2.2 Modeling Based on Areas 

Mass modeling of Longan fruit based on projected areas including first area (AP1), 

second area (AP2), third area (AP3), showed that linear model to calculate mass of 

Longan fruit based on the third area (AP3), had the highest R2 among the others as: 
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M=2.622AP3-3.276                                       R
2
 = 0.57    (7) 

 

However, for prediction of the mass of the Longan fruit based on surface area the best 

model was linear with R
2
 = 0.790 as: 

 

M = 0.833S-6.811               R
2
 = 0.790      (8) 

 

Therefore, finding only the first area (AP3) value is sufficient and then calculating 

surface areas (S) to use this model, which makes the sizing mechanism is not 

economical. 

 

3.2.3 Modeling Based on Volumes 

According to the results, for prediction of the mass of the Longan fruit based on 

volumes including measured volume (Vm), oblate spheroid volume (Vosp) and 

ellipsoid shapes volume (Vellip), shown in Table 2, linear models based on volume of 

measured volume (Vm) is the best models with R
2
 = 0.94 as:    

 

 0.896Vm+1.562               R
2
 = 0.94     (9) 

 

Therefore, from this study, it is found that the mass of Longan fruit has a linear 

relationship with physical properties. The volume of the fruit can be used to 

accurately predict the mass of Longan. 
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Abstract 

Although rice husks are an excellent fuel and biomass fuels are promised resources for 

energy production, rice husks cannot be a stable fuel, especially in Japan. Three 

essential conditions in terms of sustainable heat recovery from rice husk were 

discussed in this paper. The three conditions were as follows: free hauling to 

accumulate rice husks in one place, amorphous state of the silica in rice husk 

incineration ash, and material recycling of the incinerated ash as a resource. Even one 

condition out of the three is missing, rice husks cannot be a good fuel and become 

merely a headache to stakeholders. As a matter of fact, rice husks are an excellent fuel 

and a precious mineral resource, therefore, they should not be disposed as waste or 

discharged into environment without consideration. Rice husks are also called a 

bio-ore of silica. Stakeholder can receive more profits if rice husks are properly 

understood and used.  

 

Keywords: Rice husks, silica, hauling, amorphous, crystalline  

 

1. Background/ Objectives and Goals 

Rice husks are an excellent fuel for recovering heat 

because they are sustainably generated in same 

amount in every year. But, people have not 

recognized their true values and they are just disposed 

into water bodies often in Asian countries without 

care (Photo 1). In Japan, rice husks currently usually 

disposed as waste. In the past in Japan, because their 

easy accessibility, people used rice husks as a fuel 

Photo 1 Discharged Rice husks  
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mailto:tateda@pu-toyama.ac.jp
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without a neat utilization plan. As a consequence, people gave up using rice husks as a 

fuel because they found that rice husks had some difficulties to be used. First of all, it is 

a matter of collection and hauling of rice husks. Biomass can be classified into two 

groups in terms of energy production and the two groups are classified into two 

sub-groups (Fig. 1).   

 

Fig. 1: Biomass Classification (JIE, 2002) 

 

Nutrients do not have to be supplied but collection and hauling are definitely needed 

because they generate in different places for the biomass which already exists; on the 

other hand, collection and hauling are not needed but nutrient supply is definitely 

needed for the plantation biomass.  Construction wooden waste, rice husks, corn, and 

water hyacinth are one example for waste biomass, unused biomass, biomass on land, 

and biomass in water body, respectively.  Rice husks must be gathered into one place, 

otherwise, heat recovery from rice husks is impossible.  Since a bulk specific gravity 

of rice husks is very small, a tremendous disadvantage should be realized for rice husk 

energy recovery.  Secondary, it is the physical state of the silica which exists in rice 

husks.  The silica in rice husks is the target we have to watch.  The silica sometimes 

becomes carcinogenic if it is treated unproperly.  Thirdly, it is a complete use of 

material recycling.  Usually, 80 % of rice husks in weight is burnt and the rest of 20 % 

is remained as ash, which is so much disadvantage comparing to 1 % for wooden 

biomass such as timber from forest thinning and remaining woods on the ground in 

forest.  The stakeholder always faces the problem and could find the breakthrough 

because they do not know the true value of rice husks.   

 

The purpose of this study is to discuss the three essential conditions for realizing 

people the importance of those conditions through the results of experiments we 

conducted and provide information of current implementation of energy recovery from 

rice husks in Japan. 

  

Biomass

Biomass which 

already exists

Plantation 

Biomass

Waste Biomass

Unused Biomass

Biomass on Land

Biomass in Water Body
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2. Methods 

2.1 Rice husks 

Koshihikari (Oryza sativa L.) rice husks, from a popular variety of rice cultivated in 

Japan was used for this study. 

 

2.2 Analysis of rice husk ash 

The physical properties of the silica in the rice husk ash was analyzed by X-ray 

Diffractomerer (XRD: Smart Lab 9kW, RIGAKU, Cu-Kα. 2θ:5-80°). 

 

2.3 Incinerator used 

Fig. 2 shows a diagram of the incineration furnace with an attached boiler system. The 

combustion capacity of the furnace is 100 kg of rice husks per hour.  

Fig. 2: Incinerator used in this study. (a) outline, (b) dimensions of its parts. 

 

2.4 Factory selected for the study 

A factory in a small local agricultural association in Toyama Prefecture, Japan was 

selected for the study.  About 600 tons of rice 

husk has been disposed of as industrial waste, 

costing several tens of thousands of dollars yearly.  

The disposal cost is, in fact, a heavy burden to a 

small agricultural association. 

 

3. Results 

3.1 Collection and Hauling of Rice Husks 

Waste must be transported to one place, a treatment 

plant; therefore, collection and hauling of rice husks 

are an inevitable process. The process, however, 

must be cheap or no cost for sustainable energy 

Rice husks 
in

2.8 m

0.9 m

0.6 m

1.5 m

1.3 m

Exhaust gas treatment fan

Boiler system

Rice husks in

Incineration furnace

Moving grates

Air supply fan

Rice husk ash out

(a) (b)

Harvested rice plants 

(1)

Straws and leaves

(0.45)

Paddies

(0.55)

Rice husks

(0.099)

Brown rice

(0.45)

Brans

(0.045)

White rice

(0.41)

The numbers shown are ratios.  

Fig. 3 Generation ratios 

(Rural Culture Association Japan, 2012) 
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production. Energy recovery from rice husks is not economically impossible if the 

collection and hauling of rice husks is expensive (Tateda, 2016a). Moreover, rice husks 

have a very low bulk specific gravity (approximately 0.1 ton/m
3
), it is not good for a 

long transportation. In ordinary case of Japan, harvested rice is transported to a 

community rice center and milled and then rice is produced, so that rice husks are 

collected in one place without any charges.   

 

The weight of 6, 000 kg of white rice production will be normally expected in 

one-hectare (10,000 m
2
) paddy field in Japan. According to Fig. 3, approximately 

1,500 kg of rice husks are generated if 6,000 kg of white rice is produced. The bulk 

volume of 1,500 kg of rice husks will be 15 m
3
, which is a large enough volume in case 

rice husks have to be transport to another place for energy recovery.   

 

Of course, different agricultural systems exist, but Fig. 4 shows a typical Japanese 

agricultural system. Local farmers haul paddies to a community rice center for 

producing rice for sales. The rice is sold through the sales network of a local 

agricultural association. The rice center can use rice husks with no cost of hauling.  

This is a tremendous advantage for using rice husks; however, many local agricultural 

associations, as a matter of facts, still dispose rice husks as waste paying quite 

expensive tipping fees under the advantageous conditions. The rice center uses the 

energy from rice husks as heat source for drying paddies and heating its own 

greenhouses (Sekifuji et al, 2019).   

 

Fig. 4 Local agricultural System 

 

3.2 Physical state of rice husk silica -amorphous silica- 

As stated earlier, a rice husk contains 20 % of silica in weight (Fig. 5). The silica in a 

rice husk is amorphous. Rice plants essentially need silica for healthy growth and take 

the silica in water surrounded soils. Lack of silica causes serious damages to rice plants 
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(Feng and Yamaji, 2006). The content of the silica will be more than 95 % after a rice 

husk is burned. That is why rice silica is called as bio-ore of silica (Tateda, 2016).   

 

Fig. 5 Contents of a rice husk 

                           

The silica, however, is the substance that should be paid attention to because physical 

characteristics change drastically in environmental condition where the silica is.  The 

state of amorphous of the silica will be transformed to crystallin when the silica is 

treated under high temperature. Crystallin silica is designated as carcinogen by World 

Health Organization (WHO, 1997) and it is extremely dangerous for the workers who 

deal with rice husk energy recovery plants.   

 

Photo 2 show a work place condition at a Myanmar rice husk energy recovery plant.  

White dots in the photos show flying rice husk ash and it can be easily recognized that 

much ash is flying in the space and there is no doubt that the workers inhale the ash 

every time they work in the space. Amorphous silica, on the other hand, is not 

carcinogen and can be said as a safe substance. In terms of recycling, the silica in 

incineration ash must be amorphous. Only amorphous state of the silica can open the 

door of recycling. Consequently, in order to pursue the recycling possibilities and the 

protection of workers’ health from the hazardous substance, the silica in incineration 

ash must be amorphous. Whether amorphous or crystalline can be known only through 

XRD analysis (Fig. 6). 

 

Photo 2 A rice husk energy plant 
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Others, 
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Fig. 6 XRD curves for amorphous and crystalline silica 

 

Amorphous silica will be used as a raw material for variety of industrial products (Fig. 

7).   

 

 

Fig. 7 Silica application in industrial products (Pode, 2016) 

 

3.3 Recycling of incineration ash 

Because much ash will be generated after rice husks are burned, the ash must be 

recycled; otherwise, the recycling of rice husks cannot be a sustainable manner. There 

are so many heat recovery plants from wooden biomass operated in Japan. Although 

ash generation at those plants will be about 1 % of total incoming wooden biomass in 

weight, the one of the stakeholders’ headache is the ash disposal. In case of rice husks, 

the amount will be 20 times larger than wooden biomass, the ash recycling is critical 

for sustainable operation. So many applications are shown in Fig. 7, however, the 

authors believe that using as silica fertilizer to rice plants is the best option. The ideal 

agriculture loop proposed by the authors is shown in Fig. 8.   
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Fig. 8 Ideal agricultural loop 

 

Since Japanese soil has low silica content and rice plants need much silica for their 

healthy growth, Japanese rice harvest is supported by adding extrinsic amorphous 

silica which is one of contents of slag from metal industry into paddy fields. The ideal 

loop uses amorphous silica originated in rice husks for rice plant growth instead of 

using extrinsic one.   

 

Rice is harvested in September and then much rice husks are generated. The rice husks 

are used for energy recovery. At this point, burning rice husks must be controlled with 

high skilled manners (Tateda et al., 2016). This control burning performance is critical 

and could stay amorphous silica in rice husks remained amorphous state in the ash. The 

silica in rice husks transformed to crystalline silica if the control burning is nor 

performed because the silica is exposed under extremely temperature. At burning 

process, not only heat but also generated carbon dioxide is also used for vegetable 

growth such as strawberry. Generated amorphous silica is retuned into the paddy field 

as a silica fertilizer. Rice planting starts in May and rice is harvested in September.  

The same loop starts.  

  

4. Conclusions 

To make rice husks recycling sustainable, the three essential aspects discussed. Those 

are Collection and hauling, Physical state of incineration ash, and Recycling of 

Incineration ash.  In case of stating with “Collection and hauling,” Fig. 9 shows a 

check list for determining whether rice husks are recyclable or not.  Fig. 9 is an 

example.  Each aspect out of the tree can be the starting aspect and “Collection and 

hauling” does not have to come at first.  Fig. 9 implies that the combination that 

“Cheap and no cost” for Collection and hauling, “Amorphous” for Physical state of 

incineration ash, and “Yes” for Recycling of incineration ash fails, then rice husks 
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cannot be recycled. Even one of the three is missing, the recycling is not sustainable.  

Rice husks are a precious and promised resource. People should know that the aspects 

described here. The society will be much environmentally friendly if rice husks are 

completely used for recycling. Rice husks could lead a green society in Asian countries 

where chopsticks are used.  

 

Fig. 9 Check list for rice husk energy recovery 

 

5. References 

Ma Jian Feng and Yamai Naoki (2006) Silicon uptake and accumulation in higher 

plants, TRENDS in Plant Science, Vol.11, No.8, 392–397. 

Pode Ramchandra (2016) Potential application of rice husk ash waste from rice husk 

biomass power plant, Renewable and Sustainable Energy Reviews, 53, 1468–

1485. 

Rural Culture Association Japan. Momigara wo tsukai konasu (Utilization of rice 

husks). 2012. Rural Culture Association Japan. Tokyo, Japan [in Japanese]. 

Sekifuji Ryoko, Tateda Masafumi (2019) Study of the feasibility of a rice husk 

recycling scheme in Japan to produce silica fertilizer for rice plants, Sustainable 

Environmental Research 29:11.  https://doi.org/10.1186/s42834-019-0011-x 

Tateda Masafumi (2016a). Production and Effectiveness of Amorphous Silica 

Fertilizer from Rice Husks using a Sustainable Local Energy Plants, Journal of 

Scientific Research and Reports, 9(3), 1–12. 

Tateda Masafumi (2016b). Bio-Ore of Silicon, Rice Husk: Its Use for Sustainable 

Community Energy Supply based on Producing Amorphous Silica, Session 

Rice Husks can 

be recycled.

Collection and hauling

Physical state of incineration ash 

Recycling of incineration ash

Cheap or no cost Expensive

Rice Husks can 

NOT be recycled.

Amorphous Crystalline

Yes No

https://doi.org/10.1186/s42834-019-0011-x


404 
 

Environmental Sciences (2), 2016 International Congress on Chemical, 

Biological and Environmental Sciences (ICCBES), May 10–12, 2016 in Osaka, 

Japan. 

Tateda Masafumi, Sekifuji Ryoko, Yasui Manami., Yamazaki Atsushi (2016). Case 

study: Technical considerations to optimize rice husk burning in a boiler to retain 

a high solubility of the silica in rice husk ash. Journal of Scientific Research and 

Reports. 2016; 11(4): 1—11. 

The Japan Institute of Energy (JIE) (2002). Biomass Handbook, Ohm, Tokyo (in 

Japanese). 

 

World Health Organization (WHO) International Agency for Research on Cancer, 

1997. IARC Monographs on the Evaluation of Carcinogenic Risks to Humans, 

Vol.68 Silica, Summary of Data Reported and Evaluation. Available: 

http://www.ilo.org/wcmsp5/groups/public/---ed_protect/---protrav/---safework/d

ocuments/publication/wcms_118098.pdf. (Accessed October 19, 2019). 

  

http://www.ilo.org/wcmsp5/groups/public/---ed_protect/---protrav/---safework/documents/publication/wcms_118098.pdf
http://www.ilo.org/wcmsp5/groups/public/---ed_protect/---protrav/---safework/documents/publication/wcms_118098.pdf


405 
 

10040 

Emissions’ Characterization of Particle-bound Heavy Metals from a 

Two-stroke Engine Brushcutter 

 

Po-wen Chu a,
* and Lien-Te Hsieh

b 

a
 Department of Environmental Engineering and Science, National Pingtung 

University of Science &Technology, Pingtung, Taiwan 

E-mail address: sswweett160@gmail.com 
 

b
 Department of Environmental Engineering and Science, National Pingtung 

University of Science &Technology, Pingtung, Taiwan 

E-mail address: lthsieh@mail.npust.edu.tw 

 

Abstract 

The purpose of this study is to understand whether exhaust particles and metal 

contaminants from a two-stroke engine backpack mower have an impact on the 

human body by employing the personal stepped impact sampler Marple to carry out 

the mowing operation environment and atmospheric aerosol sampling in a farmland 

area. The analysis results show that the concentration of Marple sampling aerosols is 

much larger than the air quality monitoring concentration. The main heavy metals of 

the exhaust mower are calcium, iron, magnesium, and potassium, followed by 

aluminum, copper, zinc, antimony, and chromium, while the lower ones are lead, 

cadmium, manganese, antimony, silver, vanadium and antimony. Moreover, the 

measured heavy metal content of cadmium and chromium can be presumed to have a 

higher cancer risk than the current literature notes, thus indicating that appropriate 

protective measures should be taken immediately to reduce exposure to the inhalable 

parts of the exhaust. 

 

Keywords: two strokes engine, Marple, PM2.5, heavy metals, particle 

 

1. Background/ Objectives and Goals 

There is a large number of laborers working in Taiwan who use brush cutters, which 

have the advantages of cheap price, easy operation, and quick implementation. It is 

currently widely used in the domestic horticulture industry and for the removal of 

weeds. Many backpack brush cutters on the market still use two-stroke engines for 

power. Compared to four-stroke engines, two-stroke engines have a simple structure 

and less moving parts, and thus their cost is lower, and their engine is small in size, 

light in weight, and low in speed. Their torque is quite large and changes evenly with 
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the crankshaft rotation angle, offering a better choice for brush cutter power. 

The main drawback of the two-stroke engine brush cutter is its high exhaust gas 

pollution. Because intake and exhaust gases must be carried out at the same time, 

they may contain unburned fuel, resulting in fuel waste and air pollution. Moreover, 

the hydrocarbon emissions of a two-stroke gasoline engine may be several times that 

of a four-stroke gasoline engine. The two-stroke cycle power system lubricates the 

engine parts by relying on additional added spray oil or pre-mixed lube oil 

(two-stroke special fuel sold together with appropriate lube oil). Lubricant-like 

substances are generally more difficult to complete combustion and therefore are 

more likely to produce more severe exhaust gas pollution, which may be harmful to 

brush cutters. 

Because of the different particle sizes of aerosols in the exhaust gas, they will be 

deposited in different positions in the human respiratory system: particles larger than 

10 μm can be retained by the nasal cavity and pharynx; about 10% of 2μm - 5μm 

particles are deposited in the bronchus; about 20% -30% are deposited in the alveoli; 

and particles less than 2 μm in size are mainly deposited in alveolar tissue.  

The World Health Organization (WHO) report pointed out coarse particles (PM10) 

can cause death in patients with respiratory and cardiovascular diseases. Further 

studies have found that PM2.5 induced mortality is higher than that from coarse 

particles (PM10). Many epidemiological studies have shown a correlation between 

coarse particles (PM10) and fine particles (PM2.5) and epidemiology in the atmosphere, 

finding that the effects of fine particles (PM2.5) on the human body are very serious. 

Exhaust particles also contain heavy metals that are harmful to the human body. 

These heavy metals enter the lungs through the respiratory tract and can affect a 

person’s health. Long-term exposure to these harmful heavy metals can cause certain 

damage to the human body. For example, long-term exposure to manganese can 

affect the nervous system, causing nerve tremors, muscle stiffness, and other 

symptoms. The most characteristic symptom is Parkinson's syndrome. Acute 

exposure to chrome may cause gastrointestinal symptoms and kidney disease and 

may also cause skin ulceration and perforation of the nasal septum. Cadmium may 

cause a loss of calcium and osteoporosis and may damage the nervous system, 

causing body bones to be sore. Long-term exposure to lead can spur elevated blood 

pressure, nervous system disorders, and affect children's intelligence. Exposure to 

zinc can cause acute renal failure, and long-term exposure to large amounts of zinc 

can cause anemia and leukopenia. An overdose of iron can increase the risk of heart 

disease. In the later stages of iron poisoning, there may be cramps, lethargy, and nails 

turning green. 

This study utilized the personal cascade impactor (Marple) of the Model 298 personal 
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step impact sampler to simulate a brush cutter worker who cuts grass for eight hours a 

day. The inhalation exhaust gas contained suspended particulates (PM10) and fine 

suspensions. We further discuss the content of particulates (PM2.5) and heavy metals. 

 

2. Methods 

2.1 Sampling plan 

This study was conducted from September to October 2017 in southern Taiwan to 

analyze the use of sampling instruments under the personal cascade impactor for the 

mowing of farmland and sampling of atmospheric aerosols. At the time of sampling, 

the personal sampling pump drew air at a flow rate of 3 L/min. The sampler was 

placed on a "simulated dummy" at about 1.5 meters away from the ground to 

simulate a human’s breathing area. Each point is triple-covered, sampled, and 

synchronized. The environmental meteorological conditions (temperature, humidity, 

wind speed, illuminance, and atmospheric pressure) were recorded at the sampling 

location. The sampling time was from 9 am to 5 pm. Figure 1 illustrates the research 

structure and process. 
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2.2 Experimental equipment 

The test equipment for this study included a backpack hard-tube brush cutter (Zenoah 

model G45L). Table 1 lists the engine-related specifications. 

 

Table 1. Backpack hard brush cutter engine data 

 

 

 

 

 

 

 

 

 

2.3 Sampling instrument 

2.3.1  

This study used the Anderson eighth-order sampler of the Personalized Cascade 

Impactor Model 298. The sampler was connected to a sampling pump with a Teflon 

tube (Gilian, number Gil Air-5, U.S.A.). The cut-off particle size ranged from 0.52 to 

21.3 μm, as shown in Table 2. Marple's filter is made of Pallflex's Teflon filter 

(diameter 34 mm, aperture 1.0 μm). When sampling, the personal sampling pump 

drew air at a flow rate of 3 L/min. The sampler was placed at a distance of about 1 

meter from the ground to simulate a human’s breathing area. 

 

Table 2. Intercepted size range for each stage of Marple 

Numbering Order number Cut particle size（μm） 

1 Inlet > 21.3 

2 Stage 1A 21.3 ~ 14.8 

3 Stage 2A 14.8 ~ 9.8 

4 Stage 3A 9.8 ~ 6.0 

5 Stage 4A 6.0 ~ 3.5 

6 Stage 5A 3.5 ~ 1.55 

7 Stage 6A 1.55 ~ 0.93 

8 Stage 7A 0.93 ~ 0.52 

9 Stage 8A   < 0.52   

 

2.3.2 Meteorological instruments 

This study collected the environmental meteorological conditions at the time of 

sampling and simultaneously recorded the sampling locations during the sampling of 

Engine type Two-stroke engine 

Displacement 41.5cc 

horsepower 2.2HP 

Fuel tank capacity 0.8L 

 

fuel 
gasoline: two-stroke engine oil 

mixture (The mixing ratio 25:1) 
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suspended particulates in a farmland operating environment, including temperature, 

humidity, wind speed, illuminance, and atmospheric pressure. The meteorological 

analyzer used for environmental monitoring was the Weather Monitor II system 

manufactured by Davis Instrument, product #7440, LM-8000 and LM-81AM 

anemometers manufactured by Lutron, and TES-1319A thermometer manufactured 

by TES. Table 3 shows the environmental weather-related data and time recorded. 

 

Table 3. Meteorological Instrument Specifications 

Meteorologic al Instrument  Brand  Model Detection range Resolution 

temperature TES-1319A -50~1300℃ 0.1℃ 

Illumination LM-8000 0~20000 LUX 1 LUX 

humidity LM-8000 10~95%RH ±4%RH 

Wind speed LM-81AM 0.4~30.0 m/s 0.1 m/s 

pressure Weather  Monitor II   660.0~810.0mmHg  ±1.3 mmHg 

 

2.3.3 Sampling instrument calibration 

Marple's personal sampling pump flow correction uses the Model DC-2A, H9706 

Dry gas 30meter for flow correction. We first connect the flow meter to the inlet of 

the personal sampling pump, turn on the personal sampling pump, and then correct 

the gas flow rate to 3L/min. 

 

2.3.4 Sample analysis 

This study employs a gravimetric analysis method. The weight of the collected filter 

was analyzed together by SigmaPlot, mass particle size distribution, and the 

cumulative percentage of suspended particles. 

The sample of the microparticles collected by the Teflon filter was heated, digested 

with a nitric acid solution, and analyzed by inductively coupled plasma mass 

spectrometry (ICP-MS). In a 50 ml graphite digester, we first add 20 ml of a 10% 

nitric acid solution, place the filter in the graphite digester tube, cover and lock, and 

then shake the graphite digester tube in the ultrasonic bath for 120 minutes. The 

graphite digestive tube was again placed on a hotplate, heated at 80-85°C for 30 

minutes, and cooled and filtered with a 0.45μm filter disc. The metals Mg, K, Ca, Fe, 

Cr, Ba, and Pb are then analyzed by ICP-MS on the compositions of Mn, Cu, Ag, Cd, 

Si, Sr, Zn, V, and Al. 

 

3. Results 

3.1 Fine particle (PM3.5) and coarse particle (PM14.8) mass concentration  

To further discuss the mass concentration of fine particles, the Marple sampler 

differentiates the masses of the 6th, 7th, and 8th orders of the Marple sampler, and the 



410 
 

particle size range is <0.52~3.5μm. The discussion on mass concentration of coarse 

particles showed that the mass concentrations of the 2nd to 8th orders of the Marple 

sampler are increased. The particle size range is <0.52 ~ 14.8μm, and the Marple 

sampler then adopts PM3.5 and PM14 at different sampling times.  

The mass concentration of coarse and fine particles mass concentration is shown in 

Fig. 2, which presents that the average mass concentrations of fine particles 

(<0.52~3.5 μm) on September 24, October 1, and October 29, 2017, are 60.6, 106.5, 

and 80.2 μg/m
3
, respectively, while the average mass concentrations of coarse 

particles (<0.52~14.8 μm) are 73.1, 146.2, and 118.2 μg/m
3
, respectively. 

According to the monitoring data of the Taiwan Environmental Protection 

Administration (EPA) Air Quality Monitoring Network, among the atmospheric 

aerosols in the high-screen area, on September 24, October 1, and October 29, 2017, 

the average PM2.5 concentration of Pingtung Station was 33.1, 24.0, and 35.0 μg/m
3
, 

while the average concentration of PM10 there was 59.1, 41.3, and 61.4 μg/m
3
, 

respectively. The Marple sampling and monitoring data comparison results show that 

the Marple sampling concentration is much larger than the air quality monitoring 

concentration. In addition to the particulates emitted by the grass engine, there is also 

dust raised during mowing, which causes a further increase in the mass concentration 

of suspended particulates. 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 2. Coarse and fine particles’ mass concentration 

 

3.2 Particle size distribution of suspended particles 

Figure 3 illustrates the particle size distribution of suspended particles collected by 

Marple in the farmland of south Taiwan. It shows a bimodal distribution in coarse 

particles (>2.5μm), where the main peak is in particle sizes PM9.8~14.8, and the 
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secondary peak is in particle sizes PM3.5~6. The two-order mass together accounts for 

a total mass concentration of 45.5%. The particle size of this part is caused by the 

dust particles in the grass cutting. For the single-particle distribution in the fine 

particle part (<2.5μm), the main peak is in particle sizes PM0.93~1.55, and the quality of 

this order is 13.0% of the total collected mass concentration. We can conclude that 

the main suspended particles of the exhaust gas particles emitted from the two-stroke 

engine in the farmland are mostly coarse.  

Figure 3 shows that Kang (2014) used the Marple personal step impact sampler to 

measure a south Taiwan sightseeing night market mainly with particle sizes of 

PM14.8~21.3, PM6.0~9.8, and PM>21.3. Zheng (2010) measured the concentration 

distribution of suspended particulates in electric barbecue pork fumes with Marple's 

personal step impact sampler. The results showed that sizes PM14.8~21.3 are the main 

peak, and the secondary peak is PM0.52~1.55. In addition, Lin (2015), Marple-measured 

the mass concentration distribution of the working environment of an automobile 

resource recycling plant and found that the main peak of the office area at the 

sampling point is located in particle sizes PM14.8~21.3, and the secondary peak is 

located in particle sizes PM6.0~9.8. This double-order mass accounts for 49% of the 

collected mass concentration. The detail disassembly area also has a bimodal 

distribution. The main peak is located at particle sizes PM6.0~9.8, and the secondary 

peak is located at particle sizes PM14.8~21.3. Compared with the results of the above 

literature, it shows the path of the main particles of the collected mower aerosol is 

slightly smaller. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 3. Particle size distribution of suspended particles collected by Marple 

 

0.0001 0.001 0.01 0.1 1 10 100

0

20

40

60

80

100

120

140

d
c
/d

lo
g

d
p

(
g

/m
3

)

Particle diameter ( m)



412 
 

3.3 Cumulative fraction of mass concentration of each particle size 

Mass median aerodynamic (MMAD) refers to a particle size in which all particles are 

arranged in small to large sizes, and the mass is in the middle. The determination 

method is usually obtained from the particle size corresponding to the 50% 

concentration accumulation curve of the suspended particle mass concentration 

accumulation curve and can also be used to compare the contribution ratio of coarse 

and fine particles. The cumulative fraction of the mass concentration of exhaust gas 

particles emitted by the two-stroke engine in 

this study is shown in Fig. 4. As can be seen from the figure, MMAD of the total 

suspended particulates is 1.85 μm. According to research by Kerminen, the particles 

in the exhaust gas of diesel engines are 80%. The above distribution is in the range of 

0.05 to 0.5 μm, indicating that the particle size of the combustion is larger than that of 

the fine particles. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 4. Cumulative fraction of mass concentration of each particle size 

 

3.4 Metal concentration of granules 

This study collected the metal concentration from the exhaust PM of a two-stroke 

engine mower. As shown in Fig.5, the average concentrations of heavy metals 
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0.55 μg/m
3
, respectively Bandpi et al. (2018) found that the average annual 

concentrations of iron, chromium, lead, manganese, copper, cadmium, zinc, 

vanadium and aluminum are 1.14, 0.07, 0.1, 0.06, 0.15, 0.02, 0.14, 0.04, and 1.77 

μg/m
3
, respectively. In the springtime for Tehran, the average carcinogenic risk of Cd 

and Cr in the suburbs is 2.09 * 10
-12

 and 2.05 *10
-11

, respectively. The heavy metal 

content of cadmium and chromium measured in this study can forecast that the cancer 

risk will be much greater than its value. Here, Mg is the most abundant artificial 

element, followed by Al, Cu, Zn, and Ba, and the lowest is Sr and Mn. Moreover, Mg, 

Fe, K, are Ca are observed to be the most abundant elements of all PM, and the sum 

of these four elements accounted for 78.13% of the total elemental composition of 

PM. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig.5 Metal concentration on PM 
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total collected mass concentration. The fine particle  (<2.5 μm), there is single peak 

distribution, and its main peak is located at particle sizes of PM0.93~1.55. This order 

mass accounts for 13.0% of the total collected mass concentration. Thus, we conclude 

that the main suspended particles of the exhaust gas particles emitted by the 

two-stroke engine in a farmland belong to the coarse particle phase. 

The main heavy metals of the two-stroke lawnmower are calcium, iron, magnesium, 

and potassium, while aluminum, copper, zinc, antimony, and chromium are second, 

and lead, cadmium, manganese, antimony, silver, vanadium, and antimony are the 

lowest. The measured heavy metal contents of cadmium and chromium are presumed 

to be more likely to cause cancer than the current literature presents, indicating that 

appropriate protective measures should be taken immediately to reduce exposure to 

the inhalable part of the exhaust gas. This study used the Marple sampler to extract 

the exhaust particles of the lawnmower in the farmland and analyzed the relevant data. 

In the future, we will continue to conduct further analysis of the risk exposure 

assessment and diffusion model. 
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Abstract 

Well logging provides information about rock properties below the surface. Obtained 

results are often chaotic and irregular. The following article undertakes the problem 

of quantifying this irregularity in order to determine boundaries between different 

rock layers. 

Correlation dimension, sample entropy and Hurst exponents were calculated with 

a Python program for every available geophysical log. Two different intervals have 

been considered: 25 and 50 m. 

It was possible to estimate between 50-75% of boundaries using correlation 

dimension. Sample entropy generally decreased with depth due to increase of spike 

number on graphs. Hurst exponent values were above 0.5 indicating a positive 

dependency between pairs of points. 

Although the methodology still requires some refinement, it creates a possibility of 

better distinguishing between different stratigraphy and automatization to some 

extent. 

 

Keywords: well log, correlation dimension, sample entropy, Hurst exponent 

 

I. Introduction 

Geophysical logging is carried out to evaluate a studied formation in terms of 

a hydrocarbon potential. Those techniques can include both wireline logging as well 

as logging while drilling (LWD). Acquired logs usually exhibit some sort of chaos – 

to smaller or greater extent. What is more, some rock layers are characterised by 

different log shapes. To quantify such chaotic behaviour, numerous techniques have 

been developed throughout years. They include parameters such as correlation 

dimension, sample entropy or Hurst exponent. Although their concept isn’t necessary 

new, dating even back to ‘70s or ‘80s, not much can be found in the literature in 

terms of geophysical logging.  
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The following article undertakes the problem of calculating said parameters for a real 

data set and discussing potential of a correlation dimension as an indicator in 

distinguishing between different strata layers. Currently the process of geophysical 

log interpretation is not only time consuming but also sometimes rather difficult. The 

possibility of error is relatively high. A way of mitigating this error by providing 

additional parameters, different for each layer, could in theory increase certainty of 

the results.  

 

II. Theory 

Fractal correlation dimension (usually denoted D2) has been used in earth sciences 

and engineering for quite some time. Numerous studies have been carried out and the 

parameter is well known to the researchers [Jarzyna et al. 2013, Wen et al. 2009]. 

Grassberger and Procaccia developed an algorithm to estimate the fractal correlation 

dimension in 1983 [Grassberger, Procaccia 1983]. Mathematically it is calculated 

using a correlation integral: 

𝐶(𝑟) = lim
𝑁→∞

[
1

𝑁(𝑁 − 1)
∑ ∑ 𝐻(𝑅 − |𝑥𝑖⃗⃗⃗  − 𝑥𝑗⃗⃗⃗  |)

𝑁

𝑗=1,𝑗=𝑖

𝑁

𝑖=1

] (1) 

Where: N – number of data points, r – distance, xi,xj – trajectory points, H(z) – the 

Heaviside step function, which is equal to 1 when z ≥0 and 0 for z < 0. 

To demonstrate a scale invariance, typical for fractals, a set of points must follow the 

rule: 

lim
𝑟→0

𝐶(𝑟) ∝ 𝑟𝐷2  (2) 

Then the correlation dimension is estimated from the slope of a straight regression 

line on a double logarithmic scale plot of C(r) vs r: 

𝐷2 = lim
𝑟→0

log 𝐶(𝑟)

log 𝑟
 (3) 

The above algorithm has many advantages, most importantly simplicity of its 

implementation and resource efficient computation process [Hilborn 1994]. However, 

it is by no means flawless. The number of data points needs to be thoughtfully 

selected as it seems to have an influence on the final result of the correlation 

dimension. One needs to be very sceptical of a slope estimation from small data sets. 

Sample entropy (SampEn) as a measure of complexity was developed by Richman 

and Moorman [Richman, Mooran 2000]. It has roots in the work of Kolmogorov, 

Sinai, Eckman and Ruelle, and Grassberger. While having fairly straight-forward 
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physical interpretation: low values indicate more ordered data sets and high values 

suggest chaos, the results are not always obvious or intuitive.  

Sample entropy depends on three parameters: m – length of vectors, r – tolerance, N 

– number of data points. The distance between two vectors is denoted  

𝑑[𝑥𝑚(𝑖), 𝑥𝑚(𝑘)]. Sample entropy is defined as a negative natural logarithm of the 

probability that 𝑑[𝑥𝑚+1(𝑖), 𝑥𝑚+1(𝑘)] ≤ 𝑟 provided that 𝑑[𝑥𝑚(𝑖), 𝑥𝑚(𝑘)] ≤ 𝑟. If 

B is equal to number of pars of vectors 𝑥𝑚(𝑖), 𝑥𝑚(𝑘) that 𝑑[𝑥𝑚(𝑖), 𝑥𝑚(𝑘)] ≤ 𝑟 

and A to number of pars 𝑥𝑚+1(𝑖), 𝑥𝑚+1(𝑘) that 𝑑[𝑥𝑚+1(𝑖), 𝑥𝑚+1(𝑘)] ≤ 𝑟, then: 

𝑆𝑎𝑚𝑝𝐸𝑛(𝑚, 𝑟, 𝑁) = − ln (
𝐴

𝐵
) (4) 

Sample entropy is theorized to be independent of data length and demonstrate relative 

consistency in results [Yentes et al. 2012], although the original authors indicate that 

number of data points should not be too small.  

Various studies suggest that a low value of sample entropy is due to order or spikes, 

which may seem counterintuitive at first, but a plausible explanation is provided 

[Richman et al. 2004].  

Hurst exponent (H) is a statistical measure utilised in a description of time series 

[Hurst 1956]. It characterises a long-term memory of the data. Hurst expanded 

Einstein’s theory of Brownian motion (the random walk), where the distance R 

walked by a particle increases proportionally to a square root of time: 

𝑅 = 𝑇0.5 (5) 

He acquired a more general form of the equation 5. By using rescaled range analysis 

(R/S analysis) [Qian, Rasheed 2004]: 

(
𝑅

𝑆
)
𝑛
= 𝑐 ∙ 𝑛𝐻 (6) 

where: R – range series, S – standard deviation, c – proportionality constant, n – 

number of data points, H – Hurst exponent. 

In order to estimate the Hurst exponent, R/S versus n is plotted on a loglog scale. The 

slope of a regression line indicates the approximate value.   

Hurst exponent is related to the fractal dimension as both follow the same principles 

of power law [Mandelbrot 1985]. Its values are within 0 and 1, while 0.5 is equal to a 

random noise [Weron 2002]. Time series which values exhibit greater dependency on 

a previous one, are characterised by the Hurst exponent above 0.5. 
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III. Available data 

The research focused on logs acquired from one on the wells (named Pluto 6) in the 

Pluto gas field, located in the western part of Australia in the Northern Carnarvon 

Basin (Fig. 1). 

 

Fig. 1 Pluto 6 gas well location. 

This region has been well studied in terms of geology and hydrocarbon potential. The 

Pluto trap is likely to have formed in late Jurassic in response to the failed continental 

break-up of the Australian – Indian tectonic plates. The seal to the field is provided 

by the Dingo marine claystones and Forestier Claystones. The gas reservoir is formed 

mostly by late Triassic sandstones.  

The Pluto 6 gas well has the depth of 3241.5 MTVDSS. The full list of geophysical 

logs used in the study, accompanied with respective nomenclature is provided in the 

Table 1. All the data was recorded with a depth step equal to 0.1524 m. 
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Table 1. Logs of the Pluto 6 borehole. 

No Symbol Unit Parameter 

1 RHOB g/cm
3
 bulk density 

2 NPHI m
3
/m

3
 neutron porosity 

3 PE barns/e photo-electric factor 

4 DT µs/m transit interval time 

5 GR API intensity of natural radioactivity 

6 Th ppm formation thorium concentration 

7 K m
3
/m

3
 formation potassium concentration 

8 U ppm formation uranium concentration 

9 R_shallow ohmm 
resistivity recorded in various distances from borehole 

axis, true resistivity of uninvaded zone and flushed 

zone 

10 R_med ohmm 

11 R_deep ohmm 

 

IV. Methodology 

In order to measure a change of correlation dimension, sample entropy and Hurst 

exponent, the data was divided into parts of 50 and 25 m. It produced a set of 328 and 

164 points, respectively. Since the value of correlation dimension depends on the 

number of samples, a compromise between width of a region and number of data 

points had to be made. It was decided that those values would be adequate to measure 

geophysical log volatility on smaller intervals, providing reliable calculations. 

Correlation dimension, sample entropy and the Hurst exponent were estimated using 

a Python program, written solely for this purpose. The range of r-values, needed to 

calculate D2 (see eq. 3) was chosen as a list of values by successively multiplying the 

minimum value (equal to 10% of standard deviation for a measured set of points) by 

the factor of 1.03, until the maximum value is reached (50% of standard deviation). 

The program created graphs for every interval because the results had to be 

investigated visually. Figures 2-4 present examples.  
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Fig. 2 Sample loglog plot. Slope of the regression line is the correlation dimension. 

 

Fig. 3 Histogram of the individual distances for m and m+1 (sample entropy). 

 

Fig. 4 Hurst exponent is estimated from the slope of the regression line. 
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V. Results and discussion 

The results have been shown on graphs as a function of depth. Graphs are 

encompassed by rock formations. Figure 5 presents differences between correlation 

dimension for different intervals: 50 and 25 m for RHOB, NPHI, PE and DT. As it 

can be seen, shape of the curve is somewhat similar in both cases. The same property 

was noticeable across every other studied curve. Due to this fact, it was decided to 

present further results of 25 m window, as it produced more detailed visualisation. 

Some layers are characterised by much lower D2 values than others. Correlation 

dimension of RHOB, NPHI, PE and DT is higher in the Mungaroo Formation, while 

lower for GR, Th, K and U (Fig. 6). It was not possible to estimate D2 value of 

resistivity logs below 3000 m nor K above 3000m (the data did not fit into a straight 

regression line), hence missing values on the graph. Sample entropy decreases with 

depth (Fig. 7). Although curves were rougher in this region, indicating greater 

irregularity, number of spikes on a log dominated the results. Resistivity of 

uninvaded and flushed zone was similar, suggesting that not much of a drilling fluid 

migrated into the formation above 2900 m. This can be partially explained by 

lithology – impermeable limestones and claystones. Hurst exponent (Fig. 8) well 

above 0.5 points at high dependency on previous value. 

 

Fig. 5 Representative difference between 50 (top) and 25 m (bottom) interval. 
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Fig. 6 Correlation dimension for different logs. 25 m window. 
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Fig. 7 Sample entropy for different logs. 25 m window. 
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Fig. 8 Hurst exponent for different logs. 25 m window. 
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For correlation dimension at least 2 noticeable regions of a lower correlation 

dimension value can be noticed on almost every graph: in the Dockrell Formation 

around 2550 m and Toolonga Calcilutite/Haycock Marl between 2700 and 2800 m. 

Correlation dimension values calculated for RHOB, NPHI, PE and DT are very close 

in the Mungaroo Formation below 3000 m. This region contained hydrocarbons and 

logs were of a similar roughness. Additionally, Figure 8 presents that the Hurst 

exponent values tend to increase with depth, reaching maximum values of 0.8 – 0.9 in 

the Mungaroo Formation. 

VI. Conclusions 

1. The differences between 25 and 50 m window were minimal. While the latter 

may provide general idea of correlation dimension, sample entropy and Hurst 

exponent, in this specific case, the 25 m window allowed for more detailed 

representation. Although there is no ‘right’ method of choosing a range, two factors 

need to be balanced. It cannot be too broad because important details might be lost. A 

common depth step on logs is usually 1 ft. or 0.1 m thus the number of data points 

(resolution of measurement) is limited and the range increases rapidly. Secondly, 

values of correlation dimension, sample entropy and Hurst exponent are influenced 

by a size of a data set.  

 

2. Although the methodology still needs to be refined, correlation dimension can 

show differences between geological layers. Those that were distinct enough to others 

(by giving a different log) also produced differences on correlation dimension vs 

depth graphs. From 8 available, it was possible to estimate between 4 to 6 layers 

boundaries using this method. Thinner formations (eg. Forestier Claystone) could not 

be replicated to a satisfactory degree.  

 

3. Sample entropy generally decreased with depth. This phenomenon is 

counterintuitive as geophysical logs were usually more chaotic and irregular towards 

the bottom of the wellbore. The results seem to be dominated by the number of spikes 

on logs. 

 

4. Hurst exponent has shown positive dependency throughout every log (values 

above 0.5 for random noise). High and similar values for RHOB, NPHI, PE and DT 

are also replicated on the correlation dimension graph. It suggests that comparing 

Hurst exponents side by side may also show similarities between different logs. 
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Abstract 

This study investigated a geopolymerization system to understand the effects of 

solid/liquid (S/L) ratios ranging from 0.4 to 1.0, a geopolymerization system was 

investigated that produced geopolymers with various silicon carbide sludge (SCS) 

replacement levels (0%–40%). The results indicated that for SCS metakaolin-based 

(SCSMB) geopolymers with SCS replacement levels of 10%–40% and an S/L ratio of 

1.0, the strength decreased from 70.02 to 48.47 MPa during the later stage of curing 

(after 56 days). The mesopores of SCSMB geopolymers with an S/L ratio of 0.8 

increased rapidly to 96.13% during the early stage of curing (1 day), which is similar 

to the trends observed for the force value of the sample with an S/L ratio of 1.0 

(96.58%). At temperatures ranging from 230℃ to 400℃, the weight loss of the 

SCSMB geopolymers with SCS replacement levels of 0%–40% was 4.10, 3.91, 3.74, 

3.71, and 3.69 wt.%, respectively. The SCSMB geopolymers with an SCS 

replacement level of 10% and an S/L ratio of 1.0 exhibited highly favorable 

mechanical characteristics and microstructures. 

 

Keywords: Silicon carbide sludge, Mesopores, Geopolymeric gel, geopolymerization, 

Solid/liquid ratio 

 

1. Background 

Commercial cement is the most commonly used structural material worldwide 

[1], with an annual output of 1.6 billion tons. Commercial cement is manufactured 

using different methods that consume a large amount of power and thus release 

considerable amounts of CO2 into the atmosphere [1]. This gas emission resulting 

from human activity accounts for 6%–8% of CO2 emissions and 60% of greenhouse 

gases [2]. Geopolymers have attracted extensive attention as a possible replacement 

for OPC because of their mechanical properties and low CO2 emission during 

synthesis [3–5]. Inorganic polymers are a type of cementation material formed by 
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mixing silicate aluminum materials (natural materials and industrial waste) with 

alkaline silicate solutions or alkaline metal [6]. Inorganic polymers are manufactured 

at room temperature and emit approximately 76% less CO2 into the atmosphere than 

does OPC [7–9]. 

Slicer loss silicon is a form of mud (silicon carbide sludge [SCS]) comprising 

clean slight particles of abrasive silicon carbide (SiC), alumina, and metal impurities 

from cutting wire. To manufacture sapphire substrates for blue light-emitting diodes 

(LEDs), considerable amounts of harmful slicer loss silicon and alumina with silicon 

particles are manufactured, causing severe environmental problems. 

The polymer reaction for the production of geopolymers (e.g., 

geopolymerization) is an intricate process comprising three main steps: (1) alkaline 

activation, which involves the release of silicate aluminum materials by alkaline to 

generate monomers; (2) reorientation, which relates to the transportation, orientation, 

and condensation reactions of Si–O–Al bond units into comonomers; and (3) 

polycondensation, in which the overall system is converted into a three-dimensional 

(3D) Si–O–Al framework structure [10, 11]. As the reaction progresses, tetrahedral 

SiO4 and AlO4 monomers react with oxygen atoms to produce polycondensation Si–

O–X (Si or Al) bonds, the chemical formula of which is presented in (1).  

Xa[–(Si–O2)b– Al –O]a‧wH2O (1) 

where X is an alkaline metal positive ion (e.g., potassium or sodium), a indicates 

the degree of polymerization, and b represents in the range of 1–3 [12, 13]. 

The use of raw materials from industrial waste (e.g., fly ash and slag) in the 

synthesis of alkaline activation aluminosilicates in geopolymers has been studied. 

Firdous et al. [14] indicated that natural pozzolans are abundant in the reactive 

alumina and silica required for inorganic polymer synthesis and can thus serve as an 

alternative binder to OPC. The indirect strength of the sample was 16.25% lower than 

that of the OPC sample at 7 days but increased by 33.7% more than that of the OPC 

sample at 28 days [15].  

The primary composition of SCS is SiO2, but Al2O3 is typically present as a 

result of contamination from sapphire substrates. SCS is an aluminosilicate that reacts 

quickly with alkali solutions, and it contains higher amounts of silicate and aluminum 

because aluminosilicates rapidly dissolve when SCS reacts with NaOH solutions. 

Thus, SiC sludge can be considered an aluminosilicate material that yields SCS 

metakaolin-based (SCSMB) geopolymers. The present study investigated a 

polymerization system yielding SCSMB geopolymers with various SCS replacement 

levels (0%–40%) and contributes to the circular economy. In particular, this study 

examined the effects of a silicon/sodium ratio of 1.6 and a S/L ratio of 0.4–1.0 as well 

as the SCS replacement level in geopolymers on their compressive strength, which 
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was evaluated in a laboratory. To elucidate the effect of SiC sludge replacement on 

geopolymer formation, the microstructure and geopolymerization were characterized 

through thermogravimetric and differential thermal analysis (TG/DTA), mercury 

intrusion porosimetry (MIP), and scanning electron microscopy (SEM). 

 

2. Methods 

An alkaline solution that contained sodium silicate solution (Na2SiO3; SiO2 = 

28.1%、Na2O = 9.09%、H2O = 62.8%) and 10M NaOH, with the Silicon/Sodium ratio 

of 1.6 and S/L from 0.4 to 1.0, was adopted to activate the metakaolin and SCS. 

Metakaolin is mixed alkali solution for five minutes with SCS (0-40 wt.%). The SCS 

pastes are cast in a plastic mold (size= 1 in
3
) for the analysis of microstructure 

characteristic and mechanical properties. The mechanical strength of the SCS 

samples were analysis after 1, 7, 14, 28 and 56 days based on ASTM C348 standard. 

The mechanical properties were evaluated by the three specimens is expressed. 

Finally, the SCSMBs were analyzed at appropriate curing times by TG/DTA, MIP 

and SEM images. 

 

3. Results 

3.1 Mechanical performance of geopolymers with SiC sludge 

Figure 1 displays the effects of the SCS content (0%–40%), S/L ratio (0.4–1.0), 

and curing time (1–56 days) on the strength of the SCSMB geopolymers. When the 

S/L ratio was 0.4, the strength of the SCSMB geopolymers increased rapidly from 

13.05 to 16.98 MPa during the early stage of curing (1–14 days). The strength of the 

SCSMB geopolymers with 0% SCS replacement was 19.33 MPa (Figure 1(a)) at the 

later curing stage of 56 days. When the S/L ratio was 0.4, the SCSMB geopolymers 

showed lower strength values than did those with high S/L ratios (0.6, 0.8, and 1.0) 

because the inadequate dissolution of SiO4 and AlO4 in the mixtures resulted in the 

constitution of weak Si–O–Al frameworks through SCS [16]. The degree of 

polymerization of these monomers corresponded with their strength, which increased 

with the stabilization of the structure and constitution of Si–O–X (Si or Al) networks 

[17, 18]. 

In this study, the mechanical properties of the SCSMB geopolymers improved 

when the curing time increased from 1 to 56 days and then deteriorated with further 

increases in SCS content (0%–40%). When the S/L ratio was 1.0, the strength of the 

SCSMB geopolymers with SCS replacement levels of 10%–40% decreased from 

70.02 to 48.47 MPa during the later curing stage of 56 days (Figure 1(d)). Because 

SCS was not primarily used for cementation, it reduced the amount of soluble SiO4 

and AlO4 initially dissolved through geopolymerization; thus, the precursor content in 
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the geopolymerization system decreased, thereby reducing the strength. 

 

 

            (a) Solid/Liquid = 0.4              (b) Solid/Liquid = 0.6  

  

            (c) Solid/Liquid = 0.8              (d) Solid/Liquid = 1.0 

 

Fig.1. Comparison of the average compressive strength results for the geopolymer 

replacement levels of Silicon Carbide Sludge (0%–40%) at an age of 1, 7, 14, 28 and 

56 days. 

 

3.2 MIP analysis of geopolymers with SiC sludge 

In this study, MIP analysis comprehensively revealed the effects of SCS content 

(0%–40%), S/L ratio (0.6 and1.0), and curing time (1–56 days) on the pore structure 

of the SCSMB geopolymers. The IUPAC radius classification system categorizes 

pores as airhole (50000–5000 nm), macropores (5000–25 nm), mesopores (25–1 nm), 

and micropores (<1 nm) [19].  

After 56 days of curing, the mesopore content decreased from 96.63% to 

96.46% in SCSMB geopolymers with 10%–40% SCS replacement, as indicated in 

Figure 2. Because SCS was not primarily used for cementation, it reduced the amount 

of soluble SiO4 and AlO4 initially dissolved through geopolymerization, and the 

precursor content in the geopolymerization system decreased, thus reducing the 

amount of geopolymer gel.  

The SCSMB geopolymers with 10%–40% SCS replacement levels and an S/L ratio 

of 1.0 was consistent had pore volumes that were consistent those of mesopores in the 
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geopolymer framework structures, as depicted in Figure 3. The mesopore content in 

SCSMB geopolymers with an SCS replacement level of 10% was 98.94% during the 

curing period from to 56 days. Geopolymerization promotes the transformation of 

SCS pores into mesopores, causing large pores to become filled with reaction 

products. When the SCS replacement level was 20%–40%, the mesopore content of 

the SCSMB geopolymers decreased from 97.59% to 95.24% (Figure 3). 

 

 

 

 

Fig. 2. The percentage of pore volume results for the Silicon Carbide Sludge-MKGP. 

(Solid/Liquid = 0.6) 
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Fig. 3. The percentage of pore volume results for the Silicon Carbide Sludge-MKGP. 

(Solid/Liquid = 1.0) 

 

3.3 DTA/TG of geopolymers with SiC sludge 

In this study, geopolymers were prepared by replacing kaolin with SCS, and the 

weight loss as a result of the decrease in SCS in the geopolymer was evaluated by 

performing DTA/TG, which revealed the weight loss of the geopolymer under 

different curing times and with different substitution levels. 

Figures 4–5 show the effects of SCS content (0%–40%), S/L ratio (0.6 and1.0), 

and curing time (1–56 days) on the DTA/TG curves of SCSMB geopolymers. The 

first peak, which occurred at approximately 270°C, was associated with the loss of 

H2O in the structure; the second peak, which occurred at approximately 530°C, 

indicated that the product was likely to be amorphously structured geopolymeric gel 

[20]. The third peak, which occurred at approximately 750°C, correlated with the loss 
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of H2O in the geopolymer gels. The endothermic peak between 170°C and 210°C was 

associated with loss of carbonate species in the geopolymer. Rakhimova et al. [21] 

reported that such phenomena appear in geopolymeric gel but not in metakaolin, 

indicating that carbonation occurs in geopolymeric gel during synthesis. After heating, 

the water in the pore structure dissipates from the pores, thus generating an 

absorption peak at 270°C. The weight loss at approximately 750°C was caused by 

H2O evaporation through the polymerization of SiO4 or AlO4 groups on the surface of 

the structure as a result of a common exothermic reaction:  

≣Z-OH+HO-Z≣→≣Z-O-Z≣+H2O, 

where Z represents Si and Al. The reaction between the two –OH groups couples 

the two surface groups to form the silicate and aluminum frameworks. 

Figure 13 presents the DTA/TG curves of SCSMB geopolymers with SCS 

replacement levels of 0%–40% (S/L = 1.0). When the S/L ratio was 1.0, the DTA/TG 

curves indicated a considerable difference in the endothermic peak at 530°C of 

geopolymers of SCS from that of the geopolymers with an S/L ratio of 0.6. The 

endothermic peak at 530°C could be easily observed for geopolymers of SCS with an 

S/L ratio of 0.6. However, the endothermic peak was notably smaller and had a wider 

range for SCSMB geopolymers. One possible reason for this is that the amorphous 

gel may be tightly bound to the geopolymers or incorporated into the structure of the 

geopolymers, making it difficult to detect. 

After 56 days of curing, SCSMB geopolymers with SCS replacement levels of 

0%, 10%, 20%, 30%, and 40% exhibited weight loss of 6.60, 6.67, 6.43, 6.34, and 

6.25 wt.%, respectively. The high S/L ratio prompted the dissolution of the initial 

solid and consequently promoted the geopolymerization reaction, which caused the 

rapid formation of three-dimensional (3D) silico–aluminate structures. Therefore, the 

structure strength increased with increasing amounts of amorphously structured 

geopolymeric gel in the geopolymerization system. Furthermore, lower weight loss 

occurred in the temperature range of 400°C–600°C. The SCSMB geopolymers with 

SCS replacement levels of 0%, 10%, 20%, and 40% exhibited weight loss of 3.93, 

3.89, 3.89, and 3.85 wt.%, respectively. 
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Fig. 4. DTA/TG curves of the Silicon Carbide Sludge-MKGP. (Solid/Liquid = 0.6) 
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Fig. 5. DTA/TG curves of the Silicon Carbide Sludge-MKGP. (Solid/Liquid = 1.0) 

 

3.4 Influence of SiC sludge and S/L ratios on the geopolymer  

Figures 6 display the SEM images of SCSMB geopolymers with various SCS 

contents (0%–40%) and curing times (56 days) and an S/L ratio of 0.6. Figures 6 

reveal that the geopolymers of SCS primarily had a heterogeneous structure. The 

density of the SCSMB geopolymer structure increased with longer curing times as a 

result of amorphous gel products gradually filling the pores of the geopolymer 

structure. The amorphous silicon and aluminum present in SCS was dissolved by 

NaOH when combined with sodium silicate in the alkaline solution, forming 

amorphously structured geopolymeric gels [22, 23]. 

At the S/L ratio of 1.0, the density of the SCSMB geopolymer structure 

increased rapidly during the curing time of 56 day (Figure 7). The density of the 

geopolymer structure increased during the later stage (56 days) because the high S/L 

ratio promoted the dissolution of the initial solid, consequently promoting the 

geopolymerization reaction, which caused the rapid formation of 3D silico–aluminate 

structures [18]. Therefore, the geopolymerization rate increased with the amount of 

amorphously structured geopolymeric gel in the geopolymerization system [24]. 
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(a) Replacement Level= 0% (b) Replacement Level= 10% (c) Replacement Level= 20% 

  

(d) Replacement Level= 30% (e) Replacement Level= 40% 

Fig. 6. SEM spectra of a Silicon Carbide Sludge metakaolin-based geopolymer 

specimens after 56 day of curing. (Solid/Liquid = 0.6) 

 

   

(a) Replacement Level= 0% (b) Replacement Level= 10% (c) Replacement Level= 20% 

  

(d) Replacement Level= 30% (e) Replacement Level= 40% 

Fig. 7. SEM spectra of a Silicon Carbide Sludge metakaolin-based geopolymer 

specimens after 56 day of curing. (Solid/Liquid = 1.0) 
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4. Conclusions 

(1) For the SCSMB geopolymer, the compressive strength increased as the curing 

time increased from 1 to 56 days and then decreased with further increases in SCS 

content (0%–40%). After 56 days of curing, for SCSMB geopolymers with 10%–

40% SCS replacement levels, the compressive strength decreased from 70.02 to 

48.47 MPa (S/L = 1.0). 

(2) At the S/L ratio of 1.0, the mesopore content of the SCSMB geopolymers 

increased rapidly to 96.58% during the early stage of curing (56 days). After 56 

days of curing, for the SCSMB geopolymers with SCS replacement levels of 

20%–40%, the compressive strength decreased from 97.59% to 95.24%. 

(3) Weight loss of SCSMB geopolymers was the maximum at temperatures of 

230°C–400°C. After 56 days, the SCSMB geopolymers with SCS replacement 

levels of 0%–40% exhibited weight loss of 4.10, 3.91, 3.74, 3.71, and 3.69 wt.%, 

respectively. 

(4) SCSMB geopolymers with 10% SiC sludge replacement levels and an S/L ratio of 

1.0 yielded highly favorable mechanical characteristics and microstructure in 

terms of strength, MIP data, DTA/TG results, and SEM images. 
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1. Background/ Objectives and Goals 

In previous works we found that adding poly(vinyl pyrrolidone) (PVP) or graphene 

oxide (GO) to poly(vinylidene fluoride) (PVDF) membranes can increase their 

hydrophilicity and antifouling properties to achieve better filtration permeance. 

However, in water treatment processes it is necessary to study the solute 

concentration effect in feed water for filtration efficiency. Therefore, we use different 

dye concentrations and investigate the concentration impact on the permeance and 

rejection rate. 

 

2. Methods 

An experimental membrane consisting of poly(vinylidene fluoride)-poly(vinyl 

pyrrolidone) (PVDF-PVP) blend with graphene oxide (GO) was fabricated using a 

phase inversion technique. The polymer-GO suspension was cast onto a nonwoven 

fabric as a supporting substrate to prevent shrinkage and increase the resulting 

membrane mechanical properties. After the phase inversion in water was completed, 

the membrane was dried in a vacuum oven for further testing. 

 

The membrane filtration tests were conducted through a lab-scale cross-flow filtration 

system. The naphthol blue black (NBB) solution of three different concentrations (10 

ppm, 15 ppm, and 20 ppm) was fed into the filtration test module. Membrane 

separation performance was evaluated in terms of the permeance and dye rejection. 

 

3. Expected Results/ Conclusion/ Contribution 

The prepared PVDF-PVP-GO mixed matrix membrane had a thickness of 150 µm 

and pore size of 40-190 nm. When the NBB solution was fed into the microporous 

PVDF-PVP-GO membrane, the filtrate concentration was similar (3 to 4 ppm) for 

10-20 ppm feeds. As the NBB concentration was increased from 10 to 20 ppm, the 

rejection rate was improved from 54% to 84%, but the permeance was decreased 

from 933.8 Lm
-2

h
-1

MPa
-1

 to 774.5 Lm
-2

h
-1

MPa
-1

. The higher dye solution 
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concentration had a relatively large number of large particles distributed in the 

solution. The rejection rate will then be higher than that for the other two. As the 

concentration was decreased, the proportion of large particles in the solution 

decreased, and a higher proportion of small particles could easily pass through the 

membrane, leading to a decrease in the rejection rate. In addition, the NBB solution is 

negatively charged. As the concentration rises from 10 ppm to 20 ppm, greater 

negative charge is carried by the solution and the zeta potential value decreased from 

-17.55 mV to -25.46 mV. Greater repulsive force will be generated between the 

solution and the negatively charged composite membrane, which is opposite to the 

pressure direction given by the cross-flow filtration system. As a result, the NBB 

solution concentration increases and the filtrate flux correspondingly decreases. 

 

Keywords: Dye removal, membrane separation, microporous mixed matrix 

membrane, filtrate flux, Donnan exclusion. 
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Abstract 

  The increase in development of smart grid, the efficient energy management 

system for a time-of-use (TOU) rate industrial user may become a more important 

problem in Taiwan. This paper develops an extension of the direct search method 

(DSM) to solve the operating schedule of a TOU rate industrial user under the 

demand bidding mechanism of Taipower. To maximize the total incentive obtained 

from Taiwan power company (TPC), several operation strategies of battery energy 

storage system (BESS) are evaluated in the study to curtail the peak demand and 

achieve energy conservation. A TOU rate industrial customer of TPC is used as an 

example to validate the feasibility of the DSM algorithm for the application 

considered. Numerical experiments are included to provide a favorable indication of 

whether to invest in BESS for the renewable energy based TOU rate industrial user to 

execute the demand bidding program (DBP). 

 

Keywords: smart grid, time-of-use, demand bidding program, battery energy storage 

system, direct search method. 

 

1. Introduction 

    With increasing fuel prices and environmental concerns of the power industry, 

renewable energy technologies offer very attractive economic solutions in the utility 

industry. In Taiwan, various renewable energy sources (RES) based hybrid system 

has received extensive attention and application, and are widely used or undergoing 

testing in the time-of-use (TOU) rate industrial users [1]. Despite various benefits of 

the RES, the intermittency and unpredictability of renewable power generation may 

cause operation issues and waste usable capacity when the installation of the RES 

increases. The uncertainty posed by renewable power generation requires the 

scheduling of additional generation reserves to compensate for possible fluctuations 

in power of the RES [2-3]. However, the percent reserve margin of generators in 

Taiwan decreases year by year, which may operate at a risky state for the system. To 
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ensure the security and reliability of a power system, a better understanding of the 

required operating reserves with larger renewable penetrations is needed. In the future 

smart grid system, many problems will also arise in renewable energy based TOU 

rate customers, particularly in system operating and planning. The importance of the 

energy management is likely to increase for peak shaving in the renewable energy 

based TOU system.  

Energy management consists of demand side management, peak load reduction 

and reducing carbon emissions [4-6]. The TOU rate is a load management policy to 

obtain a smoother load curve for the utility grid and save the electricity bills for the 

industrial customers. Recently, a program called demand bidding is implemented in 

Taiwan to encourage the involvement of more TOU rate users. For the Taiwan power 

company (TPC), the main purpose of the demand bidding program (DBP) is to 

collaborate with the customers on demand response (DR) for solving the crisis of 

energy shortage and reducing the operating expense from expensive generators. For 

some heavy load TOU rate users, electricity charges, including the demand contract 

capacity cost, the total energy cost and the penalty bill, play a prominent role in 

production costs. In order to minimize the total electricity cost of a TOU rate 

customer, many different energy storage devices, such as battery energy storage 

system (BESS), refrigeration storage (RS), compressed air energy storage (CAES), 

etc., have been investigated. Among them, the BESS is one of the most promising 

technologies to reduce the cost of electricity for TOU rate users. [7-8]. The 

importance of the scheduling problem of BESS is, thus, like to increase, and more 

advanced algorithms are worth developing to maximize the electricity incentive 

received from the power utility for executing the DBP. 

Energy management system plays an important role to execute the DBP for the 

TOU customers in the smart grid. The aim of this study is to evaluate the operating 

policy of BESS for a renewable energy based TOU rate industrial user under the 

demand bidding mechanism of Taipower. Many mathematical programming analysis 

methods and random search optimization techniques could be used to solve the 

extended generation scheduling problem, such as multi-pass dynamic programming 

(MPDP) [8], direct search method (DSM) [9], genetic algorithm (GA) [10] and 

particle swarm optimization [11]. Among all, the DSM approach is of particular 

interest because of its simple architecture, high-quality solution and fast convergence. 

In this paper, an extension of DSM is developed to solve the optimal generation 

schedule problem in a TOU system for executing the DBP [12]. To deal effectively 

with the coupling constraints of system operation problem, the three-state dynamic 

programming (DP) is also incorporated into the DSM to augment the direct stochastic 

search procedure. The developed DSM computation tool can be used for addressing 



448 
 

the key BESS integration issues. The developed DSM software can also be used to 

maximize the contribution of RES and BESS for reducing the electricity cost of a 

TOU rate industrial user. Test results are provided to assess the impact and economic 

benefits of the installation of BESS for executing the DBP. 

 

2. Problem Formulation and System Modeling 

2.1 Demand-bidding Mechanism of Taipower  

    The demand bidding mechanism utilized in Taiwan is to allow a lot of customers 

to decide the load-reduction amount and the bidding price with their acceptable time 

to TPC. The winning customers are then determined by the TPC according to the 

system marginal cost or others. The demand-bidding mechanism of Taipower 

includes economical type, reliable type, and aggregated type [13-14]. In this study, 

the economical type is of particular interest because of customer’s preference for 

incentive. The general rule of economical type is described as follows:  

First, the month of DR execution and the monthly minimum contract capacity of 

load-reduction can be decided by the TOU rate user. Second, the TOU user can 

choose the DR execution duration, which can last either 2 hours or 4 hours each day, 

and the total execution time in the same month cannot exceed 36 hours. Third, the 

customer baseline load (CBL) is calculated by the average value of the same period 

of DR execution time in previous five days except for weekends, off-peak day, 

holidays, and load-reduction day. Finally, the actual load-reduction amount is 

calculated by the difference CBL and the maximum demand during the DR execution 

time. If the actual amount is less than the minimum contract capacity (50kW) of load 

reduction, it is treated as 0 without penalty bill. Figure 1 gives an explanation and it 

can be formulated as follows for the load-reduction day (d*):  

 

 

Fig. 1: Example for the calculation of actual load reduction 
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 ，

 (4) 

where CBL(d*) is the customer baseline load for the day d*, PUmax(d*) is the 

maximum demand during DR execution time for the day d*, PD
bt

(d*) is the load 

demand in period bt for the day d*, BDT(d*) is the DR execution time (2 hours or 4 

hours) for the day d*, ABP(d*) is the actual load-reduction amount for the day d*. 

 

2.2 Objective Function  

    The main objective of solving generation scheduling problem is to minimize the 

total electricity cost of a TOU rate industrial user while satisfying all operational 

constraints. The mathematical model of the generating scheduling problem can be 

stated as follows.  

1 1 1

( , ) ( )
D T D

PE BD

d t d

TOC = Minimize F t d F d
  

   (5) 

1

( , ) ( ( , ) ( , ) ) ,    ( , ) 0
( , )

0                                                            , 

( , )
PE D bat grid

PE

ND

NDj

j

C t d P t d P t d if P t d
F t d

else

P t d


   









 (6) 

( ) ( ) ( ) ,    d load-reduction day
( )

0                               , 

BD

BD

C d ABP d BDT d if
F d

else

  





 (7) 

where TOC  is the total electricity cost, d is the index for day intervals, D is the 

total analysis days, t is the index for time intervals, T is the number of time intervals 

(one day), FPE is the cost of the purchased power, FBD (d)is the total incentive for the 

day d, CPE is tariff of the purchased power, PD is system load demand, Pbat is the 

power output of battery (positive for discharging and negative for charging), ND is 

the number of non-dispatchable units in system, PNDj is the power output of 

non-dispatchable unit j, Pgrid is the power output of utility grid, CBD is the bidding 

price during the DR execution time. 

 

2.3 Operational Constraints  

   The system and generator constraints for the generation scheduling problem are 
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shown as follows. 

 

2.3.1 System Constraints 

  Power balance constraint 

1

( , ) ( , ) ( , ) ( , )
ND

NDj grid bat D

j

P t d P t d P t d P t d


                                (8) 

2.3.2 Non-dispatchable Unit Constraints 

  Wind power curve constraints 

*

max

0 ( , ) ( , )

( , ) ( ( , )) ( , )

( , )
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Wj Rj Oj
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  Solar radiation/ambient temperature power curve constraints 

*

max

0 ( , )

( , ) ( ( , ), ( , )) ( , )

( , )

r

PVj j r r r

PVj r

S t d SD

P t d S t d T t d SD S t d SU

P S t d SU



 


  
 

  (10)  

where *

WjP  is the available generation of wind unit j, max

WjP  is the upper generation 

limit of wind unit j, )(j  is the wind power curve of wind unit j, v is the wind speed, 

vIj is the cut in wind speed of wind unit j, vRj is the rated wind speed of wind unit j, vOj 

is the cut out wind speed of wind unit j, *

PVjP is the available generation of solar unit j, 

)(j  is the solar radiation/ambient temperature power curve of solar unit j, max

PVjP  is 

the upper generation limit of solar unit j, Sr is the solar radiation intensity, Tr is the 

ambient temperature at solar, SD is the minimum solar radiation intensity, SU is the 

maximum solar radiation intensity.  

2.3.4 Battery Constraints 

 Charge/discharge power limits 

max max( , )bat bat batP P t d P    (11)  

  State of charge limits   

min max( , )SOC SOC t d SOC   (12) 

  State of charge balance equation 

( , ) ( 1, ) ( , )        ( , ) 0bat B batSOC t d SOC t d P t d t if P t d       (13) 

 
( , ) ( 1, ) ( , )             ( , ) 0bat bat

B

t
SOC t d SOC t d P t d if P t d




      (14) 
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where max

batP  is the maximum power output of battery, SOC is the energy left in the 

battery, SOCmin is the minimum energy left in the battery, SOCmax is the maximum 

energy left in the battery, 
B  is the battery efficiency during the 

charging/discharging period, t  is the time interval.  

2.3.5 Utility Grid Constraints 

  purchased power limits 

max0 ( , )grid gridP t d P   (15) 

where max

gridP  is the maximum power output of utility grid (contract capacity). 

 

3. Evaluation of Operating Policy for the TOU rate industrial user 

3.1 Assessment of Operation Strategy for Executing the DBP  

To minimize the total electricity cost of a TOU rate industrial user, several 

operating strategies of BESS are evaluated for executing the DBP to curtail the peak 

demand and achieve energy conservation. Ignoring the DBP, it is widely recognized 

that the BESS can store electrical power during the off-peak load periods because of 

the low purchasing price of the energy provided by the utility grid. The BESS system 

is then to discharge randomly during the peak-load periods when the price of 

electricity is high. This function can save on electricity costs and reduce the penalty 

bill that is caused by exceeding contracts. However, more advanced operating 

strategies will need to be developed for executing the DBP to reduce the risk of the 

BESS running out of energy in a DR load-reduction application. To maximize the 

total incentive obtained from TPC in a load-reduction day, the best operating strategy 

of BESS is to fully discharge at maximum power outputs during the DR executing 

time. This mechanism can significantly reduce the electricity costs, increase the 

economic benefits of energy generated by the BESS. But in a non-load-reduction day, 

another operating strategy is necessary for increasing the actual load reduction 

amount. Based on the calculation rule for actual load reduction, it is found that 

electricity cost savings depend on the degree of CBL. With the larger CBL, the TOU 

customers have the potential to earn incentive received from TPC for DR execution. 

To heighten the baseline load by using the BESS, the best operating strategy of BESS 

is first to fully discharge during the peak-load periods except for DR executing time. 

The BESS system is then to stop discharging at predictive maximum demand period 

(or some higher load periods) of DR execution during five days before DR event. 

Although this process may not be an economic policy at current non-load-reduction 

day, it has more potential to decrease electricity cost in the future load-reduction day. 

The aim of the study is to evaluate the dispatch strategy of BESS for the TOU rate 
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industrial user that would minimize the system electricity costs.  

 

3.2 Development of the DSM software 

To assess the potential of making profit from TPC, the direct search method 

(DSM) is extended to solve the operating schedule of a TOU rate industrial user 

under the demand bidding mechanism of Taipower. In this study, the energy stored in 

the BESS is used as the state variable and the stochastic technique is used for 

initialization. Once the amount of electrical energy stored in the BESS is determined, 

the charge/discharge power output of the BESS can be solved by applying Eqs. 

(13)-(14). Thus, the output of grid generation is determined by applying Eq. (8) to 

calculate the total electricity cost. To effectively overcome the coupling constraints of 

the generation scheduling problem considering the DBP, the three-state dynamic 

programming is also incorporated into the DSM to augment the direct search 

procedure. The direct search procedure has the ability to tackle inequality and 

equality constraints properly using a penalty technique. During successive iterations, 

the solution will be improved repeatedly and all violations of the system constraints 

are eliminated properly. The step size is then successively refined by a factor of S= S 

/ K (where reduced factor K>1) during each convergence level after the first level 

converges, until the step size is less than the predetermined resolution (e.g. ε=0.001 

kW). The proposed DSM algorithm is outlined in Fig. 2. The resulting algorithm is 

slightly more complicated than the conventional DSM [9] and the details for solving 

the generation scheduling problem could be extended by using the procedures 

described in Chen [12]. 
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Fig. 2. Simplified flow chart of the DSM approach 

 

4. Numerical Examples 

An industrial customer of the TPC system is used as an example to show the 

effectiveness and applicability of the proposed DSM algorithm [12]. The 

three-section TOU rates pricing structure for the high-voltage customer is considered. 

The energy costs of peak load (10:00-12:00 and 13:00-17:00), medium load 

(07:30-10:00, 12:00-13:00, and 17:00-22:30) and light load (00:00-07:30 and 

22:30-24:00) periods are 4.67, 2.90 and 1.32 NT$/kWh, respectively. The contract 

capacity (maximum purchased power of the utility grid) is assumed to be 350 kW. In 

the studied case, the DR execution duration is chosen to be 4 hours (13:00-17:00) by 

the TPC. The bidding price is assumed to be 10 NT$/kWh during the DR executing 

time. Figure 3 shows the TOU rate customer system which includes wind farm 

(40kW), solar PV array (37.8kW), BESS and utility grid. The available renewable 

power generation for all time periods, which can be calculated from the Eqs. (9)-(10), 

is given in Fig. 4. A simulated BESS with a rating of 180kWh/30kW is integrated into 
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this system. The minimum SOC is limited to 20% and the charging/discharging 

efficiency is 0.9. The initial/end state of charge is set to be 120kWh. The parameters 

of DSM are selected as: the number of initial solutions NP=1, the initial calculation 

step S1=18 kW, the reduced factor K=5, and the predetermined resolution  =0.01 

kW. All the computation is performed on a PC Intel(R)Core(TM) i5-4570CPU , up 

to3.2GHz. Different scenarios are considered and the studied cases are stated in detail 

as follows:  

AC Bus

DC/AC 
Converter

Pbat

PV
DC/DC 

Converter

BESS

Solar

Wind Park

Utility Grid

Ppv

PWT

PSB

Pgrid

LOAD

PD

DC Bus

   

Fig. 3 TOU rate customer system  

 

 

Fig. 4 Available generation of RES for a typical day in the summer season. 

 

4.1 Performance of the Proposed DSM Algorithm 

To demonstrate the good convergence of proposed DSM algorithm, a comparison 

of total number of iterations required and electricity costs of each convergence level 

is given in Table 1. The results show that the proposed DSM program can obtain the 

satisfactory operation schedule of the TOU industrial customer while satisfying all 
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the constraints. It is also observed that the total electricity cost is not sensitive to the 

calculation step S. In order to investigate effects of initial solutions on the final 

results, a number of randomly selected initial solutions were given to the DSM 

approach. Table 2 shows the dispatch results for 10 trial runs. In these test cases, the 

proposed DSM obtained the satisfactory solutions in approximately 0.02 sec for each 

run. In fact, several different cases were studied and the results demonstrated the 

merit of the proposed algorithm. 

 

Table 1: Comparison of iterations and TOC under various S in the TOU 

system 

Convergence Iterations TOC (NT$) 
Initialization --- 12975.646 

S1=18kW 0 12975.646 

S2=3.6kW 23 12611.493 

S3=0.72kW 24 12556.483 

S4=0.144kW 24 12545.985 

S5=0.0288kW 12 12544.726 

S6=0.00576kW 7 12544.588 

 

Table 2:  Solution of DSM After Ten Runs 

Run Initialization (NT$) TOC (NT$) 

1 31211025 12544.537 

2 27560846 12544.554 

3 22997452 12544.547 

4 27190036 12544.555 

5 25530881 12544.548 

6 25004720 12544.545 

7 24011364 12544.560 

8 24318074 12544.539 

9 20842510 12544.548 

10 27207412 12544.546 

 

4.2 Prediction of Electricity Cos Savings for executing the DBP 

To evaluate the economic benefits of the installation of BESS, the developed 

DSM software is a useful tool for the TOU rate industrial users to predict the cost 

savings from the expected new customer systems. Table 3 gives a good indicator to 

understand the effects of the BESS on the total electricity cost savings for executing 

the DBP. For the previous TOU system, if BESS were excluded in the system, the 

total electricity cost is NT$ 12975.646 in case 1. As shown in case 2, a 3.32% 

electricity cost saving is achieved when the TOU system includes the BESS. 

Obviously, the installation of the BESS creates a further electricity cost saving of 

19.49% for executing the DBP in case 3 when the bidding price is chosen to be 10 

NT$/kWh during the DR executing time. Numerical results give a good indicator to 

provide valuable information for installation of the BESS as electricity cost savers in 
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the TOU system. 

Table 3. Comparison of electricity cost saving under various simulation cases. 

Case BESS  DBP 

(Load-reduction day) 

DBP 

(Non-load-reduction 

day) 

TOC 

（NT$） 

Saving  

(%) 

1 Without Without Without 12975.646 --- 

2 With Without Without 12544.546 3.32% 

3 With With Without 10445.745 19.49% 

4 With Without With 12544.546 3.32% 

 

4.3 Effects of BESS on the Operating Schedule for Load-reduction Day 

To illustrate the effects of incorporating BESS into the TOU system on the 

existing generation scheduling problem for the load-reduction day, Fig. 5(a) shows 

the electrical energy changes in the BESS during a typical daily load. Optimal power 

outputs of the BESS are also observed from the Fig. 5(b). Ignoring the DBP (Case 2), 

it can be seen that the BESS was charged during the light-load hours when the price 

of electricity is cheaper (1.32 NT$/kWh). The BESS then discharged randomly 

during peak-load hours (10:00-12:00 and 13:00-17:00) when the price of electricity is 

high (4.67 NT$/kWh). However, more advanced operation strategy of the BESS is 

necessary to curtail the peak demand for the load-reduction day when the DBP is 

considered (Case 3). As shown in Fig. 5(b), it is found to be more cost-effective 

without discharging at high system load times (11:30-12:00) to keep the maximum 

power outputs (30kW) of BESS during the DR executing time (13:00-17:00). The 

developed DSM software is therefore a useful tool for the TOU rate industrial user to 

maximize the contribution of BESS for reducing the electricity cost of grid dispatch 

in the load-reduction day.   

  

(a)                                      (b) 

Fig. 5: (a) Electrical energy changes in the BESS (Case2&3)   

(b) Outputs of BESS during a typical daily load (Case2&3) 
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4.4 Effects of BESS on the Operating Schedule for Non-load-reduction Day 

To earn more incentive for DR execution, the developed DSM software is also a 

useful tool for the non-load-reduction day to increase the actual load-reduction 

amount. To illustrate the effects of incorporating the BESS into the TOU system on 

the generation scheduling problem in the non-load-reduction day, Fig. 6(a) shows the 

electrical energy changes in the BESS, whose power outputs are shown in Fig. 6(b). 

Ignoring the DBP (Case 2), it can be seen that the operating strategy of BESS is to 

discharge randomly during peak load hours (10:00-12:00 and 13:00-17:00) for cost 

savings. When the DBP is considered (Case 4), it is necessary to update the energy 

flow control strategies from the BESS to fully explore the TOU rate customer system 

benefits. The results show that the maximum power outputs (30kW) of BESS is kept 

for all high system load times (10:00-12:00), and the BESS system is to stop 

discharging at some higher system load periods (15:00-15:15 and 16:45-17:00) of DR 

execution to heighten the baseline load. As shown in Table 3, it is found that the total 

electricity cost is NT$ 12544.546 in case 4 that is identical to those obtained in case 

2. The suitableness of the algorithm presented in this paper to the solution of the 

BESS is, thus, confirmed. 

     
(a)                                     (b) 

Fig. 6: (a) Electrical energy changes in the BESS (Case2&4)   

          (b) Outputs of BESS during a typical daily load (Case2&4) 

 

5. Conclusion 

In a smart grid environment, efficient energy management plays a critical role in 

finding a suitable and reliable solution for the TOU rate industrial customers. To 

maximize the total incentive obtained from TPC, an extension of the DSM is 

developed to solve the operating schedule of a TOU system under the demand 

bidding mechanism of Taipower. Key concerns in BESS are investigated and 

discussed by using the proposed DSM software. Several operation strategies of BESS 

are also evaluated to curtail the peak demand and achieve energy conservation. The 
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results demonstrated that the BESS is one of the most promising technologies to 

reduce the electricity cost of a TOU rate custom system for executing the DBP. The 

proposed software will also be a useful tool to aid decisions regarding the capacity of 

BESS in the TOU system. Numerical experiments are conducted to provide valuable 

information for both operational and planning problems in the TOU rate industrial 

customers. 
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Abstract 

Electricity is one of the most popular forms of energy that is used in today's 

technically-driven modern society. Due to the global warming and climate change, it 

is quite vital to use and conserve electrical energy efficiently. In Demand-Side 

Management (DSM) in a smart grid, one way to meet continuously increasing 

electrical energy demands requested from downstream sectors in a smart grid is 

utilizing Non-Intrusive Load Monitoring (NILM) to monitor and manage residential, 

commercial as well as industrial electrical appliances in respond to demand response 

schemes. NILM, energy disaggregation, estimates appliance-level electric energy 

consumption from aggregated electric energy consumption measured by a single set 

of plug-panel current and voltage sensors, for mains' electricity measurements, in a 

field of interest. This paper presents an NILM system for identifying electrical 

household appliances from aggregated loads for DSM. The presented NILM is based 

on backpropagation in AI. As the experimental results reported in this paper show, 

the NILM presented in this paper is feasible and workable. 

 

Keywords: Artificial Intelligence, Demand-Side Management, Non-intrusive Load 

Monitoring, Smart Grid 

 

1. Introduction 

Electricity is one of the most popular forms of energy that is used in today's 

technically-driven modern society. It is quite vital to use and conserve electrical 

energy efficiently, due to the global warming and climate change. The reformation of 

a traditional power grid upgraded as a smart grid has been proposed. For 

Demand-Side Management (DSM) in a smart grid, traditionally, Energy Management 

Systems (EMS), which respond to demand response programs so that continuously 

increasing electrical energy demands requested from downstream sectors in a smart 

grid can be met, monitor electrical appliances with an intrusive deployment of smart 

mailto:yesman11208@gmail.com
mailto:mstsai@mail.mcut.edu.tw
mailto:yhlin@mail.mcut.edu.tw
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power meters (smart plugs) in fields of interest. However, it results in a high 

investment, comprising annual maintenance costs, to consumers, in such EMS for 

DSM. In contrast to intrusive load monitoring in EMS for DSM in a smart grid, 

technically, Non-Intrusive Load Monitoring (NILM) conducted as a part of EMS in 

fields of interest for DSM is a process of decomposing mains' electricity 

measurements (aggregated electric energy consumption measured by a single set of 

plug-panel current and voltage sensors) into each of their constituent individuals 

(appliance-level electric energy consumption) with distinguishable electrical 

characteristics. Research on NILM started with the seminal work by George Hart 

(Hart, 1989; Hart 1992) in the mid-1980s. Previous studies have shown that, it is 

possible to disaggregate combined load data into appliance-level profiles since 

different types of electrical appliances have their distinguishable electrical features 

from their operational characteristics (Devlin and Hayes, 2019; He, Stankovic, Liao 

and Stankovic, 2018; Zeifman and Roth, 2011; Chen, Chang and Chen, 2013; Chang, 

Lin and Lee, 2010; Chang, Lin and Weng, 2009; Yang, Chang and Lin, 2007; Shaw, 

Leeb, Norford and Cox, 2008; Leeb, Shaw and Kirtley Jr., 1995). 

Data insights by NILM can be fed back to consumers for effective participation in 

demand response in DSM. Such smart load management is expected to significantly 

save electrical energy since residential and commercial buildings account for 40% of 

global electric energy consumption (Singhal, Maggu and Majumdar, 2019; 

Pérez-Lombard, Ortiz and Pout, 2008). 

An NILM system based on backpropagation, in AI, that can identify electrical 

household appliances from aggregated loads for DSM is presented in this paper. This 

paper is structured as follows. Section 2 describes the methodology of the presented 

NILM. The presented NILM is demonstrated in Section 3. Finally, Section 4 

concludes this paper. 
 

2. Methodology 

The workflow of the presented NILM is illustrated in Fig. 1. The presented NILM 

consists of data acquisition, event detection & feature extraction, and load 

classification. Both aggregated current and voltage signals are simultaneously and 

continuously acquired via data acquisition, where signals sensed by a single set of 

current and voltage sensors are conditioned and digitized. Sampled data are then 

analyzed through event detection & feature extraction for load classification. 

In Fig. 1, the event detection is used to detect appliance events by abrupt power 

changes, collect data for feature extraction, and label collected data for load 

classification. In the presented NILM, load classification is implemented by 
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feed-forward Multi-Layer Perceptron (MLP/ANN
1
) with backpropagation. The 

feed-forward MLP implemented in the presented NILM learns from training data 

collected on-site during the training process of the implemented feed-forward MLP 

with backpropagation (Devlin and Hayes, 2019; Tsai and Lin, 2012); once the 

implemented feed-forward MLP has been well-trained by backpropagation (i.e., it 

has been evaluated by test data with an acceptable level of accuracy), load 

classification is performed online. When an appliance event where |△P| (=|Pt－Pt-1|) 

(P: active power) is greater than or equal to a pre-specified threshold is detected at 

time t (∆t=1 to sample aggregated P at a sampling rate of 1 Hz), the feed-forward 

MLP implemented in the presented NILM, well trained offline by backpropagation, 

and used to a features reading taken for on-line load classification deduces electrical 

appliances that are currently ON or OFF. In the presented NILM, features extracted 

from acquired and aggregated current and voltage signals for feature extraction, 

normalized for data preparation, and conveyed to the implemented feed-forward MLP 

for load classification are, based on the steady-state behavior of monitored electrical 

appliances, 1) △P, 2) △Q (=Qt－Qt-1) (Q: reactive power), 3) P  (averaged P), and 

4) △P/△t, where ∆t is chronologically scalable. 
 

 
Fig. 1: Workflow of the presented NILM 

 

In general, solutions of many engineering problems are similar to a black box that is 

an opaque system as the relationship between input and output variables is without 

the knowledge of its internal working model. ANN are one of the approaches that can 

empirically establish the relationship between input and output variables without the 

knowledge of its internal working model. In this paper, a standard feed-forward MLP 

is employed. Fig. 2 depicts the standard feed-forward MLP implemented in the 

                                                      
1
 Artificial neural networks, connectionist systems, are computing systems that are inspired by 

biological neural networks that constitute animal brains; deep neural networks can be employed, in the 

presented NILM, over fog-cloud analytics (Chen and Lin, 2019) for DSM in a smart grid. 
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presented NILM. The implemented feed-forward MLP which is structured by input, 

hidden, and output layers consists of an interconnected group of artificial neurons. 

The first important step to employ a standard feed-forward MLP that addresses an 

engineering problem such as image classification is to determine the network 

architecture. Where, the numbers of artificial neurons in input and output layers are 

problem-dependent; the number of hidden layers networked by their artificial neurons 

can be determined by trial and error or through heuristics that has been developed by 

(Hong and Chen, 2007; Huang and Babri, 1998). After the network architecture of the 

standard feed-forward MLP is determined, the initialization of interconnection 

parameters, weight coefficients vqj and wiq, of the network can be calculated in a 

typical way that relatively small real numbers with a zero mean are randomly 

generated uniformly. The training process, a supervised and iterative learning process, 

of the standard feed-forward MLP in Fig. 2 involves forward and backward 

propagation stages, where different training algorithms, such as the gradient descent 

algorithm, variable learning rate based modification in back-propagation, one-step 

secant algorithm, can be conducted and implemented with collected input-output data 

pairs. Inter-connective parameters are ultimately adjusted such that the errors 

between the expected and forwardly computed outputs are minimized, once the 

standard feed-forward MLP is well-trained. 

 

 

Fig. 2: A standard MLP, a feed-forward and multi-layer connectionism mimicking 

the biologic neural network and consisting of an input layer, at least one hidden layer, 

and an output layer 
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3. Experimentation 

Fig. 3 shows the system architecture of the presented NILM described in Section 2 

and demonstrated in this experimentation, where its experimental set-up is shown in 

Fig. 4. The NILM presented in this paper is experimentally validated by different 

types of electrical appliances including a microwave oven (1.1 kWatts), electric pot 

(0.7 kWatts), and oven (0.6 kWatts). A power meter installed is used to measure 

aggregated power consumption for individual electrical appliances monitored by the 

presented NILM, where the presented NILM communicating with it, via Modbus 

TCP, every second takes a features reading and deduces the status of the electrical 

appliances when an event is detected. In this experimentation, a threshold of 40 Watts 

is specified for event detection, and ∆t is specified as 10 seconds for feature 

extraction. An example of aggregated load data that the monitored electrical 

appliances were operated in different operational order and identified for load 

classification is shown in Fig. 5. 

The feed-forward MLP implemented in the presented NILM in this experimentation 

is configured as follows and shown in Fig. 7. 

1) Input layer: the total number of artificial neurons used in this layer is 4 due to the 

fact that 4 extracted features described in Section 2 are used. Each neuron in this 

layer has an identity-style activation function. 

2) Hidden layer: only one hidden layer consisting of 6 artificial neurons is used, 

which is determined by trial and error. Each neuron in this layer is aroused with 

a sigmoid-style activation function. 

3) Output layer: the total number of artificial neurons in this layer is 3 due to the 

different types of the 3 electrical appliances monitored by the presented NILM. 

Each neuron in this layer serves as an appliance indicator that stands for one of 

the monitored electrical appliances identified for their present operational 

ON/OFF status. The style of the activation functions used by the 3 artificial 

neurons in this layer is the same as that of the activation functions used by the 

artificial neurons in the input layer. 
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Fig. 3: System architecture of the presented NILM 

 

 

Fig. 4: Experimental set-up of the presented NILM experimentally evaluated in a 

laboratory environment 
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Fig. 5: Example of individual and aggregated power that was measured for load 

classification 

 

 4) Training algorithm: the gradient descent algorithm is adopted, where the cost 

function is the Mean Squared Error (MSE) function. The training process terminates 

when the maximum number of training epochs pre-specified is reached. 

 5) Parameters: the learning rate that was specified is 0.5; the maximum number of 

training epochs that was specified is 5,000; the training data are normalized within 

the interval [0, 1]; the initial interconnection parameters are randomly generated from 

[-1, 1]. 
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Fig. 6 shows the feature space that is of the extracted features to be classified for the 

monitored electrical appliances in this experimentation. 

 

(a) 

 
(b) 

Fig. 6: Feature space of feature data classified for the monitored electrical appliances 

in this paper 
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Fig. 7: Configured feed-forward MLP implemented in the presented NILM in this 

experimentation 
 

Fig. 8 shows the trajectory of training the implemented feed-forward MLP where the 

MSE achieved is 0.011. Table 1 tabulates the classification results obtained, for 

on-line load classification, by the implemented feed-forward MLP in the presented 

NILM in this paper. The implemented feed-forward MLP gave an overall 

classification rate of 86.22% which is improved by 6.52% (∆t=10 seconds), where the 

two electrical appliances classified suffer from feature data having the ambiguity in 

extracted features P  and △P/△t. As shown in Table 1, the presented NILM is 

feasible and workable although it can be further improved for load classification. 

 

 

Fig. 8: Training trajectory of the implemented feed-forward MLP in the presented 

NILM 
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Table 1: Confusion matrix summarized to classification rates obtained, for on-line 

load classification, by the presented NILM in this experimentation 

confusion matrix Predicted 

∆t=10 seconds electric pot oven microwave oven 

Actual 

electric pot 21 3 0 

oven 6 18 0 

microwave oven 1 0 25 

 Predicted 

∆t=5 seconds electric pot oven microwave oven 

Actual 

electric pot 21 1 2 

oven 7 17 0 

microwave oven 5 0 21 

summarization  

electric pot 

classification rate(%) 87.50 (+0.0) 

oven 

classification rate(%) 
75.00 (+4.17) 

microwave oven 

classification rate(%) 
96.15 (+15.38) 

Overall classification 

rate (%) 
86.22 (+6.52) 

 

4. Conclusions 

NILM, load disaggregation and part of EMS for DSM (energy savings) in a smart 

grid, can identify electrical appliances with no intrusive deployment of smart power 

meters (smart plugs) for electrical appliances in field of interest. An NILM system 

based on backpropagation, in AI, that can identify electrical household appliances 

from aggregated load data for DSM has been developed in this paper. As the 

experimental results reported in this paper show, the presented NILM is feasible and 

workable.  In our future work, electrical features such as current harmonics 

extracted from measured high-resolution data can, in theory, be used as feature data 

of backpropagation to improve the NILM accuracy and identify a wide range of 

electrical appliances including consumer electronics and lighting. 
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Abstract 

Amorphous LaGdO3 (LGO) thin films were prepared by using RF sputtering and 

the unipolar resistive switching (URS) properties in the Al/LGO/ITO structure were 

investigated. The influences of Ar/O2 ratio, film thickness, post annealing condition, 

and electrode on the RS properties were also studied. The conductive filaments are 

mostly dominated by the numbers of oxygen vacancies, which can be controlled 

through a different deposition atmosphere Ar/O2 ratio and film thickness. In addition, 

the RS characteristics and operating voltage can be improved by post annealing 

treatment. It is suggested that the In ions diffused from ITO participated in the 

formation of the filaments of the RRAM. The current conduction mechanism of the 

device in LRS and HRS were dominated by the Ohmic behavior and Schottky 

emission, respectively. Also, the potential barrier height between top electrode and 

LGO is a significant factor on the RS characteristics. The proposed RRAM exhibits 

unipolar resistive switching characteristic for over 400 times switching cycles and 

high stable retention characteristic for over 10
4
 seconds with a resistance ratio 

(RHRS/RLRS) of around 4 orders. 

 

Key words: LaGdO3; RF Sputter; RRAM; Amorphous 
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Abstract 

Due to the widespread use of nonlinear loads in the microgrid, the problems 

associated with reactive power and harmonics have been of great concerns. These 

disturbances may not only introduce the additional power loss in the microgrid, but 

also reduce the usage life of the power system equipment. Therefore, improving the 

power quality has become an important issue for both utilities and customers. With 

the development of pulse width modulation technique and power switches, the shunt 

active power filter (SAPF) becomes one of efficient devices for the improvement of 

power quality disturbances at the point of common coupling (PCC). The conventional 

control strategy for the SAPF is based on the instantaneous power theory. However, 

this control technique could not deal with the problem of current unbalance. To 

enhance the compensation performance of conventional SAPF, this paper would 

apply the fuzzy neural network (FNN)-based control strategy. Through the proposed 

control strategy, the SAPF can accurately and robustly perform the harmonic 

compensation when the stable or dynamic power quality disturbances are present. 

 

Keywords: FNN, DC-link voltage regulation, SAPF, power quality 

 

1. Introduction 

With the development of power electronics and related advanced control methods, the 

AC/DC drivers, switching power supplies, lighting equipment, power converters for 

renewable energy are widely used in the microgrid. The harmonics resulted from 

these nonlinear loads would lead to serious current distortion, low power factor, 

electromagnetic interference, additional power loss, system stability, etc [1]-[2]. 

According to IEEE Std. 1159-2009, the harmonics shall be eliminated to maintain the 
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power quality [3]. 

 

The passive filter is the traditional harmonic compensation device, which is 

composed of passive inductors and capacitors. Different from the passive filter, the 

active filter can effectively detect the harmonic components from nonlinear load and 

then accurately complete the compensation tasks of power factor, reactive power, and 

harmonics. Therefore, the active filter has become the main harmonic compensation 

method in the recent years and the shunt type (SAPF) has commonly used to deal 

with the harmonic current problems [1], [2], [4]-[8]. 

 

There are many useful control strategies of SAPF proposed in the literature. In [4], 

the adaptive filter is proposed to deal with the harmonic signal analysis and then 

perform the calculation of reference compensation current. The single-phase 

phase-lock loop algorithm is applied to discuss the system stability and performance 

evaluation of SAPF [5]. The instantaneous power theory is adopted to implement the 

harmonic compensation in [6] and [7]. The artificial neural network-based phase-lock 

loop scheme is proposed in [8] to perform the synchronous compensation of SAPF. 

 

From the literature survey, it is realized that the design of SAPF is mainly focused on 

the extraction of harmonic component, synchronization with voltage source, the 

calculation of positive current component for reactive power compensation. However, 

the DC-link voltage regulation of SAPF is important to the compensation 

performance. When the power variation of nonlinear load is present, the effective 

DC-link voltage regulation control can enhance the stability and performance of 

SAPF. 

 

In this paper, the FNN-based control strategy is proposed to perform the DC-link 

voltage regulation and enhance the compensation performance of SAPF. Through the 

numerical convergent characteristics of FNN, the reference compensation current can 

be obtained under the condition of stable DC-link voltage. The proposed control 

strategy for SAPF is illustrated in the section 2. To evaluate the compensation 

performance of proposed control strategy, the simulation cases are studies and the 

traditional compensation control strategy based on the instantaneous power theory is 

also compared in the section 3. 

 

2. FNN-Based Control Strategy for SAPF 

Fig. 1 depicts the FNN-based control strategy of three-phase SAPF, where SPWM is 

the sinusoidal pulse-width modulation and LPF is the low-pass filter used to extract 



475 
 

the DC components of load currents. Based on this system, the proposed control 

method is compared with the traditional compensation control strategy based on the 

instantaneous power theory to explore the various compensation effects under 

different conditions. Vdc is the DC-link voltage of SAPF capacitor Cdc, Ls is the line 

impedance, ILa, ILb, and ILc are the three-phase nonlinear load currents extracted from 

voltage source Va, Vb, and Vc, Ic is the compensation current, and the superscript * 

represents the desired command. 

 

 

Fig. 1: FNN-based control strategy for SAPF 

 

2.1 Calculation of Reference Compensation Current 

From Fig. 1, the load currents are firstly transformed to the dq-axis currents, ILd and 

ILq, according to the synchronous phase angle θ obtained from source voltage with 

phase-lock loop method, as shown in (1). 
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*
cI  can be calculated with the inverse transformation from dq-axis components to 

abc-axis ones. Then, the switching commands for the three-phase SAPF can be 

obtained via the hysteresis control to regulate the reference compensation current and 

the actual one. 

 

2.2 FNN-Based Control Strategy 

In this paper, the FNN is applied to the design of DC-link voltage regulation 

controller. The architecture of FNN is depicted in Fig. 2 [9]. In the proposed 

controller, the inputs Ek including e and e  represent the DC-link voltage error and 

the derivative of DC-link voltage error, respectively. In this paper, 

Levenberg-Marquardt algorithm is applied for the training of neural network and the 

evaluation index in the training process is based on the mean-squared error (MSE) 

[10], [11]. 

 

 

Fig. 2: Architecture of FNN 

 

For the fuzzy membership layer, the ith output node xi would be the membership 

function output MFOki, as addressed in (2), where M is the total number of the 

linguistic variables with respect to the input nodes. In this paper, the Gaussian function 

is adopted as the membership function, where mki and σki are the mean and standard 

deviation of the Gaussian function. 
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In the rule layer, the jth output node yj would be 

N jxwxwfy
i

iij
i

iijjj  , 2, ,1,)(   (3) 

where П means the multiplication of input signals and output of the results of product, 

wij is the weight between the fuzzy membership layer and rule layer, N is the number of 

rules with complete rule connection. 

 

In the output layer, the single output node O would be the value of the summation of all 

input signals, as shown in (4), where wj is the weight associated with jth rule. The 

output of the network is also the current Ie in Fig. 1 for the DC-link voltage regulation 

of SAPF. 

N jywywfO
j

jj
j

jj  , 2, ,1,)(   (4) 

 

3. Case Studies 

To evaluate the effectiveness of proposed FNN-based control strategy for SAPF, the 

simulation is performed via MATLAB/Simulink. The testing results with the 

traditional instantaneous power theory and proposed FNN-based strategy are 

discussed. In the simulation, the unbalance nonlinear load composed of a 6-pulse 

rectifier, a Y-connected RL load, the unbalanced harmonic load connected to a 

converter based on the SPWM control and then in series with a motor are built in the 

simulation model. According to IEEE Std. 1159-2009, the two indices total harmonic 

current distortion (THDI) and unbalance rate (UR) listed in (5) and (6) are applied for 

the evaluation of SAPF compensation performance, where I1 and Irms are the 

fundamental component and RMS component of source current, Iavg is the average of 

three-phase currents Ia, Ib, and Ic. 
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3.1 Case 1: Testing for Balanced Distorted Voltage Source and Harmonics 

Before the SAPF compensation, the simulation result of harmonic load current is 

shown in Fig. 3, where THDI is 35.82% and UR is 9.67%. The compensation results 

with the traditional instantaneous power theory and proposed FFN-based strategy are 

displayed in Figs. 4 and 5. Table 1 listed the evaluation indices of the mentioned 

methods for the performance comparison. From the testing results, it is realized that 

the proposed FNN-based strategy can achieve good power quality. 

 

Fig. 3: Load current before SAPF compensation (Case 1). 

 

Fig. 4: Compensation results with instantaneous power theory (Case 1) 
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Fig. 5: Compensation results with proposed FNN-based strategy (Case 1) 

 

Table 1: Compensation Results (Case 1) 

SAPF Control Method THDI UR 

Before Compensation 35.82% 9.67% 

Instantaneous Power 

Theory 
9.59% 1.56% 

Proposed FNN-Based 

Strategy 
1.26% 0.03% 

 

3.2 Case 2: Testing for Unbalanced Distorted Voltage Source and Harmonics 

In this case, the microgrid system is suffered from the condition of unbalanced 

distorted voltage source and harmonics. The simulation results without compensation 

and with the traditional instantaneous power theory and proposed FNN-based strategy 

are displayed in Figs. 6-8 and Table 2. From the testing results, it is realized that the 

proposed strategy can achieve good power quality under condition of unbalanced 

distorted voltage source compared with the traditional instantaneous power theory. 

From Table 2, it is also found that the traditional instantaneous power theory could 

not deal with SAPF compensation when the voltage source is unbalanced and 

harmonic distorted. 
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Fig. 6: Load current before SAPF compensation (Case 2) 

 

Fig. 7: Compensation results with instantaneous power theory (Case 2) 
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Fig. 8: Compensation results with proposed FNN-based strategy (Case 2) 

 

Table 2: Compensation Results (Case 2) 

SAPF Control Method THDI UR 

Before Compensation 

Phase a: 39.87% 

Phase b: 42.81% 

Phase c: 33.57% 

18.62% 

Instantaneous Power 

Theory 

Phase a: 31.58% 

Phase b: 29.39% 

Phase c: 35.21% 

6.44% 

Proposed FNN-Based 

Strategy 

Phase a: 4.83% 

Phase b: 4.05% 

Phase c: 3.42% 

0.59% 

 

3.3 Case 3: Testing for Regulation of DC-Link Voltage 

In this case, the power variation of nonlinear load is taken into account, as shown in 

Fig. 9. From the simulation results in Figs. 10 and 11, it is realized that the proposed 

FNN-based strategy can effectively complete the regulation of DC-link voltage. On 

the contrary, the traditional instantaneous power theory would lead to the DC-link 

voltage deviated from the nominal value due to the power variation of nonlinear load. 
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Fig. 9: Power variation of nonlinear load 

 

Fig. 10: DC-link voltage with instantaneous power theory 
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Fig. 11: DC-link voltage with proposed FNN-based strategy 

 

4. Conclusion 

In this paper, the FNN-based control strategy for the compensation control strategy of 

SAPF is proposed. Compared with the traditional instantaneous power theory, the 

simulation results reveal that the proposed method is more suitable to maintain the 

voltage of DC-link and mitigate the harmonic distortion. Through the development of 

DC-link voltage regulation control strategy, the voltage stress of DC-link capacitor 

can be effectively mitigated and then the service life of SAPF can be extended. 
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Abstract 

Adaptive transmission technique adopting uncoded pilot-symbol-assisted 

orthogonally multiplexed orthogonal amplitude modulation (OMOAM) signals is 

studied for flat Rayleigh fading channel. The spectral performance of 

pilot-symbol-assisted OMOAM (PSA-OMOAM) systems are provided, some are 

derived in close forms. Additionally, the considered PSA-OMOAM systems with 

modulation mappers and demapping algorithms are ready for discrete Fourier 

transform implementation with marginally additional complexity. 

 

Keywords: Orthogonally multiplexed modulation, pilot design. 

 

1. Background 

This Four orthogonally multiplexed modulation (OMM) families, including 

orthogonally multiplexed orthogonal amplitude modulation (OMOAM) [1], 

orthogonally multiplexed orthogonal phase modulation (OMOPM) [2], orthogonally 

multiplexed on-off-keyed amplitude modulation (OMO2AM), and orthogonally 

multiplexed on-off-keyed phase modulation (OMO2PM) [3], have been defined to 

provide a multitude of new multidimensional modulations. Specifically, when 

constructed from a basis set of 2N orthonormal basis signals, the OMM signal is 

generally expressed by multiplexing M orthogonal and independent (2N/M)-D 

component signals. For OMOAM and OMOPM, the component signal is formed by 

grouping L orthogonal pulse-amplitude-modulated (for OMOAM) or 

phase-shift-keyed (for OMOPM) signals with amplitude or phase taking value in a 

K-ary alphabet. For OMO
2
AM and OMO

2
PM, the component signal is constructed 

by multiplexing L groups of modulated basis signals in which all basis signals in each 

group are on-off-keyed and further pulse-amplitude-modulated (for OMO
2
AM) or 

phase-shift-keyed (for OMO
2
PM) with amplitude or phase taking value in a K-ary 

alphabet. For simplicity, the modulation elements in each 2N-D OMM family can be 

conveniently indexed by the modulation parameter triplet (M,L,K) or the modulation 

parameter set (N,M,L,K). In order to consider implementation, pilot-assisted channel 

estimation is required. Thus, OMOAM adopting pilot symbols for channel estimation 
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is considered herein to explore the spectral performance of the proposed system. 

 

2. Pilot-Symbol-Assisted Orthogonally Multiplexed Orthogonal Amplitude 

Modulation Systems 

We examine the degradation in spectral performance caused by the pilot signal, which 

is often neglected by most research regarding the PSA modulation systems [4]. The 

considered system model depicted in Fig. 1 is composed by four main 

communication blocks including the transmitter, channel, receiver, and feedback 

channel. 

Fig. 1: The PSA-OMOAM system model. 

 

    At the transmitter, the source data are grouped into M supersymbols {𝑚|m ∈

Z𝑀} within a nominal symbol interval with length 𝑇𝑑 and Z𝑀 = {0,1, … ,𝑀 − 1}. 

These M supersymbols {𝑚|m ∈ Z𝑀}  are then transformed by the modulation 

mapper to N transmitted complex symbols {B̃𝑛|n ∈ Z𝑁} according to the mapping 

rule where different rules are defined for different OMM families. By monitoring the 

channel information fed back from the receiver, both source and modulation mapper 

operate adaptively so that appropriate OMM signals are used in accordance with 

channel status. 

    After the modulation mapper, {B̃𝑛|n ∈ Z𝑁} are send into the standard IDFT 

based OFDM process to form the transmitting signal 𝑠(t). Specifically, {B̃𝑛|n ∈ Z𝑁} 

are parallelly multiplexed with uniform frequency space 𝜔𝑑 ≜ 2𝜋/𝑇 by the N-point 

IDFT algorithm to obtain the N serialized IDFT outputs. Now, the transmitted 

baseband signal has formed. In order to estimate the channel status, the following add 

pilot process introduces a pilot interval (PI) of length 𝑇𝑝 after the data-carried signal 

intervals, i.e., −𝑇𝑝 − 𝑇𝑑/2 ≤ 𝑡 < −𝑇𝑑/2. After the add pilot process, the digital 
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baseband signal is converted to the analog baseband signal, and then up-converted to 

the desired radian frequency ω₀ to form the transmitted OMM signal  

as 

 

for the nominal symbol interval. −𝑇𝑑/2 ≤ t < 𝑇𝑑/2 where ρ is the amplitude factor 

and 𝜔0 ≫ 𝜔𝑑. For a nominal signal interval, the total signal length is 𝑇 = 𝑇𝑑 + 𝑇𝑝. 

    Consider a slowly and flat-faded channel model with time selectivity. The 

transmitted signal 𝑠(t) suffers a multiplicative fading gain with Doppler shift 𝑓𝐷 in 

the frequency domain. Assume the fading gain remains constant within each signal 

interval of length T. For a nominal signal interval, the complex fading gain denoted 

by 𝑔 is assumed to follow Gaussian statistics with zero mean and unit variance. 

Following the aforementioned assumptions, the received SNR denoted by γ can be 

represented by 

 

    Assume that the received signal is perfectly synchronized in symbol timing and 

frequency by the receiver. As shown in Fig. 1, the received signal can be demodulated 

by the standard FFT-based OFDM demodulation process to yield {�̃�𝑛|𝑛 ∈ 𝑍𝑁}. 

Namely, the received signal is down-converted to baseband, sampled, sent for the 

pilot process to split the signal in the pilot intervals to the channel status estimator, 

and parallelized for N-point DFT process. The channel status estimator will be 

presented in the following section. By monitoring {�̃�𝑛|𝑛 ∈ 𝑍𝑁}, the channel status 

estimator estimates the instantaneously received signal-to-noise power ratio (SNR) γ 

and pass the estimate 𝛾 to the decision algorithm in the receiver and also to the 

transmitter through the feedback channel which is assumed error-free and zero-delay. 

Assume the Automatic gain control (AGC) can perfectly estimate the instantaneous 

SNR by noncausally interpolating future and past SNR estimates. Then, the 

maximum-likelihood decision algorithm is applied on {�̃�𝑛|𝑛 ∈ 𝑍𝑁}, to determine the 

detected supersymbols {Ψ̂𝑚|𝑚 ∈ 𝑍𝑀}. 

 

2.1 The Pilot Signal and Channel Status Estimator 

Pilot-symbol-assisted modulation system is considered for OMOAM as in [4], [8], 

where the pilot symbols are inserted after every data interval. At the receiver end, the 

pilot signal will be extracted and weighted by the minimum-mean-square error 

(MMSE) coefficients to estimate the received SNR. 
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As shown in Fig. 2, the pilot signal is periodically inserted between the serialized 

DFT outputs and the guard interval. The transmitted signal in −𝑇𝑝 − 𝑇𝑑/2 ≤ t <

𝑇𝑑/2 can be 

 

Fig. 2: The signal format for the pilot-symbol-assisted OMOAM system. 

 

represented as 

where z is the known pilot signal with unit power. We assume the pilot power is 

𝑇𝑝/𝑇𝑑 times of data power and 𝑇𝑝/𝑇𝑑 < 1, however, this assumption is not 

necessarily optimal. After the down conversion and sampling (digital to analog 

process) as in Fig. 1, the discrete-time received signal at the k-th signal interval can 

be represented as 

where 𝑔𝑘 and 𝑤𝑘 denote the fading gain and the AWGN sample, respectively, at 

the k-th signal interval, and z is the known pilot signal. Then, the pilot process splits 

and sends the signal in pilot interval to the channel status estimator. 

    At the channel status estimator, the fading gains are extracted through diving the 

received signal samples 𝛾𝑘′𝑠 by the known pilot signal and weighted to form the 

channel gain estimate �̂�𝑘 for the k-th signal interval as 

 where I is the tap number of MMSE estimator. Here, 𝑔𝑘−𝑖 is the extracted fading 

gain for the k-th signal interval represented by 
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and ℎ𝑘′𝑠 are the MMSE coefficients. The channel gain estimate �̂�𝑘 is then fed to 

the demodulator and the transmitter through the feedback channel. 

The derivation of the MMSE coefficients is provided in [9]. Here, we restate the 

derivation based on the arguments adopted in the paper. Let the estimate error 

denoted by 

The MMSE criterion forces the estimate error to be orthogonal to the received signal 

samples as 

 

, namely, 

 

From (5), (8) can be represented by 

where A, h, and u, respectively, are the autocorrelation matrix of the fading gain 

samples, the column vector of I tap MMSE coefficients, i.e. h = [ℎ0, ℎ1, … , ℎ𝐼−1]
𝑡 

and u = [𝑢0, 𝑢1, … , 𝑢𝐼−1]
𝑡 with 𝑢𝑖 = 𝐸{𝑔𝑘𝛾𝑘−𝑖

∗ } The superscripts ∗ and t are 

complex conjugate and transpose, respectively. Thus, the coefficient matrix can be 

solved by 

Considering isotropic scattering of multipath components [10] the autocorrelation of 

the fading gains 𝑔𝑖 and 𝑔𝑗 denoted by A𝑖𝑗 is given by 
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with the zeroth-order Bessel function of the first kind 𝐽0(∙) defined by 

Following the definition and (11), 𝑢𝑖 can also be given by 

    Now, based on the considered MMSE estimator, the probability densities 

regarding 𝑓𝛾,�̂�(𝛾, 𝛾) and 𝑓�̂�(𝛾) determines the average spectral and error 

performance of the adaptive modulation system. Here, we drop the time index for 

brevity. The derivation of 𝑓�̂�(�̂�) can be obtained as long as 𝑓𝛾,�̂�(𝛾, 𝛾) is obtained. 

Before deriving 𝑓𝛾,�̂�(𝛾, 𝛾), we first look into the probability density 

𝑓|𝑔|,|𝑔|̂(|𝑔|, |𝑔|̂) ∙ |𝑥| denotes the norm of x. 

From (5), �̂� is a weighted sum of the zero-mean Gaussian variables. Thus, �̂� is also 

a Gaussian variable with zero mean. With both g and g being zero-mean Gaussian 

variables, the joint distribution for |𝑔| and |�̂�| follows the bivariate Rayleigh 

distribution represented as 

Here, 𝜌𝑐 is defined by the correlation between |𝑔| and |�̂�| as 

 

 
 

E{∙}, var{∙}, and cov{∙} are the expectation, variance, and covariance operators, 

respectively. 𝐼0(∙) is the modified zeroth-order Bessel function of the first kind 

defined by 
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In (15), E{�̂�2} = √𝑣𝑎𝑟{�̂�2} = 𝜌𝑐 = 𝑢∗𝑡𝐴−1𝑢 and E{𝑔2} = √𝑣𝑎𝑟{𝑔2} = 1. 

Through the change of variables for γ = 𝑔2𝐸𝑠 and γ̂ = �̂�2𝐸𝑠, 𝑓𝛾,�̂�(𝛾, 𝛾) can be 

obtained from (14) as 

 

Based on (17), the marginal density 𝑓�̂�(𝛾) is exponential distribution with 

E{𝛾} = (1 − 𝜉)�̅�, where 𝜉 is the minimum mean-squared error, i.e. E{|𝑒|2}, which 

is derived as follow. 

 

Thus, (17) can be represented by 

The tap number of for the MMSE estimator determines 𝜉 for the specific �̅� values, 

which can be calculated through (18), (11), and (13) as in Table 1.  

 

3. The Spectral Efficiencies of the Pilot-Symbol-Assisted OMOAM Signals 

The predetermined pilot signals are employed to estimate the channel at the expense 

of extra spectrum resources. Thus, the power spectral density (PSD) of the 

PSA-OMOAM signals are changed for the employment of the pilot signals. In this 

paper, both deterministic and pseudo-random pilot patterns are considered. 

For the deterministic pilot patterns, we let z=1 or -1 for all signal intervals. The 

equivalent low-pass PSD for the rectangularly-pulsed signal can be derived by 
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where Ϝ{∙} and ∆𝑧(𝑥) denotes Fourier transform operation and autocorrelation of z, 

respectively. Since 𝑧 =1 or -1, ∆𝑍(𝑡 − 𝑥𝑇) = 1∀𝑥, and, thus, Ϝ{∆𝑧(𝑡)} =

∑
1

𝑇
𝛿 (𝑓 −

1

𝑇
)∞

𝑙=−∞ ∙. The equivalent low-pass PSD the rectangularly-pulsed pilot 

signal is further derived by 

For the pseudo-random pilot pattern, the equivalent low-pass PSD for the 

rectangularly-pulsed pilot signal can be derived by 

 

with E{∆𝑧(𝑥)} = 1. 

The equivalent lowpass PSD's are obtained for OMOAM when adopting rectangular 

pulse are given in Table 2. Based on the equivalent low-pass PSD, the captured 

fractional power functions for the pilot portion can be derived as

 

for deterministic pilot patterns (z=1 or -1) and 

for pseudo-random pilot pattern. 
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    Fig. 4 shows the impact of pilot signal over average spectral efficiency for 

AOMOAM with N = 8, BER𝑇 = 10
−5, ℘=0.99, 𝐾𝑚𝑎𝑥 = 16 and. The pilot signal 

contains apriori redundant information for channel estimation, thus causes 

degradation in average spectral efficiency. When the pilot interval is large comparing 

to the signal interval, say T𝑝/𝑇 = 1/16, around 50% degradation in average spectral 

efficiency is shown. Even when the pilot signal is small as to T𝑝/𝑇 = 500, the 

impact of the redundant pilot signal is not negligible. Besides, for the same scheme, 

little difference for the deterministic and pseudo-random pilot pattern is shown in Fig. 

5, especially when the pilot interval is relatively small to the signal interval. This 

phenomenon is primarily due to the length of data interval being shorter. Shorter data 

interval causes direct impact over the spectral efficiencies of the signals, while the 

pilot signal provide minor impact relatively. Additionally, the scheme adopting 

pseudo-random pilot pattern performs better in average spectral efficiency than the 

scheme adopting the deterministic pilot pattern, because the CFP function with sum 

of discrete values over C Hz in (25) for the deterministic pilot pattern is smaller than 

the CFP function with integration over C Hz with a given inband power containment. 

 

 Fig. 4: The impact of pilot signal over average spectral efficiency for OMOAM 

with N = 8, BER𝑇 = 10−5, ℘=0.99, 𝐾𝑚𝑎𝑥 = 16. 
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Fig. 5: The impact of pilot signal over average spectral efficiency with deterministic 

and pseudo-random pilot pattern for AOMOAM with N = 8, BER𝑇 = 10−5, 

℘=0.99, 𝐾𝑚𝑎𝑥 = 16. 

 

4. Conclusions 

Uncoded PSA-OMOAM systems is proposed and studied for flat Rayleigh fading 

chan- nel. The spectral performance of PSA-OMOAM systems are derived in close 

forms. The numerical results indicated that the introduction of pilot helps estimating 

the channel at the sacrifice of spectral performance. Thus, a trade off is required in the 

quality of channel estimation and the spectral efficiency of the system. 
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Abstract 

In this study, a method to quantify the degree of inconvenience in walking motion has 

been proposed. Subject's gait was detected under non-contact conditions using 

ultrasensitive electro-static induction technique. We measured the walking behavior 

of five tasks with different degrees of gait disturbance. The obtained data was 

identified using deep learning, and it was clarified that it was possible to identify the 

degree of inconvenience of walking. Deep learning using a convolutional neural 

network (CNN) was performed using these scalograms. The obtained deep learning 

result was used to identify the degree of inability of the subject's walking motion. 

 

Keywords: Walking motion, Noncontact detection, Electrostatic induction, Wavelet 

transform 

 

1. Background/ Objectives and Goals 

A method of attaching an accelerometer and a gyro sensor to a human body (Plasqui 

& Westerterp 2007), a method of using a pressure sensor (Pataky, et. al. 2008), a 

method of using a floor reaction force meter, a method of using an electromyograph, 

and a method of using a motion capture (Windolf, et. al. 2008) have been 

conventionally used for walking measurement. However, when using an 

accelerometer, electromyograph, etc., it is necessary to attach the device to the human 

body of the subject, which places a burden on the subject. Therefore, in this study, as 

a method of accurately measuring walking motion, we tried to identify the degree of 

inconvenience of walking motion using a non-contact and non-wearing technology to 

detect walking motion. In order to implement this, we focused on the phenomenon 

(Fujiwara, et. al. 1990) in which the human body potential fluctuates with walking. 

When an electrode is placed in the vicinity of a subject who is walking, a capacitance 

is formed between the subject and the electrode. When the human body potential 

fluctuates due to walking, a very weak electrostatic induction current is transiently 

induced on the electrode (Kurita 2012). By detecting this electrostatic induction 

current, the walking signal can be detected without contact. 

In this study, to simulate the degree of inconvenience of walking, we detected the 
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walking signal by tying the knees of healthy subjects with splints and supporters. The 

scalogram was obtained by measuring the electrostatic induction current waveform 

induced by this walking motion and performing wavelet transform. In this scalogram, 

features corresponding to the degree of inconvenience of walking appeared, and we 

tried to detect the degree of inconvenience in the walking movement of the subject by 

using a convolutional neural network (CNN) of deep learning. In addition, we tried to 

identify using Long Short-term Memory (LSTM) which is a kind of Recurrent Neural 

Network (RNN). As a result, it was clarified that the same subject can be identified 

with an accuracy of 96% or more by using the result of learning the scalogram of the 

subject. 

 

2. Detection Principle of Electrostatic Induction Current 

The following explains the principle of how the human body potential changes due to 

walking, and the induced current flows through the electrodes placed near the subject 

as the human body potential changes. Consider a case where a subject wearing shoes 

on a high-resistance flooring is walking. The sole of the subject formed a high 

resistance layer. Here, the capacitance Csf between the ground and the foot is a series 

combination of the capacitance Cf from the ground to the floor surface and the 

capacitance Cs from the floor surface to the foot formed by the shoe sole portion of 

the shoe. [5]. The human body is treated as a conductor. 

 

1 1 1

sf s fC C C
                                 (1) 

 

Here, when the subject is walking, the foot moves away from the floor during 

walking, so the capacitance Cx generated between the floor surface and the shoe sole 

can be expressed by the following equation. 

 

0 0

0 0 0 0

( )

( ) ( )

f c a nc f ca nc
x

S S x S x xS
C

x x x x x x

    
  

 
                 (2) 

 

Here, Sc is the contact area between the sole and the floor surface, Snc is the peeling 

area between the sole and the floor surface, x is the distance from the earth ground to 

the sole, and x0 is the distance from the earth ground to the floor surface. , Εa is the 

dielectric constant of air, and εf is the average dielectric constant of the material from 

the floor surface to ground. The capacitance of the human body during walking 

movement is determined by the series connection of the additional capacitance Cx 

generated when the subject's foot moves away from the floor due to walking 
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movement and the static capacitance Csf obtained in the upright position. Can be 

regarded as being. Therefore, the total capacitance CB of the human body during 

walking can be expressed by the following equation. 

 

1 1 1

B sf xC C C
                               (3) 

 

Therefore, if the charge induced in the human body by walking motion is QB, the 

human body potential UB is given by the following equation. 

 

0 0

0 0

( )

( )

B B
B B

B sf a nc f c

x x xQ Q
U Q

C C S x S x x 


  

 
                 (4) 

 

In this situation, the capacitance formed between the electrode placed near the subject 

and the human body is expressed as C. Assuming that the electrode potential is V, the 

charge Q induced in the electrode due to electrostatic induction due to fluctuations in 

human body potential due to walking motion can be expressed by the following 

equation. 

 

( )BQ C U V                            (5) 

 

Therefore, the induced current I flowing in the electrode installed near the human 

body is expressed by the following equation as the time derivative of the charge Q 

induced in the electrode. 
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(6) 

 

The first term on the right-hand side of equation (6) is the electrostatic induction 

current caused by the movement of the foot after the foot leaves, and is proportional 

to the velocity of the foot in the x direction. The second term is proportional to the 

time derivative of the separation area Snc between the sole and the floor surface. The 

third term is proportional to the time derivative of the contact area between the sole 

and the floor surface. Here, since the dielectric constant εa of air is several times 

larger than the average dielectric constant εf of the material from the floor surface to 

the ground, the third term on the right side of Equation (6) is larger than the first and 

second terms. An electrostatic induction current flows. In other words, Equation (6) 
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shows that a signal proportional to the time derivative of the ground contact area of 

the foot due to the ground contact and the ground separation is strongly reflected in 

the electrostatic induction current induced by the walking motion of the human body. 

 

3. Methods 

In the experiment, four healthy men (22-24 years old) wore athletic shoes (sole made 

of urethane). As shown in Fig. 1, the subject walked for 180 seconds on a circle with 

a radius of 3 m around the electrostatic induction sensor. The electrostatic induction 

sensor was fixed on a tripod and placed 1m from the floor. In order to simulate the 

inflexibility of walking for the subjects, normal walking (task 1), walking motion 

with the right foot ankle fixed with a supporter and splint (task 2), walking motion 

with the right foot knee fixed with a supporter and splint (task 3), walking with the 

ankle and knee of the right foot fixed with supporters and splints (task 4), and 

walking with both knees fixed (task 5) were performed. 

A scalogram was obtained by wavelet transforming the electrostatic induction current 

waveform obtained by walking. In the scalogram, the horizontal axis represents time, 

the vertical axis represents frequency, and the signal strength is represented by color 

gradient. The vertical axis of the scalogram is logarithmic. The mother wavelet used 

to create the scalogram used the Complex Morlet function. Using this scalogram, we 

attempted to identify the degree of walking motion by deep learning. 

The number of scalogram image data for learning obtained by one subject per subject 

was 250, and a total of 1250 image data per person was used as learning data. The 

deep learning batch size used in this study is 50. In this study, we defined a four-layer 

convolutional neural network as shown in Fig.2. A 100 × 100 pixel image was cut out 

from the scalogram and used as learning image data. The number of filters in each 

convolutional layer is 16, 32, 64, 128 from 1 to 4 layers, respectively. The filter size 

of each convolutional layer is 5. The activation function is the ReLU function, and 

the maximum value pooling is 2 × 2. 
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Fig. 1: Walking motion detection layout using electrostatic induction sensor. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 2: Block diagram of CNN used in this study. 

 

4. Experimental Results and Discussion 

The upper figure in Fig. 3 shows the walking waveform detected by normal walking 

(task 1) obtained by subject A. Periodic peaks are detected, and as expected by 

Equation (6), it can be seen that periodic peaks are detected in the electrostatic 

induction current waveform at the timing of foot contact and takeoff. The lower 

figure of Fig. 3 is a scalogram of this waveform. A periodic pattern based on the 

walking cycle is also detected in this waveform. Figure 4 shows the scalogram of the 

gait signal obtained for each task of four subjects. The minimum and maximum 

frequency on the vertical axis of all scalograms shown in this figure are 0.195 Hz and 
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24.9 Hz, respectively. All subjects can see that the scalogram pattern changes with 

each task. We tried to identify walking tasks using scalogram obtained in this way. 

In this study, we first tried to identify the degree of walking motion using the learning 

result of each task of subject A using CNN. As a result of the identification using the 

verification data of the subject A, it was found that the identification was possible 

with an accuracy of 96.3%. Similarly, other subjects were identified using the data 

obtained by learning each subject's data using the verification data for each subject, 

and it was found that all subjects could be identified with an accuracy of 90% or more. 

Therefore, when we tried to identify using LSTM instead of CNN, we confirmed that 

all subjects were able to identify with more than 84% accuracy. 

Therefore, we tried to identify the degree of inconvenience of walking movements of 

subjects who were not used for learning by using the learning results of CNN using 

the learning data of each task of four subjects. As a result, it was found that task 1 can 

be identified with an accuracy of 0%, task 2 is 16%, task 3 is 23%, task 4 is 66%, and 

task 5 is 94% accurate. From this result, it was clarified that the individual features of 

walking motion disappeared as the degree of walking motion became more indefinite, 

and that multiple subjects had similar walking waveforms. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 3: Electrostatic-induced current waveform obtained on walking motion (upper 

panel) and typical scalogram of electrostatic induction current obtained by wavelet 

analysis (lower panel) by participant A. 
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Fig. 4: Comparison between wavelet analysis patterns of electrostatic induction 

current generated for five tasks. 

 

5. Conclusion 

We attempted to identify the degree of walking inefficiency using deep learning by 

measuring the static induction current waveform induced by the walking motion of 

five tasks with different degrees of inability to walk. As a result, it was found that the 

same subject could be identified with an accuracy of 96% or more by using the result 

of learning the subject's scalogram. On the other hand, when the subjects who were 

not used in the learning data were identified, it was found that they could be 

identified by walking motion with a large degree of inconvenience in walking. 
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1. Background/ Objectives and Goals 

The photomultiplier tube is widely used for a fluorescence measurement due to high 

sensitivity but it’s high cost. Fluorescence systems based on photodiode sensor 

became popular for their low cost. Possible new options, the photodiode have been 

introduced to replace a photomultiplier tube due to many lower prices and can 

measure the same wavelength. Generally, a photodiode sensor was chosen for 

fluorescence-detection system; however, its sensitivity is not so much. Increasing the 

number of sensors can increase the sensitivity of detection system and two 

photodiode sensors were chosen for fluorescence-detection developing. 

 

2. Methods 

The fluorescence measurement system was simply designed for fluorescence-detected 

based on light emitting diode and silicon photodiode sensors. The overview of this 

system is shown in Fig.1 consists of optical sensors, amplifier, processor, and 

monitor. The optical can be split into two parts: excitation and detection. The 

excitation part starts with a fixed wavelength and a viewing less angle LED models. 

The detection part started with the increasing of fluorescence light by two silicon 

photodiode sensors (BPW21). The amplifier part can be split into two parts: 

current-to-voltage (G1) and voltage difference amplifier circuit (G2). The 

fluorescence light, detected by photodiode D1 and D2, is converted into a voltage by 

G1. Its output voltage is then amplified by G2. In addition, we have chosen a STM32 

Nucleo microcontroller board to convert an analog voltage to a digital and as 

processing to transmit the data to the personal computer based on a serial port.  
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Fig. 1 Simplified diagram of the fluorescence measurement system. The LED is 

powered by a continuous current. 

 

3. Expected Results/ Conclusion/ Contribution 

The test result of the detection part shows that the output voltage, converted by 

current-to-voltage circuit, of two photodiode sensors shows an increased output 

voltage about 1.5 times compare with that output voltage of a photodiode sensor. The 

test result of the developed fluorescence measurement system for a less concentration 

of quinine solution shows that the output voltage varied with the intensity of the 

fluorescence light, which is the result of the concentration of the solution. In this 

work, we have successfully demonstrated a portable fluorescence measurement 

system based on photodiode sensors. LEDs light source can choose a variety of fixed 

wavelengths of the excitation part.  

 

Keywords: fluorescence measurement system, light emitting diode, silicon 

photodiode sensor current to voltage circuit, differential amplifier circuit  
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Abstract 

In traditional network infrastructure, network services are composed of hardware 

devices. Hardware networks often have some problems, such as high device coupling, 

complex environments, difficult expansion, and high prices. In recent years, network 

function virtualization (NFV) has been proposed to solve hardware problems, and 

software-defined networks (SDN) have been proposed to make network 

environments programmable. Network services are often provided by more than one 

network function, so an orderly packet forwarding network is formed by combining 

the concept of Service Function Chain (SFC) with SDN and NFV. However, for SFC, 

this study proposes to design an SDN Controller system combining Kubernetes 

Container Network Interface (CNI), and to design a group of containerized VNF 

automation to establish network function SFC mechanism under the framework of 

Kubernetes. Moreover, multiple SFCs can be established in the same network domain 

at the same time, and the effectiveness of SFC design is also tested in this study, so as 

to find the parts that need to be improved in the future. 

 

Keyword: Service Function Chaining, SDN, NFV, Kubernetes 

 

1. Introduction 

With the maturity of the cloud technology and the rapid development of the Internet, 

people can access all kinds of information and services on the cloud anytime and 

anywhere, which has greatly increased the overall network traffic. In order to cope 

with such a large amount of traffic, more network equipment is required to provide 

users with a stable and flexible network environment [1]. However, in the traditional 

network infrastructure, if network equipment needs to be added or modified, each 

device needs to be set according to the different use environment, and each 

manufacturer's setting is not the same, thus wasting a lot of time, cost and labor; 

therefore, Software Define Network (SDN) [2] came into being. In recent years, SDN 

has been paid more and more attention. One of the major changes of SDN is from the 

traditional distributed management of network to the centralized management. It also 

provides Application Programming Interface (API) to make the network 
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configuration programmable and separate the Control Plane traffic from the Data 

Plane traffic. Under such an infrastructure, not only can the network environment be 

set up more quickly, but the programmability also makes the whole network more 

resilient. 

 

The characteristics of SDN bring many benefits, including the ability to take 

traditional networks to another level when combined with Network Function 

Virtualization (NFV). NFV has been a popular topic in recent years. NFV is a shift 

from traditional network functions such as Firewall, Intrusion Detection System (IDS) 

and Intrusion Prevention System (IPS) to software that implements these network 

functions. Instead of relying on a specific hardware infrastructure, network funtions 

can be performed on a host or server using a common hardware infrastructure (e.g. 

x86, arm). Today, Virtual Network Functions (VNF)[3] runs mostly in virtual 

machines (VM), and when a network service needs to be deployed, it takes a long 

time for VNF to become fully operational. Deployment time can be significantly 

reduced by deploying through containers. Therefore, this study uses the Kubernetes 

container scheduling platform to deploy multiple containerized VNFs, and 

Kubernetes characteristics also provide benefits, such as automatic extending, 

self-repairing, and load balancing for use by VNF. 

 

In addition, today's Virtual Network Function (VNF) is not only to provide a single 

point service, but also to provide a series of sequential network functions. In recent 

years, research has proposed the concept of Service Function Chain (SFC) [4]. SFC is 

a way of using SDN technology to establish a sequence of network functions. 

Network operators can use SDN to establish SFC connection to a series of different 

network functions; examples are Firewall, inbound IDS, and Backend web APIs. The 

SFC can then be configured through the SDN Controller so that the packet delivery 

order between network functions can be programmed. Therefore, this study makes 

use of the characteristics of SDN and Kubernetes mentioned above, and combines the 

concept of SFC to design a set of containerized VNF on Kubernetes with the function 

of automatically establishing SFC. 

 

2. Related Work 

This section will study and explain the network related technologies and protocols 

such as Kubernetes and SDN/NFV, and apply them to SFC systems based on their 

characteristics and principles. 
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2.1 Software Defined Networking (SDN) 

Software Defined Networking (SDN) [2] is a network concept or infrastructure. The 

purpose of this infrastructure is to make the network easier to operate and manage. 

The core concept is to separate the Control Plane and Data Plane of the network data 

flow and deploy the whole network environment by an SDN Controller through 

software. 

 

The SDN infrastructure proposed by ONF [5] can be divided into three layers, as 

shown in Fig. 1, namely Application Layer, Control Layer, and Infrastructure Layer. 

Application Layer defines the business logic of the application through software, such 

as Firewall, Load Balancer, etc. The Control Layer is the core function of the entire 

SDN. Through the definition of the Application Layer, the entire network 

environment can be operated and set up freely. Common SDN controllers include 

ONOS[6], OpenDayLight[7], Ryu[8], etc. The Infrastructure Layer is the most basic 

part of the network topology, which is usually composed of common devices such as 

Switch, SDN Switch or Open vSwitch. The layer to layer communication requires 

two interfaces, the Northbound Interface and the Southbound Interface. The 

Northbound Interface defines a set of Restful APIs to allow the Application Layer and 

Control Layer to interact, while the Southbound Interface enables the Control Layer 

to interact with the Infrastructure Layer through OpenFlow[9], NETCONF[10], 

OVSDB[11] and other network management communication protocols. 

 

Fig. 1: Software Defined Networking (SDN) Infrastructure 

 

2.1.1 Open Network Operating System (ONOS) 

Open Network Operating System (ONOS) [6] is an open source SDN Controller 
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project led by ONF. ONOS is a relatively new and open source SDN Controller that 

implements the concepts and infrastructure mentioned above in SDN, and it also 

supports distributed infrastructure and the OpenFlow[9] protocol. ONOS can make 

use of multiple ONOS controllers to form a cluster without worrying about a single 

SDN Controller failure causing network paralysis. 

 

2.1.2 OpenFlow 

OpenFlow[9] is a network management communication protocol that belongs to the 

Data Link Layer of the OSI network model. The SDN Controller defines the required 

Matcher and corresponding Action on the Application, and transmits the information 

to devices such as SDN Switch or Open vSwitch through OpenFlow, so as to 

establish packet forwarding rules. A Switch that supports OpenFlow usually includes 

one or more Flow tables, a Group Table, and OpenFlow Channels. Each Flow Table 

contains more than one Flow Entry, which is the rule that defines the qualified 

packets and ACTS on the corresponding Action. 

 

2.1.3 Open vSwitch (OVS) 

Open vSwitch (OVS) [12] is a virtual Switch developed with software that can be 

executed on common x86 hosts, primarily for VMs or containers connected to 

multiple units within a single physical machine, and support multiple standard 

management interfaces and protocols, such as: OpenFlow[9], NetFlow, sFlow, LACP, 

802.1 ag, etc. In this study, OVS combined with OpenFlow was used to establish an 

orderly packet delivery path SFC, and the network environment could be built and 

deployed more easily by taking advantage of its programmability. 

 

2.2 Service Function Chain (SFC) 

Service Function Chain (SFC) [4] is a software defined network based on strategy 

routing. This network infrastructure will consist of one or more groups of network 

functions and can guide traffic between services according to rules. The difference 

between SFC and traditional routing is that SFC is based on traffic forwarding. By 

combining SDN technology to manage traffic forwarding of network services, a 

complete set of network services can be obtained by connecting these network 

functions in series. For example: Intrusion Detection System (IDS), Intrusion 

Prevention System (IPS), Firewall and Load Balancer, these network functions 

usually need to be packet through these network functions in order. Once the SFC is 

set up in the traditional network infrastructure, it is often very difficult to change the 

SFC. However, the network under the SDN infrastructure is very flexible and easy to 

operate and modify錯誤! 找不到參照來源。, and even can be combined with VLAN 
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technology to achieve the isolation of multiple different SFC. 

 

2.3 Virtual Local Area Network (VLAN) 

Virtual Local Area Network (VLAN) is a technology used to partition different 

broadcast areas in a LAN. In the case of Switch, all ports are located in the same 

broadcast area, that is, broadcast packets are sent in the LAN, such as ARP, DHCP, 

etc. All hosts connected to the Switch receive broadcast packets, but sometimes you 

don't want all hosts to receive broadcast packets when you plan your network, 

perhaps just certain hosts that need to receive these packets. Therefore, with the 

support of VLAN technology, different broadcast areas can be segmented to form 

different virtual networks. However, in such a network infrastructure, a LAN contains 

multiple virtual networks, so Virtual LAN ID (VLAN is needed to distinguish the 

regions where packets are broadcast. According to IEEE 802.1Q, VID length is 12bits, 

VID number is 212, VLAN 0 and VLAN 4095 are reserved IDs, so the actual number 

of VLANs available for each LAN is 4094. Since each virtual network is equivalent 

to a LAN, there is no direct communication between each virtual network, which can 

provide higher security, reduce unnecessary broadcast traffic and improve overall 

resource utilization. 

 

2.4 Kubernetes OVS-CNI 

These technologies are applied to the Kubernetes container management platform. 

The main purpose is to realize the container resource management and make use of 

the characteristics of Kubernetes, such as rolling update, automatic extending and 

self-repair. However, the common Container Network Interface (CNI) (e.g. flannel, 

calico etc.) does not support OVS, and packet forwarding cannot be controlled by the 

SDN Controller. Therefore, combined with OVS-CNI, all VNF can receive OVS, and 

then all VNF can forward packets according to the rules set by ONOS SDN 

Controller for OVS. 

 

To summarize the relevant studies discussed above, the ONOS SDN Controller can 

forward packets through the application support of custom OpenFlow rule setting to 

Open vSwitch. However, ONOS SDN Controller needs to re-develop ONOS 

Application every time it establishes an SFC, and there is a lack of applications that 

can quickly customize the SFC. Therefore, the following research is conducted. 

 

3. System Design 

Therefore, this study designed the SFC service infrastructure based on Kubernetes 

OVS-CNI supporting SDN/NFV platform, and established the virtual network 
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function (VNF) by using Kubernetes Pod and connected with OVS-CNI in series. 

This system is divided into four modules: SFC API Service, Host Discovery, SFC 

Classifier, and SFC Forwarder. As shown in Fig. 2, it is up to the system 

administrator to determine the path through which the VNF packet will travel and to 

transmit a collection of SFC IP to call the SFC API Service to define the SFC path to 

the system. For examples, according to the SFC IP set provided by the SFC API 

Service, the Host Discovery sends ARP packets to confirm the Host MAC Address; 

according to the SFC IP set, a VLAN ID is given so that the SFC IP set can be 

specified as the same SFC; the MAC Address is retrieved using the Host Discovery 

and its SFC Flow Entry is automatically established in the order set by the SFC API 

Service; SDN Controller establishes SFC Flow Entry in SDN Switch and Open 

vSwitch through Openflow; the packets are then passed between the VNFS according 

to the rules of Open vSwitch; there are four main elements in the system designed in 

this study, namely, SFC API Service, Host Discovery, SFC Classifier, and SFC 

Forwarder. The SFC API Service provides an interface for the system administrator to 

define an SFC. The Host Discovery uses the SFC collection provided by the SFC API 

Service to enable the ONOS Controller to obtain the necessary Host information. The 

SFC Classifier classifies the traffic flow of different chains. The SFC Forwarder is to 

set up corresponding rules for packets according to the SFC and forward the traffic. 

 

 

Fig. 2: SFC Infrastructure Diagram of Kubernetes NFV Scheduling Platform 

 

3.1 SFC API Service 

The SFC API Service provides an interface for the system administrator to set up the 

Service Function Chain (SFC) and for other applications to use. The SFC API Service 

stores the requested SFC set to the database, and the SFC Classifier registers the SFC 

message. 
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3.2 Host Discovery 

The Host Discovery is used for Host information unknown to the ONOS Controller in 

the search area network. Since the ONOS Controller extracts the packets of ARP and 

DHCP and finds the host by triggering the PacketIn event, but when an OVS is 

connected to the ONOS Controller, no PacketIn event is triggered, so the ONOS 

Controller cannot know the connection information of all hosts of OVS, for example: 

IP Address, MAC Address, and other information. As shown in Fig. 3, when the 

system administrator calls the SFC API Service and the IP information is provided to 

the system, the Host Discovery can use a set of custom source IP addresses and MAC 

addresses to send ARP requests through the ONOS Controller. After the destination 

receives the ARP Request correctly, it will respond to ARP Reply. Based on the ARP 

Reply, a PacketIn event of the ONOS Controller will be generated, and ONOS will be 

aware of the presence of the host. 

 

 

Fig. 3: The Relationship Between SFC Chain and VNF 

 

3.3 SFC Classifier 

The main function of SFC Classifier is to classify the traffic, when the element is 

initialized, Table 0 will be established first, and the Flow Entry used to distinguish the 

Flow belongs to the Service Function Chain will be added to Table 0, and the VLAN 

ID will be used to distinguish the Flow of different chains. The process is as follows: 

first, it is determined that the source or destination IP Address has the IP Address that 

conforms to the records in the database. If the source or destination IP Address 

conforms, a VLAN ID will be assigned as the ID of the Chain and finally sent to 

Table 1 for processing. If not, the packet is forwarded to a lower priority ONOS 

Application org.onosproject.fwd. 

 

3.4 SFC Forwarder 

SFC Forwarder is used to establish Flow Entry for forwarding packets according to 

the SFC set by the system administrator. This element establishes Table 1 as 
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mentioned earlier. In Table 1, according to the VLAN ID assigned by the previous 

SFC Classifier, the packet matching the VLAN ID and the source MAC Address is 

modified to change the order defined by the destination MAC Address for the SFC 

API Service to the MAC Address of the next VNF in the Service Function Chain, and 

it will determine whether the destination MAC Address exists on the OVS of the 

node where the current VNF resides. If it exists, the VLAN ID is removed from the 

header and forwarded to the corresponding Port on OVS. If the destination is not on 

the OVS of the node on which the current VNF resides, the OVS on the other node 

are forwarded, and the judgment is repeated until the OVS on either node have the 

MAC Address corresponding to the destination. 

 

4. Experimental Results 

This section will experiment with the method proposed in the previous section. The 

following experiments will test and collect the resulting data on the impact of 

different number of user requests on SFC throughput. 

 

4.1 Experimental Environment 

There are six physical machines and one SDN Switch in the experimental 

environment of this study, among which five physical machines are used to form the 

Kubernetes Cluster, including 1 Master Node and 4 Worker nodes. Docker version is 

18.06.2-ce, and Kubernetes cluster version is v1.13.5. Another physical machine is 

used as the ONOS Controller. The ONOS Controller version is ONOS v2.0.0 and 

OVS version is 2.5.5. The environment of the network connection consists of a local 

area network with 1Gbps of uploads and downloads. 

 

4.2 Experimental Infrastructure 

The experimental infrastructure of this study is shown in Fig. 4. Based on the 

research method in Chapter 3, all VNF pods are bridging to OVS. SDN Switch is 

used to connect different nodes, and SDN Controller is used to control OVS on 

different nodes, and then the SFC is established by this system. In this experiment, an 

SFC composed of three VNF pods was established, which were Snort, iptables, and 

backend server. Snort is an open source intrusion detection software that provides 

packet sniffing, packet logger, and network intrusion detection, which can record, 

analyze, and alert the host's network situation. iptables provides the functionality of a 

firewall. Backend Server provides a back-end service with an accessible API, and 

then launches one to multiple Client PODs to test the experimental results by sending 

and receiving TCP packets via iperf. Next, the experiment will use this infrastructure 

to simulate tests and collect the resulting data. 
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Fig. 4: Experimental Infrastructure 

 

4.3 The Impact of Different Number of Consumer Requests on the SFC 

In this experiment, we mainly analyzed the impact of different user requests on 

various SFC resources, such as CPU, Memory, and Throughput. Use the experiment 

with the Service Function Chain mentioned in the previous section, as shown in Fig. 

5 When the number of Client POD issuing the request is 1, its throughput is about 

880Mbits/sec; when the number increases to 5, the throughput of each Client POD is 

about 160Mbits/sec; when the number increases to 30, the throughput is about 

15Mbits/sec. It can be inferred from this experimental data that the number of 

simultaneous requests from different users has an impact on SFC Throughput, the use 

efficiency of Throughput will become worse and worse. 

 

 

Fig. 5: Different Users Influence the Experimental Results on Throughput 

 

As shown in Fig. 6, Node-1 produces the most significant change in the number of 

simultaneous TCP requests. When the number of Pod requests is 1, the CPU change 

of Node-1 is 2.37%, while the number of POD requests is 30, the CPU change of 

Node-1 is 47.78%. The variations of Node-2, Node-3 and Node-4 are not 

significantly different from those of Node-1. 
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Fig. 6: CPU Usage Changes of TCP Packet 

 

As shown in Fig. 7, Node-1, Node-2, and Node-3 increased Memory usage by less 

than 1% for both number 1 and number 25 in the number of Client Pods requesting at 

the same time. The Memory usage of Node-2 varies so much because Node-2 is 

deployed in Snort Pod, which needs to read incoming packets to memory, so there is 

a high Memory usage when packets pass through. 

 

 

Fig. 7: Memory Usage Changes of TCP Packet 

 

5. Conclusion 

The SFC design of the SDN/NFV platform based on Kubernetes OVS-CNI, 

combined with the ONOS SDN Controller, dynamically establishes the Service 

Function Chain (SFC) through the API, and automatically finds the unknown host. At 

the same time, according to the packet forwarding requirements provided by API, the 

forwarding path of SFC Forwarder elements is also automatically established. If there 

are multiple SFC requirements in the system, the SFC Classifier element can also be 
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used to assist the traffic guidance between different chains. 

 

In this paper, the SFC established by this system is used to discuss the number of 

different users. Finally, the experimental result is that when more than 5 clients are 

requested at the same time, the throughput will decline sharply. In the future, it may 

be possible to improve the throughput of the entire SFC through some parallel 

processing or some hardware acceleration elements. 
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Abstract 

   Nowaday, the using of solar energy for electricity generation is becoming 

widespread. As the cost of installing solar cells is currently decreasing. Therefore, a 

suitable energy management strategy to reduce the Cost of Energy (COE) of the large 

factory was interested in. In this paper, the PCS Machine group holding limited 

company factory was selected to test system because this factory had the policy to 

reduce the cost of energy the same as the interesting topics. The factory is located in 

Mueang District, Nakhon Ratchasima Province, 198,740.64 kWh/day, and peak load is 

15,852.35 kW. The PV solar roof 8 MW already has installed in this factory. But we 

use load in 2015 for Base Case to compare PV + BESS in program Homer Pro. The 

strategies have proposed in 5 way included (1) installing the size solar rooftop 5 MW 

(2) installing the size solar rooftop 8 MW (3) installing the size solar rooftop 15 MW (3) 

installing the optimal size solar rooftop (4) installing the solar rooftop and batteries 

with the size that can work in islanding mode (5) installing OFF Grid. The simulation 

results showed COE of the Base Case and strategy 1 to 5 are 3.21 THB/kWh, 3.03 

THB/kWh, 2.89 THB/kWh, 2.78 THB/kWh, (2.78, 2.79, 2.83, THB/kWh for 

PV+BESS) and 7.88 THB/kW (OFF Grid). Respectively(ΔCOE compare base case). 

The first strategy that installed the optimal size solar rooftop on the PCS factory can 

reduce COE from base case down to 0.18 THB/kWh. The second strategy that installed 

optimal size solar rooftop on the PCS factory can reduce COE from base case down to 

0.32 THB/kWh. The third strategy that installed optimal size solar rooftop on the PCS 

factory can reduce COE from base case down to 0.43 THB/kWh. The fourth strategy 

that installed optimal size solar rooftop on the PCS factory can reduce COE from base 

case down to 0.43,0.42,0.38 THB/kWh. The fiveth strategy that installed the optimal 
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size solar rooftop on the PCS factory can reduce COE from base case down to 

(3.21-7.88 =  

-4.67 THB/kWh) but have high capital cost and longer payback period. Therefore, the 

second strategy that installed optimal size solar rooftop is the most suitable strategy in 

the present. 

 

Keywords: Solar roof, Cost Optimization, Energy management  

 

1. Introduction 

   Factory production costs is one of the problems that most entrepreneurs encounter 

one of the costs is the cost of electricity that the factory has to rely on importing 

electricity from the electricity authority or from GRID to drive the processes of the 

factory. Both product production and various activities within the factory 

management to reduce electricity dependency from electricity in these processes can 

be easily done, such as reducing electricity usage habits but if we go to change the 

behavior of using too much electricity it may affect the production process of the 

product. Therefore need to find other ways that helps reduce the dependence on 

electrical energy from the electricity authority in order to reduce the cost of electricity 

usage of the factory [1-2]. Nowadays, the use of solar energy for electricity 

generation is widespread. As the cost of installing solar cells is currently decreasing 

Therefore, the technology for producing electricity with solar cells is interesting in 

the study and since there is policy to sell back to the Electricity Authority Therefore, 

when the production of energy exceeds the demand Therefore must have energy 

storage for further use During the time that solar cells are unable to produce electrical 

energy [3]. The installing investment of renewable energy are increased continuously 

in developed countries such as United States, China, Japan cause many researchers 

are researching to develop a renewable energy system that can reduce COE and have 

not an adverse badly effect on the environment [4]. The integration of RERs 

especially solar rooftop system has been commonly used on commercial buildings to 

reduce COE and to improve clean energy (H. Rezzouk & A. Mellit, 2015) [15]. From 

the survey, many factories have much free space on a rooftop because the solar 

rooftop is interested in using for reducing COE of the factories. Thus, the solar 

rooftop is the most appropriate renewable energy resource to use with factories [5-6]. 

   This paper proposed a suitable strategy to reduce COE of the factories base on 

renewable energy system installation using HOMER program to design the optimal 

size of the component. The organization of this paper is as follows: Section II is 

system description. The methodology is introduced in Section III. Energy 

management strategies are introduced. Simulation results are discussed in the paper 
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2. System Description 

A. Load Profile 

   In this paper, The PCS factory was analyzed to reduce COE because this factory 

had high electricity price and interested to use RERs to reduce COE. The average 

load of the factory is 198.74 MWh/day, and peak load is 15.85 MW. Following Fig. 1. 

 

 

Fig. 1. Scale data monthly averages load 

 

B. Price of Component 

   In this paper, the actual price of the component was used to analysis following 

TABLE 1. 

 

TABLE 1. Price of Component 

Component Capital Cost 

(THB/MW) 

Operation & 

Maintenance cost 

(THB/Year) 

Life Time 

(Years) 

PV Solar roof 

(Jinko JKM320) 

21,500,000 300,000 25 

Inverter 

(SMA25) 

1,500,000 - 15 

Battery  MWh 6,652,000 100,000 10 

*THB=Thai Bath 
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Fig. 2. Solar irradiation resource 

 

C. Solar radiation and Temperature 

   The resources in this simulation can be taken from actual information. Monthly 

average solar irradiation is 5.27 kWh/m2/day, and the annual average temperature on 

the solar roof is 25.53 ๐C. The latitude and longitude coordinates are 14๐54.7’N 

101๐56.5’E, respectively following Fig. 2 

 

3. Methods 

 The current renewable energy system design has various method such as using 

PV system, Using artificial intelligent and HOMER, etc. In this research, the design 

is proposed using a HOMER program because it has many renewable energy sources 

and component such as wind energy, solar energy, and battery, etc. In addition, this 

program can analyze both electrical parameter and economic parameters. for a decade, 

the program has been used widely to design many renewable energy systems such as 

analyzing wind-solar hybrid power system cost using HOMER for Statesboro, 

designing optimum standalone hybrid renewable energy system using HOMER for a 

small community of Portland, designing optimization and operation of a renewable 

energy based PV using homer [7-9] cause the HOMER program is reliable to design 

renewable energy systems. 

 In this thesis, the strategies are proposed in 1 base case and 5 case included (a) 

base case (b) solar rooftop PV 5 MW and 8 MW (c) Increasing to optimal size solar 

rooftop (d) optimal size solar rooftop + BESS(2,4,10 MWh) and (e) OFF-Grid system 

following Fig. 3. 
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                     (a)                         (b)  

                

 

 

     (c)                           (d)        (e) 

 

Fig. 3. (a) base case (b) solar rooftop PV 5 MW and 8 MW (c) Increasing to optimal 

size solar rooftop (d) optimal size solar rooftop + BESS(2,4,10 MWh) and (e) 

OFF-Grid 

3.1 The implementation of HOMER 

   The first step to designing a renewable energy system is defining the scope of the 

project included discount rate, inflation rate, annual capacity shortage, and lifetime 

project following Fig. 4. The second step is improving the grid in AC bus and defining 

electrical price following rate of governor following Fig. 5. The third step is improving 

load per hour in a year in the AC bus following Fig. 6.  
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          Fig. 4. Scope of the project        Fig. 5. Electrical price following rate of the governor 

       

   Fig. 6. AC primary load profile 2015 (base case)         Fig. 7. Data of the solar cell 

    

The fourth step is improving solar cell in DC bus and defining data of the solar cell 

following Fig. 7. The fifth step is improving inverter to convert generated power from 

DC bus to AC bus following Fig. 8. The sixth is improving battery in DC bus 

following Fig. 9, and the last step is analysis all parameter following Fig. and show 

results by HOMER program.  

         

           Fig. 8. Data of the inverter                       Fig. 9. Data of the energy storage   

  

3.2 Formula and Equation of Cost Analysis Procedure in Homer 

Net present cost (NPC) is the installation cost and the operating cost of the system 

throughout its lifetime following as [15]: 
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  (1) 

Where TAC  is the total annualized cost  

  CRF  is a capital recovery factor 

i       is the interest rate in percentage 

prjR     is project lifetime in a year 

Total annualized cost (TAC) is the summation of the annualized costs of every 

equipment of the power system including capital and operation and maintenance cost. 

It also includes replacement and fuel cost. 

Capital recovery factor (CRF) is a ratio that is used to calculate the present value of a 

series of equal annual cash flow [15]:  
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Where  n   .is the number of years  

  I    is the annual real interest rate 

 

The annual real interest rate is a function of the nominal interest rate shown as [11]: 

 
'

1

i F
i

F





                                                   (3) 

Where  'i    is nominal interest rate 

  F   is the annual inflation rate 

Cost of energy (COE) is the average cost/kWh of useful electrical energy produced 

by the system.The COE is calculated as follows [15]: 

, ,prim AC prim DC

TAC
COE

L L



                                                 (4) 

Where Lprim,AC  is the AC primary load  

  Lprim, DC is the DC primary load 
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4. Results 

   Homer is the global tool for optimizing microgrid design in all sectors, from village 

power and islanding mode to grid-connected campuses and military bases. Homer Pro, 

or HOMER (Hybrid Optimization of Multiple Electric Renewables), simplifies the 

task of evaluating designs for both off-grid and grid-connected power systems [10-14]. 

   After using all of the proposed strategies, the simulation results of the base case and 

strategies 1 to 5 are shown in Fig. 10.to Fig. 13 and table 2, respectively. For the base 

case 2015, generated energy by solar rooftop is 12,521,131 kWh/year or 17.1% of 

annual load. 

 

TABLE 2 Simulations results 

Strategy NPC 

(THB) 

COE 

(THB/kWh) 

Capital cost 

(THB) 

IRR 

(%) 

PBP (year) 

base - 3.21 - - - 

1. PV 5 MW 164M 3.03 113M 22.2 4.47 

2. PV 8 MW 150M 2.89 181M 21.3 4.65 

3. Optimal PV (15 MW) 131M 2.78 335M 17.1 5.72 

4. Optimal PV+BESS 2 MWh 130M 2.78 348M 16.7 5.79 

4. Optimal PV+BESS 4 MWh 130M 2.79 361M 18.1 5.41 

4. Optimal PV+BESS 10 MWh 128M 2.83 401M 19.4 5.08 

5. OFF-Grid 142M 7.88 3730M 18.9 9.21 

 

 

 

 

(a) 

 

 

 

 

 

(b) 

 

 

 

 

 

(c) 
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Fig. 10. Base case (a) architecture and cost (b) energy production and consumption 

(c) Monthly average electric production 

 

 

 

 

(a) 

 

 

 

 

 

 (b) 

 

 

 

 

 

      (c) 

Fig. 11.  Results of the first strategy (Increasing PV to a suitable size for PCS)  

(a) architecture and cost (b) energy production and consumption (c) Monthly average 

electric production 

   

 From strategy 1 to 5, The simulation results showed the optimal size solar rooftop 

that was 15 MW, and the optimal size of BESS was 7 MWh. In this paper, The COE, 

Internal Rate of Return (IRR) and Payback Period (PBP) were considered to choose 

the suitable strategy. The results showed the first strategy is the most suitable strategy 

to reduce COE of PCS Machine group holding company limited because the first 

strategy has low IRR PBP and COE. Although the second strategy that has less COE 

than other strategies but has so long PBP cause the second is not suitable to use at 

present. For the third strategy, The investing with Off-grid system is not worth 

because of a component of RERs system too expensive at present. If the price of a 

component decrease in the future, this strategy will be interesting in reducing COE of 

any factories. 

 

 

 

(a) 
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(b) 

 

 

 

 

 

(c) 

Fig. 12.  Results of the second strategy (Improving suitable size BESS for PCS that 

using suitable size PV) (a) architecture and cost (b) energy production and 

consumption (c) Monthly average electric production 

 

 

 

 

(a) 

 

 

 

 

 

(b) 

 

 

 

 

 

(c) 

Fig. 13.  Results of the third strategy (design off-grid system for PCS) (a) 

architecture and cost (b) energy production and consumption (c) Monthly average 

electric production 
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5. Conclusion 

   In this paper, PV solar roof is focused because many large factories have much 

space on a roof that is not used for any benefit and there is not enough space on the 

ground for installing a wind turbine. From the simulation results, the first strategy 

that installed suitable size of PV solar roof on the PCS factory having PBP is 5.72 

years, not too long, and low COE is 2.78 THB/kWh nearly the fourth strategy that 

having lowest COE is 2.78-2.83 THB/kWh, but the fourth strategy has long PBP. The 

second strategy has long PBP because the capital cost of BESS is high, at present, but 

causing the energy price decreased from the third strategy only 0.00-0.07 THB/kWh. 

For the third strategy, Off-grid system is an investment that is not worth at present. 

Therefore, the first strategy that installing PV solar roof with the appropriate size 

producing electric power is the most suitable strategy. However, if the battery has a 

lower price in the future, the third strategy will be interesting. 
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Appendix 

 

 The grid purchases daily profile and solar roof output daily profile of the optimal 

strategy that installed optimal size solar rooftop were shown in Fig. 14 and 15 

 

 

Fig. 14. Grid purchases daily profile 

 

 

Fig. 15. Solar roof output daily profile 
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Introduction 

In water cycle, runoff is an important parameter because the both of drought 

and flooding can be presented by runoff.  The purpose of this study is to estimate 

runoff in return period 5 yr, 10 yr, 25 yr, 50 yr, and 100 yr.  The Lam Takhong river 

basin is a study area.   

The Lam Takhong river basin is the upper watershed of Nakhon Ratchasima 

province where is in the northeaster of Thailand. It lies between the longitudes 101º 

17’ E and 102º 15’ E and the latitudes 14º 22.5’ N and 15º 5’ N.  The area of Lam 

Takhong river basin is 3,271 km
2
 or 2,044,375 rai.  The main rivers are Lam Takhong 

river, Lam Boriboon river, and Huay Pai river.  The Lam Takhong river basin covers 

Mueang Nakhon Ratchasima, Non Thai, Non Sung, Kham Thale So, Sikhio, Pak 

Chong, Wang Nam Khiao, Chaloem Phra Kiat, Dan Khun Thot, and Pak Thong Chai 

district. 

 

Methodology 

The input data is included by the Digital Elevation Model (DEM), the soil 

map, the land use on 2008, the stream line map, the 67 cross sections, the daily 

rainfall and evaporation during 1982-2012, the daily runoff during 2008-2012, and 

the 12 hydraulic structures.  The rainfall return period is based on the concept of 

Gumbel distribution.  Thereafter, all data is analyzed by MIKE11-NAM. The 

MIKE11-NAM is rainfall-runoff calculation. 

For the calibration and validation, the daily of simulated discharges in 

runoff stations was compared to the measured discharge.  The correlation 

coefficient (R
2
) for calibration and validation in each runoff stations are presented 

in Table 1 
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Table 1 The calibration and validation in each runoff stations for MIKE 11-NAM. 

Runoff Stations 
Calibration Validation 

R
2
 %WBL R

2
 %WBL 

M.89 0.826 -9.9 0.607 -0.2 

M.183 0.618 5.2 0.505 -14.2 

M.192 0.799 11.8 0.740 -15.3 

 

Result and Conclusion 

 The Lam Takhong river basin is classified to eight sub-basins by the 

characteristic of topography as Fig.1.  The runoff for each sub-basin presents in Table 

2 and Table 3. 

 
Fig. 1 The eight sub-basins of Lam Takhong river basin 

 

Table 2. The maximum discharge (m
3
/s) for return period 5 yr, 10 yr, 25 yr, 50 yr, 

and 100 yr 

Return period  LTK1 LTK2 LTK3 LTK4 LTK5 LTK6 LTK7 LTK8 

5 20.0 15.2 10.0 49.9 87.4 10.4 66.5 32.8 

10 106.6 48.7 37.3 50.7 82.1 7.5 68.0 24.8 

25 66.1 26.4 21.6 49.7 79.0 41.3 66.6 36.0 

50 117.9 39.6 41.6 64.5 138.8 23.5 81.8 40.6 

100 202.9 118.8 81.4 156.7 220.1 22.0 43.7 54.2 

 

Table 3. The mean discharge (m
3
/s) for return period 5 yr, 10 yr, 25 yr, 50 yr, and 100 

yr 

Return period LTK1 LTK2 LTK3 LTK4 LTK5 LTK6 LTK7 LTK8 

5 2.4 0.8 1.1 1.1 1.7 0.5 0.8 5.8 

10 9.2 2.2 4.0 1.1 1.8 0.5 1.1 7.7 

25 4.1 1.4 2.1 1.9 4.1 3.6 3.0 6.4 

50 7.8 2.2 3.8 1.4 3.1 2.4 2.1 7.8 

100 8.9 2.8 4.7 2.0 2.3 1.0 0.4 8.4 
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I. Introduction 

The market for battery-powered and plug-in hybrid electric vehicles (EVs) is 

currently limited but is expected to grow rapidly with the increase in environmental 

concern and advances in technology. However, because EVs have a high energy 

capacity, their mass deployment would have a considerable effect on power networks. 

In particular, charging loads often exhibit high volatility, confining the charging 

behavior to low-load periods is difficult, thus leading to higher system peak 

difference [1].  

To maintain a certain high level of electric power quality, an EV charging system 

that uses a control strategy integrated with a smart grid is considered as a potential 

alternative to conventional charging systems. Over past last decades, this system has 

been widely applied on the customer side to mitigate unexpected power disturbances. 

In addition to safe charging, the advantage of this system is that EVs is smartly 

utilized as distributed battery energy storages when they are used in V2G, G2V. V2H, 

and H2V operations [1].  

In contrast to most CC-CV charging methods in which only current and voltage are 

controlled, this paper provides a charging method that further involves power 

supervisory characteristics on the basis of the paradigm of CC-CV charger. Thus, this 

functionality can prevent overcurrent trips of the main circuit breaker installed in the 

charging station, and the potential risk of energy usage can be substantially reduced. 

Additionally, for a time-of-use rate user, the proposed method makes energy demand 

at the site can be directly programmable by their EMS, thus optimal power 

management can be easily achieved. 

 

II. Proposed Charging Method 

(1) System Configuration 

Fig. 1 presents a simplified configuration of a public charging station. In this 

configuration, the charging station and contains a power meter, EMS, power 

communication network, and the battery charger with the rectifier and D/D converter. 

In this case, an EV can be charged under the supervision of local EMS or remote 

virtual end node of the aggregator in the smart grid by using a power communication 

network. Specifically, when the power demand in the charging station is too high or 

approaches to the site power contract margin, the EV charger is directly controlled by 

the EMS to reduce the amount of charging power.  

(2) Control Method 

In the proposed control method, a feedback loop is first developed. As seen in Fig. 

1, this feedback loop uses potential transformer (PT), current transformer (CT), 

operational amplifier. Then the relationship between the charging power and the 

battery voltage in the controller can be formulated as presented. Based on above 

method, the proposed charging flow is first to give the current setting for the CC 

charge according the battery characteristics. Then after receiving allowable maximum 

charging power command from EMS, voltage refeence is calculated and set as the 
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voltage threshold for the CV charge. At this time, PWM duty can be determined by 

traditional CC-CV controller for trigging the power switches in the converter. The 

power consumed in each charging stage is finally provided as feedback to the EMS.  

Smart Charger

EMS

Communication Network

EV

Electric Utility 

Network

Public Charging Station

Power

Meter  

CC-CV

PWM ControllerUART

CT

PT

Smart Charger

aggregator

Rectifier D/D Converter

ki Ib
kvVbvR

 
Fig. 1.  System configuration of an EV charging station 

 

IV. Experimental Tests 

To validate the performance of the proposed method, a prototype of the smart 

charging circuit was implemented and tested in a laboratory. Fig. 2 depicts the test 

results, in which during the charging maximum power are set 80W. In the figure, the 

charging power is limited at 80.36 W. Therefore, the power consumption of proposed 

charging naturally appears the power limit characteristics that was no longer 

increased after 80 W.  

 
Fig. 2. Charging test with maximum power control of 80 W 

 

III. Conclusion 

This paper is aimed to develop a new charger for EV charging station. The 

proposed charging method owns the communication control ability, while is capable 

of making charging supervisory based on external power information from the EMS. 

Promising results were demonstrated from this method under test scenarios, thereby 

ushering in a new alternative to battery charging applications. The method is now on 

the patent pending. 
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Abstract 

Electric vehicles (EVs) are promising technologies to address greenhouse gas 

emissions and air pollutants. They include battery EVs, hybrid EVs, plug-in hybrid 

EVs, and range-extended EVs. EVs have been developed to replace the use of 

internal combustion engines that consume fossil fuels.  Battery electric vehicle 

(BEC) is driven by an electric motor that uses 100% electric power from batteries via 

the DC-DC and DC-AC converter. This paper presents the digital controller design of 

DC-DC boost converter with a small signal averaged model based on direct digital 

control design. In this paper, a 1 kW DC-DC boost converter and its control strategy 

are designed and investigated by using MATLAB/ Simulink. The simulation results 

related to this research are presented and discussed. 

  

Keywords: Zero-emission vehicles (ZEVs), Battery electric vehicles (BEVs), Boost 

converter, State-space model, Direct digital controller 

 

1. Introduction 

Nowadays, the modes of passenger transportation are commonly relied on personal 

cars and public transport systems, such as airplanes, trains, and public buses. Most of 

these transportation modes use internal combustion engines (ICE) that burn fossil 

fuels and releasing large amounts of air pollutants, such as carbon dioxide, carbon 

monoxide, hydrocarbons, and nitrogen oxides (Yunus, 2017). In addition, the use of 

ICE in transportation contributes to greenhouse gas emissions in the atmosphere. 

   

Therefore, reducing such emissions, the electric vehicles (EVs) powered by electric 

motors are used to reduce emissions from ICE by using the power from renewable 

energy technologies, such as solar PV, fuel cell, and battery (Hegazy et al., 2012).  

However, some EV technologies are not driven by 100% electricity. For example, the 
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plug-in hybrid EVs (PHEVs) (Emadi et al., 2008) are designed to have a propulsion 

system used together between electric motors and ICE. PHEV still emits air 

pollutants because the drive system uses energy from the ICE together with the 

electric motor that uses the battery power by recharged from electrical systems in 

homes or offices (Dannier, 2019). 

 

Battery electric vehicles (BEVs) do not use ICE and power by 100% electrical energy 

from batteries resulting in lower emissions, depending on how electricity comes from 

or the energy mix in the power systems. In the case of renewable electricity, BEVs 

will offer zero emission vehicles (ZEVs). The design of energy management system 

for driving is essential for BEVs. The system consists of a DC-AC converter for 

driving electric motor and a DC-DC converter that use battery power (Elsied et al., 

2015; Hegazy et al., 2013). In this paper, a DC-DC boost converter used to transfer 

electrical energy between the battery and DC link for the electric motor is discussed. 

The proposed design of the digital controller based direct digital control design for a 

1 kW DC-DC boost converter with a small signal averaged model is presented. 

 

2. Battery Electric Vehicles (BEVs) 

The BEVs or pure EVs run entirely on a battery and electric drive train. Electricity is 

stored in a large battery pack that is charged by plugging into the electricity grid. 

BEV has main components as in Fig. 1. The procedures are as follows. 

• Charging interface is connection between the station and vehicle by cable 

(plug). They are classified and configured according to the type of power supply, 

whether in AC or DC of the type of connection by cable (plug). 

• The battery pack provides power to one or more electric motors to run the 

electric car. 

• DC-DC boost converter, it is the power interface between DC bus as energy 

storage and the inverter with the electric motor. 

• DC-AC converter or inverter for driving electric motor that converts a DC 

voltage source form DC bus to the electric motor. 
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Fig. 1: Basic configurations of BEVs 

 

3. DC-DC Boost Converter Small Signal Averaged Model 

The DC-DC boost converter is used to regulate the constant output voltage. Fig. 2 

shows the proposed DC-DC boost converter with digital controller based direct 

digital control. The basic topology with the inductor’s ESR and the output capacitor’ 

ESR is considered for average state-space analysis followed by small-signal analysis 

for linearization and control with constant output voltage (Benton, 2017). In digital 

control, the voltage sensing, compensator, and PWM are presented. 
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Fig. 2: DC-DC boost converter with controller 

 

The state space equations are analyses according to the equivalent circuits in each 

operation condition. The inductor current: iL and capacitor voltage: vC as the state 

variables while input voltage: vin and output current: iO as the variable of the input 

and output voltage: vO as the variable of the output voltage. The state equation of the 

converter in each mode operation can be state as follows. 
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Mode 1 (t0<t<t1): switch is on and diode is off 
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Mode 2 (t1<t<t2): switch is off and diode is on 
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In the equation of mode 1 and mode 2, average each state by using duty ratio as a 

weighting factor and then combine the two sets of equations into a single set. 

1 1 2 2

1 2

(1 )
x A x B u x A x B u

d d
y C x y C x

    
    

  

& &
        (5) 

and 

   

 

1 2 1 2

1 2

(1 ) (1 )

(1 )

x A d A d x B d B d u

y C d C d x

     

  

&
        (6) 

 

When specifically considered small signal terms and substitute A1, A2, B1, B2, C1, 

and C2 into the equation (6), then it can be expressed by 
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Transform ac state-space model form the equation (7) and equation (8) into frequency 

domain by Laplace transform. The control to output voltage transfer functions 

represents in equation (9) and control to input current transfer functions as shows in 

equation (10). 
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Table 1: Specification of DC-Dc boost converter 

Parameter Name Value 

Input Voltage (vin) 24 V 

Output Voltage (vO) 48 V 

Switching frequency (fS) 40 kHz 

Inductor (L) 75 µH 

ESR of inductor (rL) 0.030 Ω 

Capacitor (C) 520 µF 

ESR of capacitor (rC) 0.018 Ω 

Output current (iO) 10A-20 A 
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The control to output voltage transfer functions (Gvd(s)) and control to input current 

transfer functions (Gid(s)) with parameters in Table 1 are given as, 
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4. Digital Controller Design 

In direct digital design approach, the continuous time transfers functions Gvd(s) of the 

boost converter are first discretized using zero order hold (ZOH) methods. The digital 

controller Gcv(z) is designed directly in the z-domain using methods similar to the 

continuous time frequency response methods. Fig. 3 shows the close loop control 

system containing the voltage controller Gcv(z), the zero order hold (  1 ST s
e s


 ), the 

computational delay ( dT s
e
 ), and the control to output voltage continuous time transfer 

function (Gvd(s)) can be expressed by, 
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Fig. 3: Digital voltage control loop block diagram 

 

The specifications of DC-DC boost converter in Table 1 are used for equation (13) as 

shown in equation (14). Fig. 4 shows the frequency response of the discrete time 

transfer function Gcv(z). 
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where, the sampling is TS=25 µs 
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Fig. 4: Frequency response of the discrete time transfer function Gvd(z) 

 

In this paper, the digital voltage controller Gcv(z) is designed by using the bode 

diagram in MATLAB/Simulink. The transfer function of the digital voltage controller 

can be expressed by 
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Fig. 5: Frequency response of the digital voltage controller Gcv(z) 

 

So, the loop gain for the voltage mode control can be expressed as, 

( ) ( ) ( )v cv vdT z G z G z              (16) 
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Fig. 5 presents the digital voltage controller Gcv(z) for the voltage mode control. The 

loop gain has a crossover frequency of 707 Hz and a phase margin of 46.3
º
 as show in 

Fig. 6. 

 

Fig. 6: Frequency response of the loop gain for the voltage mode control Tv(z) 

 

5. Simulation Results 

The MATLAB/Simulink is used to validate the proposed controller. The simulation 

component values 1 kW 48V 20A BEVs as shown in Table 1 are used for the 

simulation. The main objective of this study is to investigate the dynamic response of 

the DC-DC boost converter during different output current load. Fig. 7 shows the 

output voltage, output current, and inductor current of the boost converter with 

controller. 
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Fig. 7: Simulation results of output voltage, output current and Inductor current of the 

boost converter with controller. 

 

Fig. 8 shows the system response of the boost converter for step up and step down the 

load from 10A to 20A and vice versa. 
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Fig. 8: Simulation results of output voltage, output current and Inductor current 

response; a) load step up response, b) load step down response.  
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6. Conclusion 

In this paper, a DC-DC boost converter with digital controller based direct digital 

control for 1 kW 48V 20A battery electric vehicles (BEV) has been proposed. The 

converter has been made to reduce the cost and improve efficiency of the system in 

BEV. The proposed controller is designed to verify the performance of the DC-DC 

boost converter during different output current load. The simulation results have 

demonstrated the ability of converter that used in BEV. 
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