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General Information for Participants 

 Registration  

The registration desk will be situated on the 4
st
 floor at Kyoto Research Park during the 

following time:  

15:00-17:00, Tuesday, March 26, 2019 

08:30-16:00, Wednesday, March 27, 2019 

08:30-16:00, Thursday, March 28, 2019 

 

 A Polite Request to All Participants 

Participants are requested to arrive in a timely fashion for all addresses. Presenters are reminded 

that the time slots should be divided fairly and equally by the number of presentations, and that 

they should not overrun. The session chair is asked to assume this timekeeping role and to 

summarize key issues in each topic. 

 

 

 

 

 Certificate 

Certificate of Presentation or Certificate of Attendance 

A certificate of attendance includes participant’s name and affiliation, certifying the participation 

in the conference. A certificate of presentation indicates a presenter’s name, affiliation and the 

paper title that is presented in the scheduled session.  

 

Certificate Distribution 

Oral presenters will receive a certificate of presentation from the session chair at the end of the 

session. Poster presenters will receive a certificate of presentation from the conference staff at 

the end of their poster session.  

 

The certificate of presentation will not be issued, either at or after the conference, to authors 

whose papers are registered but not presented. Instead, the certificate of attendance will be 

provided after the conference. 
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 Preparation for Oral Presentations  

All presentation rooms are equipped with a screen, an LCD projector, and a laptop computer 

installed with Microsoft PowerPoint. You will be able to insert your USB flash drive into the 

computer and double check your file in PowerPoint. We recommend you to bring two copies of 

the file in case that one fails. You may also connect your own laptop to the provided projector; 

however please ensure you have the requisite connector. 

 

Preparation for Poster Presentation  

Materials Provided by the Conference Organizer: 

1. X-frame display & base fabric canvases (60cm×160cm)  

2. Adhesive tapes or binder clips 

 

Materials Prepared by the Presenters: 

3. Home-made poster(s) 

4. Material: not limited, can be posted on the canvases 

5. Recommended poster size: 60cm*120cm 

 

 

 

A 60cm*160cm poster illustrates 

the research findings. 

1. Wider than 60cm (left) 

2. Copy of PowerPoint slides in A4 papers (right) 
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Conference Venue Information 

Kyoto Research Park, Building 1 
134, Chudoji Minami-machi, Shimogyo-ku, Kyoto 600-8813, Japan 

Phone: + 81-75-322-7800 

 

Location 

 

  



 

13 

Transportation 

 

From Kansai International Airport to Kyoto city  

A. Take MK Skygateshuttle taxi (Terminal 1, gate H)  

This service takes you directly to your destination. A Shuttle reservation is required 2 days 

before your arrival date. The Meeting point (MK counter) is located next to Gate H of the airport 

South Exit at terminal 1. Traveling time is about 120 minutes. JPY 4,200 per person. 

 

B. Take Limousine Bus  

1. Take Limousine Bus from gate 8 at terminal 1 or gate 2 at terminal 2 to Kyoto Station. JPY 

2,550 per person. 

2. From Kyoto Station, take JR E Line (San-in Line) to Tambaguchi station. (1 stop) 

 

C. Take Kansai Airport Limited express Haruka 

Purchase your ticket from JR-WEST ticket office in the airport. It takes 1 hour and 10 minutes 

from Kansai International Airport to Kyoto station.  

 

From Osaka International Airport to Kyoto City 

A. Take Limousine Bus 

1. Take Limousine Bus from gate 5 at North terminal or gate 15 at South Terminal to Kyoto 

Station. JPY 1,310 per person. 

 

From Tokyo Station 



 

14 

A. Take Tokaido Shinkansen to Kyoto station.  

You can purchase your ticket at Tokyo station. It takes 2 hours and 20 minutes to reach Kyoto 

station. 

 

From Tambaguchi station to Kyoto Research Park. 

1. Take the path to the station ticket gate. 

2. Go down the hallway and turn left. 

3. Walk two blocks and turn left. 

4. Kyoto Research Park will be on the right. 
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Kyoto Research Park, Building 1 

The 4
th 

East block floor plan 

 

The 1
st
 East block floor plan 

 
Registration: Foyer area, 4

th
 floor 

Poster Session: Room AV, 4
th

 floor 

Tea Break & Networking: Foyer area and Room AV, 4
th

 floor 

Oral Session: Room A, B and C, 4
th

 floor 

Lunch: Atrium, 1
st
 floor  

Atrium 
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Conference Schedule 

 

Tuesday, March 26, 2019 

15:00-17:00 Pre-Registration 
Kyoto Research Park 

Building 1,Foyer Area, 4F 

17:00 Gathering for Gala Dinner Party (Optional) 
Kyoto Research Park 

Building 1,Foyer Area, 4F 

17:00-20:00 
Optional Socializing Event- Gala Dinner Party 

(Optional) 
Ganko Takasegawa Nijoen 

 

Wednesday, March 27, 2019 

Oral Session  

Kyoto Research Park ,Building 1, 4F 

Time Schedule Venue 

08:30-16:00 Registration Foyer Area, 4F 

08:45-10:15 
Computer and Information Sciences(1)/ Electrical and 

Electronic Engineering (1) 
Room A, 4F 

10:15-10:30 Tea Break & Networking Foyer Area, 4F 

10:30-12:00 

Natural Sciences Keynote Address 

Dr. Cheng-Hung Huang 

Topic: Engineering Applications for the Inverse Design 

Problems 

Room A, 4F 

12:00-13:00 Lunch Time Atrium, 1F 

13:00-14:30 Biological Engineering/ Life Science (1) Room A, 4F 

14:30-14:45 Tea Break & Networking Foyer Area, 4F 

14:45-16:45 Electrical and Electronic Engineering (2) Room A, 4F 
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Wednesday, March 27, 2019 

Poster Presentation  

 Kyoto Research Park ,Building 1, 4F 

Time Schedule Venue 

09:30-10:20 

Poster Session (1)  

Fundamental and Applied Sciences/ Material Science and 

Engineering/ Life Science (1) 

Room AV, 4F 

13:00-13:50 

Poster Session (2)  

Civil Engineering/ Computer and Information Sciences/ 

Electrical and Electronic Engineering/ Environmental 

Science/ Mechanical Engineering/ Biological Engineering 

(1)/ Life Science (2) 

Room AV, 4F 

14:00-14:50 
Poster Session (3)  

Biological Engineering (2)/ Life Science (3) 
Room AV, 4F 

16:00-16:50 

Poster Session (5) 

Material Science and Engineering/ Electrical and 

Electronic Engineering/ Life Science (4) 

Room AV, 4F 
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Thursday, March 28, 2019 

Oral Session  

Kyoto Research Park ,Building 1, 4F 

Time Schedule Venue 

08:30-16:00 Registration Foyer Area, 4F 

08:45-10:15 Computer and Information Sciences (2) Room A, 4F 

10:15-10:30 Tea Break & Networking Foyer Area, 4F 

10:30-12:00 Computer and Information Sciences (3) Room A, 4F 

12:00-13:00 Lunch Atrium, 1F 

13:00-14:30 
Civil Engineering/ Mechanical Engineering Room A, 4F 

Fundamental and Applied Sciences (1) Room B, 4F 

14:30-14:45 Tea Break & Networking Foyer Area, 4F 

14:45-16:15 

Environmental Science/ Chemical Engineering Room A, 4F 

Fundamental and Applied Sciences(2)/ Material Science 

and Engineering 
Room B, 4F 

16:15-16:30 Tea Break & Networking Foyer Area, 4F 

16:30-18:00 Life Science (2) Room A, 4F 
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Natural Sciences Keynote Address 

Room A, 4th floor 

10:30–12:00, Wednesday, March 27, 2019 

 
Topic: 

Engineering Applications for the Inverse Design Problems 

 

Dr. Cheng-Hung Huang 

 

National Cheng Kung University (NCKU) 

 

Abstract 

The inverse design problems have been examined by a variety of numerical methods. Due to its 

inherent nature, it requires a complete regeneration of the mesh as the geometry evolves. 

Moreover, the continuous evolution of the geometry itself poses certain difficulties in arriving at 

analytical or numerical solutions. For this reason it is necessary to use an efficient technique to 

handle the problems with irregular surface geometry. 

 

Two topics of inverse deign problems will be delivered in this presentation, namely, (1) An 

Inverse Design Problem in Determining the Design Variables of the Fin Shape for Heat Sinks 

and (2) A Three-Dimensional inverse Design Problem to Determine the Filler Geometry for 

Maximum System Thermal Conductivity. 

 

For the first problem, the numerical results show that the height of middle and center fins can be 

neglected to yield optimal cooling performance and besides it is easy to fabricate. The system 

thermal resistance of Design B* can be further reduced by 16.8 % and 11.0 % than initial design 

heat sink and Type 2 design heat sink of Jang et al. [1], respectively. Finally, three designs of 

radial heat sinks are fabricated and the experiments are performed using an infrared 

thermography system to measure the temperature distribution of the bottom surface of the heat 

sink. The numerical and experimental temperatures are then compared. The results show 

excellent agreement between the numerical and experimental temperatures and the maximum 

relative error is always less than 1.90% for the cases considered here. It justifies the validity of 

the present numerical model as well as the design algorithm for determining the optimal fin 

shapes of radial heat sink for LED lights. 

 

For the second problem, according to the computed results the following conclusions can be 

drawn: (i) the optimal shape of filler is obtained as an “hourglass” shape with a smooth 
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nozzle-diffuser shape in the central parts of filler, (ii) the radiuses of the top and bottom surfaces 

of filler play the most significant role on the effective thermal conductivity, (iii) the volume of 

the central parts of filler has less significant on the effective thermal conductivity, (iv) the 

effective thermal conductivities can be increased from 15.3% to 57.5% depending on different 

volume of fillers and (v) the effective thermal conductivities can be increased from 5.5% to 

57.4% depending on different filler conductivities.  
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Oral Sessions 

Computer and Information Sciences (1)/ Electrical and 

Electronic Engineering (1) 

Wednesday, March 27, 2019 08:45-10:15 Room A 

Session Chair: Prof. Sheng-Fuu Lin 

 

ACEAIT-0277 

End-to-End Lane Detection Method Using Conditional Generative Adversarial Networks 

Sheng-Fuu Lin︱National Chiao Tung University 

Yuan-Cheng Hsieh︱National Chiao Tung University 

 

ACEAIT-0299 

A Smart Partitioning Scheme for Multicast Traffic Considering Latency in 3D 

Network-on-Chip 

Hsiang-Hua Huang︱National Chung Hsing University 

Fang-Tzu Hsu︱National Chung Hsing University 

Hsueh-Wen Tseng︱National Chung Hsing University 

 

ACEAIT-0306 

A Fair and Efficient LBT for LAA-LTE/Wi-Fi Coexistence Networks Using Q-Learning 

Scheme 

Tzu-Teng Pan︱National Chung Hsing University 

Shang-Juh Kao︱National Chung Hsing University 

Fu-Min Chang︱Chaoyang University of Technology 

 

ACEAIT-0310 

Routing Paths Determination by Considering QoS and Traffic Engineering in SDN 

networks using A*-algorithm 

Ting-Yu Wang︱National Chung Hsing University 

Shang-Juh Kao︱National Chung Hsing University 

Ming-Chung Kao︱National Chung Hsing University 
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ACEAIT-0300 

Control Design for Two-Wheel Vehicle’s Motion 

Der-Cherng Liaw︱National Chiao Tung University 

Yi-Tien Hung︱National Chiao Tung University 

Chien-Chih Kuo︱National Chiao Tung University 

Yew-Wen Liang︱National Chiao Tung University 

 

ACEAIT-0301 

Dynamical Analysis of Multi-Rotor UAV’s Nonlinear Behavior 

Der-Cherng Liaw︱National Chiao Tung University 

Li-Feng Tsai︱National Chiao Tung University 
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ACEAIT-0277 

End-to-End Lane Detection Method Using Conditional Generative 

Adversarial Networks 

 

Sheng-Fuu Lin
a,*

, Yuan-Cheng Hsieh
b 

Institute of Electrical and Control Engineering, National Chiao Tung University, Hsinchu, 

Taiwan 
a,*

E-mail address: sflin@mail.nctu.edu.tw 

 
b 
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1. Introduction 

Lane detection plays an important role for vision-based part in advanced driving assistance 

system (ADAS). Based on how the computer extracts the feature of road lane, the approaches of 

lane detection can be roughly divided into conventional image-processing-based and 

learning-based methods. Owing to requirements of some pre-processing and post-processing 

techniques, the former, like Hough transform, are usually computationally expensive and prone 

to be limited by sophisticated environmental scenarios. By contrast, although the latter methods 

require huge amounts of data as well as time to train the neural networks, the accuracy and 

elapsed time of detection outperform the traditional computer vision methods. 

 

2. Methods 

In this paper, we propose an end-to-end learning-based method applying conditional generative 

adversarial networks [1]. Specifically, we capture a large number of images by an onboard 

camera sensor at first, and then manually annotate the positions of lane markers in each images 

to construct our own dataset. After that, the generator model which we feed with the training 

images and their respective labels is trained to map from a road image and a random noise vector 

to a lane marker mask which can deceive the discriminator model into considering it matched 

with the input image; meanwhile, the discriminator model is adversarially trained to comprehend 

what is the real pattern of the ground truth mask correctly matched with the input image and 

recognize the generated mask as a fake to guide the generator model to produce the output closer 

to the ground truth by penalizing with a lower score, as shown in Fig. 1. 

 

 

Fig. 1: The flowchart of training the conditional generative networks. 

mailto:Kent050617@gmail.com
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3. Conclusion/ Contribution 

The proposed method is evaluated on our own dataset consisting of nearly 5000 training images, 

1000 testing images captured under sophisticated environments, such as broken or atypical lane 

lines and various illumination, and their respective manually labeled masks. To evaluate the 

performance quantitatively, we compare with encoder-decoder architecture [2] through precision, 

recall, F1 score and Jaccard metrics which are widely adopted for segmentation tasks, as shown 

in Table 1. In details, the metrics precision, recall, and Jaccard are calculated as precision = 

TP/(TP+FP), recall = TP/(TP+FN), and Jaccard = TP/(TP+FP+FN), where TP, FP, and FN mean 

the number of true positive, false positive, and false negative pixels; moreover, the F1 score is 

calculated as (2*precision*recall)/(precision+recall). It can be observed that the proposed 

method has a greater performance on the evaluated metrics as well as the elapsed time in spite of 

few discounts in terms of the precision. 

 

Table 1: Performance comparison with cGANs and encoder-decoder architecture. 

 Precision Recall F1 score Jaccard Time(ms) 

Encoder-decoder [2] 79.1% 73.8% 76.4% 61.8% 19 

cGANs 81.3% 85.1% 83.1% 71.1% 11.7 

 

To the best of our knowledge, we propose the first use of conditional generative adversarial 

networks for end-to-end lane detection tasks in this paper. The trained network can immediately 

generate a mask of lane lines on both sides from a road image. Furthermore, the quantitative 

evaluation with our own dataset shows the proposed method’s superiority on the accuracy and 

computational time compared with other existing lane detection method. 

 

Keywords: lane detection, sophisticated environmental scenarios, conditional generative 

adversarial networks 
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1. Background 

Networks-on-Chip (NoC) is designed to tackle the architectural scalability and interconnection 

problems in many-core architectures. Three-dimensional NoC (3D NoC) stacks multiple layers 

together using through silicon vias (TSVs) to increase the performance. In 3D NoC, the 

congestion problem and the thermal problem are major issues. Once the congestion problem 

occurs, the performance of 3D NoC rapidly degrades such as increasing transmission latency, 

extra power consumption, higher temperature, and imbalanced traffic among different logic 

layers. On the other hand, higher temperature also increases transmission latency, leakage power, 

and cooling cost. Moreover, these problems are more serious when a large amount of multicast 

traffic is transmitted in 3D NoC. Hardware-based multicast is an efficient method to upgrade the 

performance in 3D NoC. However, previous partitioning works did not efficiently solve the 

congestion problem and the thermal problem. Thus, a smart partitioning multicast routing 

(SPMR) algorithm is proposed to solve the problems. 

 

2. Smart Partitioning Multicast Routing Algorithm 

To solve the problems, we propose SPMR algorithm, which uses characteristics of multicast 

traffic to reduce the total hop count of multicast traffic. SRMP algorithm is consisted of multicast 

information table (MIT), advanced mixed partitioning multicast mechanism (AMPM), and 

adaptive traffic intensity selection function (ATIS), as shown in Fig. 1. MIT records the 

information of multicast traffic. Then, AMPM determines the new partition to readjust the 

partition of 3D NoC topology according to the information from MIT. Finally, we use ATIS to 

approach the traffic balance. 

 

 

Fig. 1: SPMR architecture 

 

We use Fig. 2 to describe the concept of the proposed SPMR, SPMR is composed of three phases. 

The first phase uses RBP, which has been proposed in the previous study. We uses RBP which 

will proceed 10,000 cyclesto record the information of multicast traffic of each node after using 
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RBP. In the second phase, the repartitioning phase is divided into three parts: MIT collection, 

MIT computing, and repartitioning. MIT is updated whenever a packet is transmitted to the 

router through the network interface (NI). First, each agent node transmits the recorded MIT to 

its source node using unicast mode. The information of multicast traffic, which is calculated by 

the source node, is recorded in the agent node, including the number and the hop count of 

packets. After the source node calculated the multicast characteristic value of all the partitions, 

the repartitioning phase is started. The repartitioning phase contains two parts: merge scheme 

and split scheme. For the merge, the conditions of the judgment include: (1) if there are adjacent 

nodes in the split boundary of partitions and they can communicate each other, (2) the hop count 

between the source node to the destination node is larger than the average hop count in the 

partition. If the conditions are true, it will proceed advanced minimal adaptive routing (AMAR) 

algorithm to determine whether the new partition violates the requirement of the Hamilton path 

or not. In addition, if there are other destination nodes in the same multicast path, these nodes 

will be joined to the new partition. As a result, we can minimize the hop count of the transmitted 

packets in the new partition, reduce heat energy generated in the packet transmission and 

improve the transmission performance of 3D NoC. 

 

 

 

3. Conclusion 

In this paper, we observed that the previous partitioning multicast routing algorithms cause 

longer the transmission path based on the microarchitecture. Thus, in 3D NoC, the total hop 

count of transmission data increases and the system performance degrades. We design SPMR 

algorithm based on the characteristics of multicast traffic. SPMR contains AMPM, which is used 

to collect the information of multicast traffic and to reduce the hop count by repartitioning the 

microarchitecture of 3D NoC according to the information. In addition, according to the 

information recorded in MIT, selection function in ATIS can be used to achieve load balancing in 

inversely proportion to the traffic distribution. Finally, we use Design Compiler of AccessNoxim 

to simulate the system performance. Simulation results show that the proposed scheme can 

improve the average latency, approach better heat balance, as well as obtain high scalability. 

 

Fig. 2: The process of Smart Partitioning Multicast Routing Algorithm. 
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1. Background 

Due to the popularity of mobile devices, the demand for mobile bandwidth has increased 

dramatically in recent years. In 2017, Cisco predicted that the traffic using mobile networks will 

reach to 49EB per month in 2021. However, the licensed band of Long Term Evolution (LTE) 

did not increase and result in more congestion in the spectrum. To address this issue, Third 

Generation Partnership Project (3GPP) proposed Licensed Assisted Access (LAA) that allows 

LTE to use unlicensed band and joint the protocol of Listen-Before-Talk (LBT). On the other 

hand, many wireless technologies, such as Wireless Fidelity (Wi-Fi), Bluetooth and LoRa, are 

applied in unlicensed band, which Wi-Fi is the most dominant. How to achieve fair and efficient 

use for LAA-LTE/Wi-Fi coexistence networks is an important issue. 

 

In LBT protocol, all transmissions of eNB and access point (AP) need to perform back-off 

scheme when collision occurs. Contention window (CW) size and transmission opportunity 

(TxOP) are two important parameters in LBT scheme. Larger CW size will make eNB and AP 

have less chance of transmission, and vice versa. The TxOP is the transmission time of the LAA 

-LTE eNB. Larger TxOP represents that the spectrum resources allocated by the LAA-LTE are 

more, and the data rate is higher. Past studies had proposed some mechanisms to adjust CW size 

or TxOP for improving the system throughput. However, few studies considered both parameters 

at the same time. In this paper, we proposed fair and efficient LBT for LAA-LTE/Wi-Fi 

coexistence networks by taking CW size and TxOP into account at the same time by using the 

Q-table generated by Q-Learning algorithm. 

 

2. Methods 

In Q-learning algorithm, environment, agent, states, actions, and reward are important elements. 

The agent is a certain state of environment. System can perform the action in the state. After the 

action is completed, the environment will obtain a reward and the action also cause the change of 
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state. After the environment obtains the reward, the formula for updating Q value is performed to 

establish the Q table. After a large number of iterations, the Q table is built. With the Q-table, the 

agent can quickly find the state with the best Q value. It is worth to mention that there are two 

important design strategies in Q-learning algorithm, learning and expectation. The former 

strategy focuses on the difference between the previous cognition and the current cognition; the 

later strategy considers the future. 

 

In the proposed approach, we consider the target eNB as the agent; the combination of traffic 

load, CW size and TxOP of target eNB as the state; selecting CW size and TxOP as actions; 

LAA-LTE and Wi-Fi operating the LBT protocol as an environment. In reinforcement learning, 

we know what the best value is, but we do not know how to achieve it. For the above reasons, we 

set the reward as the distance from the best value. This means that we will know that the best 

throughput of the system achieves good fairness at the same time, but the question is we do not 

know the combination of CW size and TxOP.  

 

Our proposal included two phases, learning and testing. During the learning phase, the Q-values 

in the Q-table are updated continuously. It means the system will continue to perform an action, 

get reward and update Q-table to achieve the learning effect. When the Q-values have converged 

and stabilized, we can switch to the test phase to adjust the spectrum resources when the network 

changes. In testing phase, CW size and TxOP are adjusted when the eNB load changes. The eNB 

can dynamically adjust to achieve efficient and fair use of spectrum.  

 

3. Simulation Results 

To verify the applicability of proposed approach, we build a simulation environment and realize 

Q-Learning scheme by use Python. In simulation scenario, there are N LAA-LTE eNB and K 

Wi-Fi AP coexisting in same spectrum. We compared the proposed approach with Genetic 

algorithm based Fair Downlink Traffic Management (FDTM) in terms of fairness and throughput. 

Two kinds of fairness are included, one is between LAA-LTE UEs and the other is between 

Wi-Fi and LAA-LTE. Simulation results revealed that either the LAA-LTE UEs under the system 

can get fair spectrum resources or Wi-Fi throughput does not be affected too much. When the 

number of LAA-LTE eNBs is equal to three and the number of Wi-Fi APs is equal to five, the 

throughput of proposed approach is 14% higher than FDTM. 

 

Keywords: LAA-LTE, Coexistence, Q-Learning, Listen-Before-Talk 
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1. Background / Objectives and Goals 

In SDN networks, each service provider, such as Google and Internet Service Provider, we 

usually dedicate a virtual network for data packet transmission without considering control 

packet and statistic packet between service endpoints. The objective of this study is to take into 

consideration of both QoS and traffic engineering issues in service provisioning. We propose a 

virtual network as a proprietary path for each service and the goal is to efficiently make use the 

network resources with the commitment of meeting the specific service deadlines. 

 

2. Methods 

We adopt A*-algorithm for the purpose of providing better QoS and overall traffic flow 

distribution. A*-algorithm is a shortest pathfinding algorithm which is revised from the 

Dijkstra’s Algorithm with considering the heuristic estimated weight of incoming direction. In 

A*-algorithm, there are two key parameters for determining the node selection: g-score and 

h-score. During a packet is forwarded, g-score maintains the cost from the starting point to the 

current point, while h-score records the cost estimated from the current point to the destination. 

The sum of g-score and f-score assigned as f-score, which represents the cost from starting point 

to the destination pass through current point. We keep those scores in open-set table and 

close-set table for unvisited reachable point and visited point respectively. Procedure is 

proceeded with iteratively choosing a next node with minimum f-score and calculating the 

f-score of it neighboring nodes. The heuristic cost estimation function determines the h-score of 

the participated node. Since the objective of study is to reduce the maximum link utilization, 

h-score requires to reflect the relationship of link loading and delay. For a node with higher 

loading to its neighbors, we expect it has the higher f-score thus the algorithm will pick another 

node to avoid possibly congestion during the packet forwarding. Our study referred the 

formulation, released from Bureau of Public Roads (of US), which estimates the gaining time of 

delay affected by volume of traffic on link. We took it as heuristic estimation function in 

A*-algorithm. The procedure end-ups with finding the paths which meets the service deadline 

requirement. Furthermore, since the heuristic function references the loading of next node’s link, 
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this approach indirectly finds the path with fewer loading and thus distributes the flow on 

network for better traffic usage. 

 

3. Expected Results 

An expected performance for this study is to reduce the packet delivery time to meet the deadline 

requirement for services. As A*-Algorithm finds out the shortest path by considering the link 

congestion, it could also promote the service accepting rate indirectly. In our circumstance, we 

assume that each user will not access multiple high QoS application at the same time (e.g. Users 

who are watching a movie will not use skype simultaneously because both video streaming and 

communication applications require high QoS).  Our experimental results show that around 

30% of delay reduction can be reached, as compared with Prashanth Podili’s method, which 

previously construct a tree structure virtual network for packet routing. In addition, our approach 

is able to locate the less congested paths for the purpose of packet forwarding. Under the similar 

throughput performance, 29% fewer average link utilization is also expected, as compared with 

Prashanth Podili’s method. 

 

Keywords: SDN、QoS、A*-algorithm 
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Abstract 

In the recent years, the study of smart cars has attracted lots of attention, especially in 

self-driving or driver-assisted cars. For instance, the famous company Google has developed a 

self-driving car. Among those existing studies, the lane-keeping control is one of major functions 

for the automated vehicle design. In addition, a vision based method was proposed for lane 

detection and departure warning, and a fuzzy logic scheme was designed for lane keeping. 

Besides, an image-based method was also proposed for detecting the broken line of driving lane. 

In the previous studies, we have proposed a wireless sensor network (WSN) based guidance 

control law for automated vehicle to follow a designated route. Here, we will continue our 

previous study by using different control approach for two-wheel vehicle. First, we will study the 

nonlinear dynamics of two-wheel vehicle. It is followed by the analysis of the existence 

condition for the circular motion of vehicle. In addition, a linear control scheme is also 

developed for vehicle guidance. Simulation results are also given to evaluate the performance of 

the proposed designs.  

 

.Keywords: vehicle, stability, control, lane-keeping  
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Abstract 

In the recent years, the study of UAV has attracted lots of attention. Several international 

companies have been involved in the study of this subject for commercial application including 

goods delivery, wind turbine inspection, air-taxi, and inaccessible areas investigations. Among 

those developments, safety operation for drones is one of the most important issues. The major 

goal of this paper is to study the dynamical behavior of quad-rotor UAV. In this paper, we first 

recall the mathematical of quad-rotor UAV from existing literatures. It is followed by the 

discussions of possible operational modes with given control input. A three-step control scheme 

is then proposed for achieving a given desired operation mode by using back-stepping control 

approach. Simulation results are also obtained to demonstrate the success of the proposed design.  

. 
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Abstract 

The main problem in tiger grouper fish farming is the mortality rate of the seeds up to 99% which 

mainly caused by pathogenic bacteria infection.  Vibrio sp is one of microorganisms or 

gram-negative bacteria that cause systemic infections in fish called Vibriosis. To control the 

disease, particularly bacterial diseases, various types of antibiotics. But apparently a lot of 

antibiotics raise the resistance of new bacteria strains in the response to disease. Thus it is 

necessary to control the disease using natural materials, in the utilization of jellyfish that are 

environmentally friendly. The research objective was  to determine an anti - bacterial activity of 

jellyfish (Bougainvillia sp) alkaloids against Vibrio harveyi and  non-specific celluler  immune  

responses. Anti-bacterial a substance alkaloid  that is used to inhibit bacterial metabolism and 

growth. Non-specific cellular immune response was observed on the activity of total leukocytes, 

differential leukocyte (lymphocytes, monocytes and neutrophils), macrophages and phagocytic 

activity. Alkaloids were provided through immersion on day 1 and day 7 for 1 hour, then 

challenged with V harveyi tested at 10
5
 CFU/cell into the water media for 5 days. Administered 

dose of alkaloids, respectively: A = 6.4 ppm: B = 8.4 ppm: C = 10.4 ppm, D = 12.4 ppm and 

control = 0 ppm. Blood sampling performed before treatment, when given immunostimulant 

alkaloids (day 8) and after infected by Vibrio (day 9, 11 and 13). The results indicated the number 

of leukocytes increased from the beginning to the end of the study. Similarly, the total percentage 

of lymphocytes, neutrophils and monocytes increases with an increase in leukocytes. As well as 

the value of macrophages and phagocytic activity  increased with higher doses.The results 

showed that the Bougainvillia sp alkaloid  provides the diameters of inhibition zone between 8.7 

to 11.0 mm and dose 12.4 ppm  treatment in media was the most effective (99%)  to kill bacteria, 

compared to other treatments. 

 

Keywords: antibacterial activity, jellyfish alkaloids, immunostimulant, non-specific, cellular 

response  
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1. Background 

Primary productivity is a process of forming organic compounds through photosynthesis. The 

value of primary productivity can be used as an indication of the fertility level of an aquatic 

ecosystem. Primary productivity can be seen from the large abundance of phytoplankton in the 

waters. The abundance of natural feed in ponds influences the rapid growth of milkfish. To find 

out the effect of primary productivity, especially phytoplankton on the growth of milkfish, it is 

necessary to do research on the relationship between the value of primary phytoplankton 

productivity in traditional pond waters used by milkfish. 

 

2. Methods 

The method used is descriptive method. The parameters in this study are primary productivity 

using the "Lucky Drop" method, fish growth rate and fish feed habits using the frequency of events. 

The physical parameters measured are temperature and brightness. Chemical parameters measured 

include acidity (pH), dissolved oxygen (DO), total organic matter (TOM), silica, alkalinity, 

salinity, nitrate and orthophosphate. The growth pattern of milkfish in ponds in the research 

location can be seen from the results of length measurements and weighing the weight. Sampling 

of milkfish was carried out 4 times at intervals of 2 weeks at 2 different points. 

 

3. Expected Results/ Conclusion/ Contribution 

The results of primary productivity observations found that phytoplankton abundance tended to be 

higher than zooplankton abundance. Total abundance of 8707 - 92844 cells / mL Abundance of the 

highest phytoplankton species in the Chrysophyta division because this division has high 

adaptability in all types of waters including brackish waters. 

 

Diversity index 1.902 - 2.7613 including moderate diversity and stability of the medium 

community. The results of measurements of the length and weight of milkfish obtained a value of 

<3 (1.14 - 2.82) negative allometric. Factor conditions ranging from 1.0021 to 1.034 are classified 

as flat fish or not fat. Specific fish growth rate of 2.88% - 8.55%. The relationship between primary 

productivity and growth uses a regression test, y = 0.0089x - 34.721 weak but real or low growth. 
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Milkfish (Chanos chanos) is one type of plankton-eating fish that tends to be generalist, the main 

food is diatoms, filamentous green algae and detritus. Milkfish are plankton-eating fish that obtain 

their food by filtering water from their environment using a long and tight gill filter. 

 

Food analysis results in the stomach of milkfish (Chanos chanos) type of food found consisted of 

several divisions and phyla, including Charophyta, Chlorophyta, Chrysophyta, Cyanobacteria, 

Haptophyta, Arthropoda, Foraminifera, Myzozoa, Radiozoa, and Rotifera. The biggest frequency 

of occurrence of eating phytoplankton at each sampling is Chrysophyta. 

 

The results of the study were not classified as optimum for milkfish life. The brightness for the 

sustainability of milkfish cultivation is 30-40 cm, does not reach optimum levels because of the 

abundance of phytoplankton euthrofication. The pH range is suitable for the life of plankton and 

4-8 mg / L dissolved oxygen is suitable for meeting the oxygen demand for milkfish. The total 

organic matter is 20-25 mg / L, optimum for aquatic organism life. Nitrate content is relatively low 

when compared to the optimum range of 0.9 - 3.5mg / L, but the results are not lower than 0.01 mg 

/ L which is the level of nitrate as a limiting factor and not more than 4.5 mg / L which can trigger 

blooming in the waters. phosphate concentration 0-0.02mg / L is a low fertility waters; the range 

0.021-0.05mg / L is waters with moderate fertility; and waters with high fertility levels with a 

phosphate range from 0.051 to 0.10 mg / L. The optimal orthophosphate content for phytoplankton 

growth is 0.27-5.51mg / L, so the fertility rate is moderate and optimum for phytoplankton growth 

 

The results of alkalinity and hardness for fish are 20-300 ppm of good waters. The silica content is 

smaller than 0.5 mg / L, so phytoplankton, especially diatoms, cannot develop properly, the water 

silica content of traditional milkfish ponds is good and can support the proliferation of 

phytoplankton. The salinity value is feasible for the life of milkfish, a good alinity for fish farming 

is 10-25%. The salinity values obtained during the study were relatively supportive of plankton 

growth 

 

The conclusion that the relationship between primary productivity and milkfish growth is weak 

but real or low growth despite optimum water quality conditions. Suggestion is to provide 

fertilizer intensively at the specified time for the growth of natural feed and add additional feed to 

be able to meet the nutritional needs of fish and control water quality so that fish growth is more 

optimum 

 

Keywords: primary productivity, growth, milkfish 
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Abstract 

Nowadays, elderly people and patients have suffered from osteoarthritis (OA) which is caused 

damaged cartilage. One of the treatment strategies are to use chondrogenic differentiated stem 

cells to restore the cartilage functions. In this study, we investigate the possibility of using stem 

cells from human exfoliated deciduous teeth (SHED) in chondrogenic differentiation. The 

chondrogenic differentiation was investigated at day 7, 14 and 21. After an analysis of the cell 

surface antigen expression, it was found that these cells were positive for CD44, CD73, CD90 

and CD105 and were negative for CD34, CD45, CD11b and CD19, indicating that these cells 

were mesenchymal stem cells (MSCs). After centrifugation, SHED began to form a pellet in 2 – 

3 days. The pellet size was approximately 1083 µm, 933 µm and 710 µm at day 7, 14 and 21, 

respectively. After immunofluorescence staining at day 21, SHED pellets were differentiated into 

healthy chondrocyte cells with high expression of collagen type II and low expression of 

collagen type X.  

 

Keywords: Mesenchymal stem cells (MSCs), Stem cells from human exfoliated deciduous teeth 

(SHED), Chondrogenic differentiation, Chondrocyte 

 

1. Background/ Objectives and Goals 

Osteoarthritis (OA) was considered, in 2010, as the eleventh leading cause of years lived with 

disability and became a research priority in the European community countries [1]. OA is a very 

important musculoskeletal degenerative disease, affecting joint function and quality of life for 

those who are affected by it. Moreover, in the coming years, percent of the world population as 

high as 25% will be affected by OA. Alternative approaches to the treatment of this disease may 

be particularly valuable. Many patients with damaged cartilage due to OA or other diseases are 

treated by transplantation of healthy host cartilage (primary chondrocytes) or implantation of 

artificial prosthetic devices. However, problems remained in these treatments, as the amount of 

https://www.researchgate.net/institution/Mahidol_University
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donor tissue for transplantation is limited. Moreover, the durability of the prosthetic devices is 

not good for long-term use. For these reasons, doctors and researchers try to find a new source 

for the treatment, which MSCs have been used recently [2]. 

 

Mesenchymal stem cells (MSCs) of different sources, e.g. adipose tissue, bone marrow and 

embryonic stem cells, have emerged as clinically relevant cell sources for regenerative medicine 

due to their potential to differentiate into several mesenchymal lineages including cartilage, bone 

and fat [3]. Specifically, they can be differentiated into chondrocytes and deposit cartilage matrix 

in either cell monolayers (two-dimensional) or cell aggregates (three-dimensional) [4]. Besides 

bone marrow and adipose tissue, MSCs can be isolate from dental sources, such as dental pulp 

stem cells (DPSCs) [5] and stem cells from human exfoliated deciduous teeth (SHED). SHED 

have previously shown to have a higher growth potential, as compared to DPSCs [6, 7].  

 

The aim of this study was to investigate the chondrogenic differentiation of SHED. SHED were 

isolated and cultured before forming aggregates to induce chondrogenic differentiation. The size 

and expression of these aggregates were analyzed. In addition, important proteins for cartilage 

tissue were identified to demonstrate the potential use of SHED to treat OA in the future. 

 

2. Methods 

2.1 Isolation of SHED  

SHED were isolated from deciduous teeth of patients aged between 6 – 12 years old. Briefly, the 

deciduous teeth were broken in half (Figure 1A) to reveal the pulp cell (Figure 1B) and cut the 

pulp into smaller pieces before transferring them to a 6 well plate (Figure 2A). The cells were 

allow to migrate from the teeth into the culture plate. After approximately 2 weeks, the cells 

were trypsinized and transferred to a T - 75 flask.  

 

2.2 Culture and Eexpansion of SHED  

SHED were cultured in low glucose Dulbecco’s modified eagle medium (DMEM, Invitrogen, 

Canada) and the medium was changed twice a week until the cells reached 80 - 90% cell 

confluency. SHED were harvested using trypsin/EDTA method (0.25% trypsin-0.05% 

ethylenediaminetetraacetic acid (Invitrogen, Canada)).  

 

2.3 Chondrogenic Differentiation of SHED  

In this study, Mesencult
TM

-ACF chondrogenic differentiation medium (Stemcell
TM

 Technologies, 

Canada (consisting of 9.5 mL basal medium, 500 µL 20X chondrogenic differentiation 

supplement 100 µL L-glutamine and 100 µL antibiotics (x))) was used as a differentiation 

medium. Briefly, SHED were prepared about 3.0x10
5
 cells of SHED were used to form 1 

aggregate. These cells were centrifuged at 1500 rpm for 5 minutes at 4℃ to form an aggregate. 

After that, the aggregates were incubated at 37℃ for 3 weeks. The medium was replaced twice a 

week. 
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2.4 The Pellet Cross-Section 

The chondrogenic pellets were frozen using liquid nitrogen. After that, the frozen-chondrogenic 

pellets were section by the cryostat (Leica Biosystems). The thickness of the chondrogenic pellet 

section was 5 µm. the sections of the chondrogenic pellet were dried at room temperature and 

stored at -80℃ until immunofluorescence staining was carried out. 

 

2.5 Immunofluorescence Staining 

To observe the organization of the expression of collagen type II and X, the samples were rinsed 

with PBS and fixed with 4% paraformaldehyde. After that, the pellet sections were 

permeabilized with 0.5% polyoxyethylene10 octylphenyl ether (TritonX-100) in PBS. 

Non-specific binding protein was reduced in a Block Ace Solution (Dainippon Sumitomo 

Pharma, Osaka, Japan) for 90 minutes. Then, the samples were treated with a solution of goat 

polyclonal antibody raised against human collagen type II and X (diluted 1:100, Santa Cruz 

Biotechnology, CA, USA) at 4℃ overnight. The samples were washed with TBS and labeled 

with Alexa Fluor®  488 donkey anti‐goat IgG (diluted 1:200, Molecular Probes, OR, USA) for 1 

hour. Finally, the cells were stained with DAPI (Molecular Probes) nuclear staining dye for 40 

minutes to enable the visualization of nucleus. The images were obtained using a Cytell System 

(GE Healthcare Life Science, Pittsburg, PA). 

 

2.6 Statistical Analysis 

The data in this study were present as mean ± standard deviation. The unpaired student t-test was 

used to analyze the data at 95% confident level, a p value of 0.05 was considered to be 

statistically significant. Each set of experiment was carried out in triplicate and repeated at least 

once. 

 

3. Results 

3.1 SHED Isolation and Morphology 

SHED were cells from the dental pulp of exfoliated deciduous teeth from children. When the 

tooth falls off, the dental pulp needs to be processed immediately to obtain high quality cells. 

The outgrowth method was used for the cell isolation instead of the enzymatic dissociation 

method because outgrowth method might be more suitable for hard-tissue regeneration therapy 

in teeth than those of enzymatic dissociation method [8]. The cells fully covered a 6 well culture 

area within 14 days. The doubling time for these cells were approximately 20 hours. Even 

though the number of cells were small initially, these cells have the capability to proliferate 

relatively quickly. We found that the morphology of SHED were fibroblast-like and asymmetric 

shape, as shown in Figure 2B, similar to those of bone marrow-derived stem cells.  
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Fig. 1: The deciduous teeth were broken in half (A) and the pulp cell (B). 

 

 

Fig. 2: SHED were cultured in 6-well plate after isolation (A) and the morphology of 

SHED via the inverted microscope (10x) (B) 

 

 

Fig. 3: Flow cytometric analysis of MSCs. Representative diagrams are shown for surface 

markers of MSCs. Positive control (A), (B), (C) and (D) and negative control (E). 

 

3.2 Cell Surface Antigens Expression 

The morphology of the cells alone could not be used to confirm the characteristics of MSCs. 
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Therefore, an analysis of the cell surface antigen expression was necessary. These histograms 

showed the analysis of positive and negative cell surface antigen expressed from SHED that 

showed in orange area, compared to the isotype control that are the green lines. The positive 

expression markers for MSCs were CD44, CD73, CD90 and CD105 and negative expression 

markers for MSCs were CD34, CD45, CD11b and CD19. As shown in Figure 3, these cells were 

positive for CD44, CD73, CD90 and CD105 (A, B, C and D, respectively) and were negative for 

CD34, CD45, CD11b and CD19 (E), indicating that these cells were MSCs.   

 

3.3 The Size of Chondrogenic Pellet during Chondrogenic Differentiation 

Table 1: The diameter of SHED at day 7, 14 and 21 

 Morphology Diameter (mm) 

 

 

 

Day 7 

 

 

 

  

 

 

 

1.083 ± 0.015 

 

 

 

Day 14 

 

 

 

 

0.933 ± 0.076 

 

 

 

Day 21 

 

 

 

 

0.710 ± 0.010 

 

The observation time of chondrogenic differentiation was ended at 21 days, similar to most 

protocols in the literature [7, 9, 10]. The chondrogenic differentiation longer than 21 days would 

lead to higher expression of collagen type X which indicates hypertrophic chondrocytes. These 

hypertrophic chondrocytes are not desirable for the treatment of cartilage defects as the 

phenotypic and genotypic characteristics of these cells are closer to bone than cartilage.  
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SHED began to form a pellet in 2 – 3 days after centrifugation. The pellet size was about 1083 

µm after day 7. At day 14, the size of the pellets decreased to 933 µm, indicating that the cells 

packed more tightly. The size of the pellets continue to decrease to 710 µm and the pellet became 

more spherical at day 21.  

 

3.4 Expression of Collagen Type II and X in Chondrogenic Pellet 

The chondrogenic pellet sections were stained with collagen type II and X at day 21. We found 

that the chondrogenic pellet shows strong expression of collagen type II, as indicated by bright 

green fluorescence. Note that higher level of collagen type II was observed at the peripheral of 

the pellet, possibly because these cells were exposed to the chondrogenic differentiation medium 

more than the cells inside the pellet. A higher expression of collagen type II indicated that these 

differentiated chondrocytes were healthy. The staining of DAPI shows that differentiated SHED 

were distributed uniformly inside the pellet. On the other hand, the expression of collagen type X 

was significantly lower than that of collagen type II. Expression of collagen type X is normally 

present in hypertrophic chondrocytes which are not desirable for transplantation, as these cells 

can be transformed into bone. Our result confirms that SHED pellets were differentiated into 

healthy chondrocyte cells with high expression of collagen type II and low expression of 

collagen type X.  

 

 

Fig. 4: Immunofluorescence staining for Collagen type II (A), X (B) and nuclei of 

chondrogenic pellet section. 

 

4. Conclusion 

In this study, we successfully isolated mesenchymal stem cells from exfoliated deciduous teeth 

(SHED) using an outgrowth method. These cells were cultured in pellets and undergone 

chondrogenic differentiation for 21 days. The initial size of the pellet was approximately 1 mm 
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in diameter and reduced to about 0.7 mm at day 21, possibly indicating a tightly packed pellet. 

Moreover, the chondrogenic differentiated SHED pellets showed strong expression of collagen 

type II, as a positive marker for healthy chondrocytes, while the expression of collagen type X, 

which indicated de-differentiated chondrocytes, was significantly lower than that of collagen 

type II. Our results show that SHED is a promising new source of mesenchymal stem cells for 

cartilage tissue engineering. 
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Abstract 

The application of aerial photo-taking technology with unmanned aerial vehicles (DRONE) is 

the application of engineering knowledge to aquaculture. In this study, the researchers used 

image processing technique (pixel area) to evaluate the weight of red tilapia. Initially, the 

researchers studied the appropriate height of the use of the drone. The results showed that at an 

altitude of 7 meters from drone to cage (covering area of one cage) is a suitable height range as it 

clearly distinguishes the fish when using threshold technique. A study accuracy and technical 

error, this technique has a 10.31 ± 2.61 percent error.  The error may occur by the quality of the 

images, the overlapping of the fish, insufficient fish samples for generate the model and the use 

of fish image that still have a mixed-use pattern between with and without tail fin. 

 

Keywords: aerial photo-taking technology, unmanned aerial vehicles, weight evaluation, hybrid 

red tilapia 

 

1. Background  

Nowadays, hybrid red tilapia farming in Thailand is gaining popularity due to the red color on 

the fish, which is similar to the expensive sea fish. The demand of both domestic and 

international markets has increased in both live fish and fish fillet. However, during the rearing 

of the fish, it is necessary to weigh the fish continuously to know their growth rate for correct 

feeding. (Volvich and Appelbaum, 2001). 

 

Normally, good hybrid red tilapia culture practices need to be weighed and the length of the fish 

continually, such as weekly, to determine the growth rate of the fish in the pond or cage in order 

to manage feeding correctly. The general practice is to use a net or a scoop to sampling the fish 

to measure the length and weight. However, this method has some disadvantages i.e. the sampled 

fish may be injured or dead. While the fish in ponds or cages can be stressful and stop eating for 

a certain period of time, these can affect growth and productivity. Moreover, this method spends 

long working time. 
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Of the problems, the popular technology for assessing the weight or behavior of aquatic animals, 

most of them used the techniques of Image processing and computer vision such as Xu et al. 

(2006) utilized photo and computer vision techniques to investigate the behavior of Tilapia fish 

responded to stress caused by unionized ammonia and dissolved oxygen content in water. Liu et 

al. (2014) evaluated feed intake of Atlantic salmon (Salmo salar) raised in the recirculating 

system using computer vision techniques to determine the appropriate amount of food for fish in 

each period. 

 

In Thailand, Taparhudee and Is-haak (2013) developed a program for measuring fish length from 

digital images. However, this program can measure the length of fish species but cannot evaluate 

the weight of fish. Later, the program was developed into an application on a mobile phone 

called Nile 4.0, which has a function to capture fish (tilapia) images and can evaluate the weight 

of the fish by photos.  However, the application has limitation on the area of operation. It 

cannot evaluate the image in a wide angle or cover the whole system, especially in farming 

system or rearing in cages in river where the farms are large area. 

 

Of those problems are the source of the application of aerial photography technology using the 

unmanned aerial vehicle (Drone) on hybrid red tilapia raised in cages in the rivers. The previous 

researches on the use of this technology has found that in the agricultural sector (plants), 

fisheries sector as well as aquaculture in many purposes. In the agricultural sector, for example, 

Murugan et al. (2017) used aerial imagery from Drone's space exploration to provide accurate 

data for agricultural activities in the study area.  Hovhannisyan et al. (2018) used drone to 

create a model of appropriate use of farmland. Of the aquaculture, Reshma et al. (2016) uses 

drones for feeding fish in cages in the sea. It can be used to feed fish continuously, meet the 

required quantity and reduce number of workers. E.Casella et al. (2017) uses aerial 

photo-technology with drones to examine and evaluate changes in the structure of shallow, 

shallow coral reefs. V. Raoult and TF Gaston (in press) apply aerial photo with Drone to assess 

the weight, size and number of jellyfish populations in the study area to be useful in selecting 

jellyfish capture areas. However, the use of aerial photography technology with drones in hybrid 

red tilapia culture has not been studied. An advantage of hybrid red tilapia for using image 

processing techniques is the red color of its body that contrasts with the water color. Therefore, it 

may get good photos for using this technique.  These are the sources of this study. 

 

2. Methods 

This research can be divided into 2 parts as follows: 2.1 Appropriate altitude for image 

processing using unmanned aerial vehicle. 2.2. Study accuracy and technical errors of image 

processing using unmanned aerial vehicle for evaluation of weight of hybrid red tilapia culture in 

cages in the river. 

 

2.1 Appropriate Altitude for Image Processing Using Unmanned Aerial Vehicle 
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This study was conducted at Fishbear farm, Tha Muang District, Kanchanaburi province, 

Thailand. The farm consists of 7x10x2.5 cage (width x length x depth) of 237 cages, releasing 

hybrid red tilapia with average size of 50 grams, density of 1,500 fish / cage (about 22 fish per 

square meter). The fish were fed by hand until the fish is full (situation) with not less than 30% 

protein of feed 3 times a day at 7:00 am, 12:00 am and 5:00 pm, respectively. The culture period 

was about 4-6 months. 

 

The experimental equipment includes the Phantom 4 PRO V.20 Drone aircraft using OcuSync 

HD Transmission technology. The 2.4 GHz and 5.8 GHz frequency bands deliver up to 1080/30 

fps live images. Sensor is a 1-inch CMOS video recorder with 4K / 60fps sharpness and image 

capture up to 20 MP.  A battery pack is for up to 30 minutes in full charge.  The Image J 

program by Wayne Rasband, National Institutes of Health, USA, http: //imagej.nih.gov/ij, Java 

1.8.0_172 64-bit) and a Acer Aspire E 15 computer (Windows 10 Pro, AMD FX-9800P Radeon 

R7, 12 GB COMPUTE CORE 4G + 8G, 2.70 GHz, memory (RAM) 8 GB, System type 64-bit 

operating system). 

 

In the study of appropriate elevation to image processing using unmanned aircraft in conjunction 

with photo processing techniques. This study divides the educational level into 5 levels. 

 

Level 1 from drone to the cage at an altitude of 7 meters (Photo area covers 1 cage) 

 

Level 2 at an altitude of 25 meters (photo area covers 8 cages) 

 

Level 3 at an altitude of 50 meters (photo area covers 28 cages) 

 

Level 4 at an altitude of 75 meters (photo area covers 91 cages) 

 

Level 5 at an altitude of 125 meters (photo area covers 237 cages or the whole farm), 

respectively, shown in Fig. 1-5. Each level, three images were taken and one same cage was 

chosen at all altitudes to check the quality of the photos in the image processing process using 

the image J. 
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Fig. 1: Object image height of 7-meter. Fig. 2: Object image height of 25-meter. 

  

Fig. 3: Object image height of 50-meter. Fig. 4: Object image height of 75-meter. 

 

Fig. 5: Object image height of 125-meter. 

 

The process of image processing starts by selecting the photos to be analyzed. Then select the 

area in the photo that needs analysis (the area having fish in the cage).  After that, removes the 

unwanted area and change the color depth to 8-bit, which will give the 256 levels of color, then 

adjust the image by threshold method (pulling the foreground object from the background and 

turning black and white) to separate the fish from other objects, including the surface of water.  

Then test the efficiency of the photo by making a calibrator to use for photo analysis at any 

elevation. The photos from the altitude level that cannot do the calibration, that level is not 

suitable for use (Fig. 6). 
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Fig. 6: Shows analysis procedures for optimized threshold by the imageJ. 

 

2.2 Study Accuracy and Technical Errors of Image Processing Using Unmanned Aerial 

Vehicle for Evaluation of Weight of Hybrid Red Tilapia Culture in Cages in the River 

2.2.1 Data Collection 

During the experiment, 3 cages were selected to cover all sizes of fish (100-900 g/fish). Overall 

30 measurement of fish were collected by hand measuring (number of fish/cage; N =10) as 

follows: 

 

Cage 1 an average fish weight 175.00±55.62 g/fish. 

Cage 2 an average fish weight 597.50±176.37 g/fish. 

Cage 3 an average fish weight 889.00±240.11 g/fish. 

 

Then the drone used was the best altitude result from the section 2.1 then take the image of all 

cages into the image processing technique using image J by investigating the fish that are 

complete and cover the area fish image (Fig. 7). A total of 50 fish image in each cage (N =150/ 3 

cage). The pixel area with weight could be expressed in form of mathematical models. 
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Fig. 7: Clearly see the area fish image. 

 

2.2.2 Regression Analysis 

The most common models to predict fish weight by mean of pixel area were used the linear 

model and the power curve model (Zion, 2012; Viazzi, 2015) as follows: 

 

Linear: W = a+bA  

Power curve: W = aA
b 

 

Where W is the weight of the fish in grams and A is the pixel area 

 

2.2.3 Accuracy and Technical Errors of Image Processing Technique 

Three fish cages were chosen (cage 4-6) for comparison between using image processing 

technique and the randomly weighting scale (hand measuring). The total number of sampled 

fishes was 30 fish (10 fish/cage). The image processing starts by selecting the photos to be 

analyzed and do the image processes until the threshold process as in 2.1. Then used the range of 

pixel area in the best equation for finds out the fish weight (Fig. 8). Data analysis, the percentage 

of accuracy of this technique was conducted by comparison with the manual measurement. 
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Fig. 8: Shows analysis procedures by the imageJ. 

 

3. Results and Discussion 

3.1 Appropriate Altitude for Image Processing Using Unmanned Aerial Vehicle 

The results showed that at the altitudes of 25, 50, 75 and 125 meters (from drones to cages) were 

not possible to be used image processing technique by Image J due to the inability to clearly 

distinguish between the fish and other objects (Fig. 9). It is only at the altitude of 7 meter could 

be applied (Fig. 10). 
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Fig. 9: Threshold image at the height of the drone camera (a) = 125 meter (b) = 75 meter (c) = 50 

meter and (d) = 25 meter. 

 

 

Fig. 10: Threshold image at the height of 7 meter. 

 

3.2 Study Accuracy and Technical Errors of Image Processing Using Unmanned Aerial 

Vehicle for Evaluation of Weight of Hybrid Red Tilapia Culture in Cages in the River 

3.2.1 Regression Analysis 

The results suggest that the coefficient of decision (R
2
) for all models indicated the positive 

correlations between the masses measured by the weighing scale and masses estimating by the 

models. The linear model (R
2
 = 0.9873) performed better than the power curve model (R

2 
= 

0.9797) (Fig. 11). This result consistent with Odone et al. (2001); Viazzi et al. (2015) reported 

that the linear model better than the power curve model because the linear model had less than 

the mean absolute relative error (MARE) and the maximum relative error (MXRE). 
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Fig. 11: Positive correlation between area (A) and weight (W) of hybrid red tilapia in the 

validation dataset in the linear model (left) and the power curve model (right). 

 

3.2.2 Accuracy and Technical Errors of Image Processing Technique 

The results of the study showed that in the cage number four, the average fish weight was 

220.00±37.41 g/fish. While using image processing techniques found that the number of fish 

image was 159±24 and the pixel area/fish was 30.00±1.63 after using the linear model which 

was the average weight 202.69±69.55 g/fish. This shows a percentage error of 7.87 percent. The 

cage number five, the average fish weight was 528.00±83.57 g/fish. While using image 

processing technique found that the number of fish image was 87±10 and the pixel area/fish was 

73.65±4.94 after using the model was the average weight 459.04±143.35 g/fish with a 

percentage error of 13.06 percent and the cage number six, the average fish weight was 

750.00±145.55 g/fish. While using image processing technique found that the number of fish 

image was 39±2 and the pixel area/fish was 110.43±11.68 g/fish with a percentage error of 9.99 

percent as shown in table 1 and Fig. 12. 

 

Table 1 Comparison between hand measuring and image processing technique. 

Cage Hand measuring Image processing Error (%) 

  N W (g/fish) N Pixel area W (g/fish)  

4 10 220.00±37.41 159±24 30.00±1.63 202.69±69.55 7.87 

5 10 528.00±83.57 87±10 73.65±4.94 459.04±143.35 13.06 

6 10 750.00±145.55 39±2 110.43±11.68 675.07±161.40 9.99 

      10.31±2.61 

 

W = 5.8729A + 26.517 

R² = 0.9873 
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Fig.12: Pixel area/fish of an average 159±24, 87±10 and 39±2 with N maximum (cage 4-6). 

 

From this study, the percentage error of using aerial photography conjunction with image 

processing technique was 10.31±2.61 percent. The error may occur from 2 factors: 1. Insufficient 

fish samples for generate the model. 2. The use of fish image that still have a mixed-use pattern 

between with and without tail fin (Fig.13) The tail fin negatively influences the mass modelled 

due to its different specific mass and the tail is related to uncertainly from the movement of the 

fish itself.  If there is a proper selection of the use of fish images, the error levels of the model 

may be reduced. In such cases, additional studies should be conducted at the laboratory level 

where can control and create experimental patterns that clearly see the fish. Precautions for using 

the technique is overlapping of the fish occurs (Fig.14). In this case, the pixel area is greater than 

normal and may be counted as one fish. To solve this problem, we should select the suitable 

pixel ranges for calculation or cutting that area out. 

 

 

Fig. 13: the fish without tail fin (left) and with tail fin (right). 

 

0.00

20.00

40.00

60.00

80.00

100.00

120.00

140.00

160.00

1 9

1
7

2
5

3
3

4
1

4
9

5
7

6
5

7
3

8
1

8
9

9
7

1
0
5

1
1
3

1
2
1

1
2
9

1
3
7

1
4
5

1
5
3

1
6
1

1
6
9

1
7
7

P
ix

el
 a

re
a 

fish 

cage 4 cage 5 cage 6



 

55 

 

Fig. 14: Overlapping object detection. 

 

The percentage error in this study is still considered to be slightly higher than other research on 

the use of the similar technique but in term of laboratory condition or light box technique. For 

example, Costa et al. (2006) used image processing techniques to estimate the length of tuna fish 

raised in the cages, they found 5 percentage error. Yamama et al. (2006) used a photographic 

processing technique to measure the size of Japanese sea cucumber and reported less than 5 

percent error. Misimi et al. (2008) used a photogrammetric area measurement technique to 

determine the size of salmon and showed less than 6 percentage error. Torisawa et al. (2011) 

used image processing techniques to convert linear equations and the Move-tr / 3Dtm software to 

measure fish length. They reported the error was less than 7 percent. 

 

However, the result of this study is the application of technology that can replace the labor which 

may make some mistakes, spend a lot of time in work and also cause pain in the fish during the 

process of weight evaluation and the methods reported can help researchers and farmers bring 

benefits for aquaculture. 
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Abstract 

In this paper, a smart seat cushion is designed and implemented. The smart seat cushion can 

monitor the lower-limb strength and trace the loss of lower-limb flesh, which is particular 

valuable for the sarcopenia disease. For collecting the data of the flesh strength based on the 

point-to-point architecture of internet of things (IoT), a Bluetooth module with four pressure 

sensors are used for transmitting the cushion data to a mobile terminal, where the mobile 

terminal can function as the gateway to send the data of flesh strength for cloud computing. To 

evaluate the performance of the smart cushion, extensive tests have been examined, where 

testees of different characteristics are considered.  

 

Keywords: Bluetooth IoT, Pressure Sensor, Smart Cushion, Sarcopenia, Lower-limb, Flesh 

Strength 

 

1. Introduction 

The sarcopenia disease [1]-[3] i.e., the gradual loss of muscle, has become a serious syndrome 

for the elderly, and probably leads to the Alzheimer disease. The continuous loss of lower-limb 

muscle can be used as an indication of the sarcopenia. In general, we will lose muscle since 

thirty years old, and there will be about 3 ~ 8% loss of muscle mass every ten years, which will 

be worse when our age is over fifty years old. Moreover, the loss rate of muscle increases to 10 ~ 

15% after seventy years old. 

 

However, to early detect the sarcopenia requires regular monitoring of flesh strength for the 

lower-limb, which can be achieved only in a hospital and is not easily accomplished during our 

usual daily life. 

 

In this paper, a smart seat cushion is designed and implemented for easily monitoring the 

lower-limb strength and tracing the possible loss of lower-limb flesh in a daily manner. For 

collecting the data of the flesh strength based on the point-to-point architecture of internet of 

things (IoT), a Bluetooth module [4] and four pressure sensors [5],[6] are used for transmitting 

the cushion data to a mobile terminal, where the mobile terminal can function as the gateway to 

send the data of the flesh strength for corresponding cloud computing.  

 

In Section 2, the architecture of the monitoring system with the smart cushion is illustrated. In 
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Section 3, the detection scheme for monitoring the lower-limb strength is addressed. In Section 4, 

testing results are presented. Conclusions are drawn in Section 5. 

 

 

Fig. 1 The smart cushion with four pressure sensors located at tL, tR, bL, and bR. 

 

2. Architecture of Monitoring System with Smart Cushions 

2.1 The Monitoring System 

In the design of smart cushion, the force sensing resistors (FSR) are used for pressure detection 

[5]. The architecture of the smart cushion is illustrated in Fig. 1, where four pressure sensors 

based on the FSR are located inside and distributed at four corners, respectively.  

 

The monitoring system for the flesh strength of lower-limb is shown in Fig. 2, where the gateway 

collects the data from each smart cushion and sends the data to the cloud for the diagnosis of the 

sarcopenia disease. 

 

 

Cloud 

Computing

Gateway
(Mobile 

Terminal)
Gateway
(Mobile 

Terminal)

Gateway
(Mobile 

Terminal)

40 CM

40 CM

3.5CM

40 CM

40 CM

3.5CM

40 CM

40 CM

3.5CM

Smart Cushion 
Smart Cushion 

Smart Cushion 

bL

tL

bR

tR

40 CM

40 CM

20 CM

20 CM

     

(a) Block diagram of smart cushion.           (b) The photo of real cushion with a Bluetooth module. 
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Fig. 2 The monitoring system for the diagnosis of lower-limb strength. 

 

For each smart cushion, the pressure sensing with the Bluetooth transmission module is given in 

Fig. 3 below. 

 

 

Fig. 3 The architecture of pressure sensing with the Bluetooth transmission module. 

 

2.2 The APP of Mobile Terminals 

To collect the data transmitted from the smart cushion and obtain the test result, an APP of 

mobile terminal is developed and realized. 

 

In Fig. 4, the procedure of the proposed APP is depicted. In the procedure, the version of the 

operating system is checked first, and then an authentication step is employed. If the mobile 

terminal is allowed to collect the data from the smart cushion, the smart cushion is selected with 

device scanning, and the sensed pressure information generated from sitting people is collected 

for the following analysis. 

 

 

Start

Software 
Version

Device Scan
& Selection

Authentication

Test-Mode
Selection
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Fig. 4 The procedure of the APP for collecting data from the smart cushion. 

 

Notice that, in the procedure given by Fig. 4, there is a step of test mode-selection where two test 

modes are implemented. In the first test mode, the flesh strength of lower-limb is examined 

according to the times of testee’s sitting-down and standing-up (SDSU) within thirty seconds [7]. 

In the second test mode, the sitting posture is detected for different testees. 

 

To illustrate the features of the APP, some examples of the APP pages are shown in Fig. 5 and 

Fig. 6 below. 

 

       

Fig. 5 Stop and Scan steps of the developed APP. 

 

      

Fig. 6 The APP screen pages for testing and data collecting. 
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3. Evaluation of Lower-Limb Strength 

To evaluate the flesh strength of lower-limb, the developed smart cushion is applied to examine 

testees of different characteristics.  

 

According to the standard proposed in [7] for testing the flesh strength of lower-limb, the 

satisfied figure of testee’s SDSU within thirty seconds is shown in Table 1 for males, and in 

Table 2 for females, where six age grades are listed. For example, the flesh strength of 

lower-limb is bad if the times of SDSU within thirty seconds is less than 14 for a 65 years old 

male using Table 1, and 13 for a 65 years old female using Table 2. 

 

Table 1: Test standard for males (times) 

 

 

Table 2: Test standard for females (times) 

 

 

Based on the collected data from the four pressure sensors as illustrated in Fig. 1, there will be 

four sequences of action timing when a testee stands up every time. 

 

Then, within a pre-set duration, the difference between the action timing from different pressure 

sensors can be used to estimate the flesh strength of testee’s lower-limb according to the figure 

 

Ages Bad Not Good Average Good Very Good

65-69 <14 14-16 17-19 20-22 >22

70-74 <13 13-15 16-17 18-19 >19

75-79 <11 11-13 14-17 18-19 >19

80-84 <9 9-12 13-15 16-17 >17

84-89 <5 5-10 11-12 13-14 >14

>90 <6 6 7-10 11-12 >12

 

Ages Bad Not Good Average Good Very Good

65-69 <13 13-15 16-17 18-19 >19

70-74 <12 12-14 15-16 17-19 >20

75-79 <10 10-13 14-15 16-17 >17

80-84 <8 8-10 11-12 13-14 >14

84-89 <6 6-9 10-11 12 >12

>90 <5 5-7 8-10 11-12 >12
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proposed in [7].  

 

In the evaluation, let 1 2 3 4( , , , )x x x x  represent the four voltage values generated by the four FSR 

sensors located at positions tR, bR, bL, and tL. In addition, the voltage threshold for pressure 

record is set to 10 and the corresponding average voltage threshold is set to 250. In other words, 

once all values of 1 2 3 4( , , , )x x x x  are larger than 10 and their average value 
4

1
/ 4ii

x
  is larger 

than 250 simultaneously, the timer is activated to record the times that the testee’s SDSU. Then, 

when the timer reaches thirty seconds, the timer will stop and the times of the SDSU will show 

up on the mobile terminal. 

 

Thus, based on the recoded times, we can recognize the testee’s flesh strength of the lower-limb 

with the smart cushion. This examination scheme is implemented in the developed APP for the 

evaluation of the lower-limb strength. 

 

Morover, comparing the difference between the values of the pressure sensors located at (tR, tL) 

and (bR, bL), we can estimate the time delay t  caused by different timing instants between 

front and rear parts of testee’s buttocks when they departure from the smart cushion. Thus, t  

also reflects the flesh strength of legs and buttocks during testee’s standing-up. 

 

4. Test Results 

To examine the function of the smart cushion, extensive tests have been performed, where testees 

of different ages, weights, and genders are considered. In the examination, the smart cushion is 

set as shown in Fig. 7 for testing the flesh strength of lower-limb. 
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Fig. 7 The setup of the smart cushion for testing and data collecting. 

 

In Table 3, the times of SDSU within thirty seconds for four males are listed. Then, in Table 4, 

the times of SDSU within thirty seconds for four females are given. 

 

 

 

With the reference figures given in Table 1 and Table 2, we notice that, based on the results in 

Table 3 and Table 4, even for most these young testees, the flesh strength of lower-limb is below 

average. However, the weight is also an import factor that has considerable impact on the 

estimation of the flesh strength of the lower-limb. 

 

5. Conclusions 

In the paper, a system for testing the flesh strength of lower-limb is developed, where the smart 

cushion mainly consists of four FSR sensors and a Bluetooth module. In addition, to collect the 

sensor data and perform the following analysis of the lower-limb strength, an APP is also 

designed for mobile terminals, where the mobile terminal can be used as a gateway for cloud 

Table 3: The times of SDSU within 30 seconds for four males 

Male 

24 Years Old 

163cm 

60kg 

Male 

25 Years Old 

175cm 

75kg 

Male 

24 Years Old 

183cm 

68kg 

Male 

32 Years Old 

173cm 

65kg 

Times Time Delay(s) Times Time Delay(s) Times Time Delay(s) Times Time Delay(s) 

1 0.861 1 0.702 1 0.519 1 0.532 

2 1.079 2 1.377 2 0.563 2 0.957 

3 1.324 3 1.194 3 0.734 3 0.877 

4 1.166 4 1.305 4 0.819 4 0.902 

5 1.02 5 1.282 5 0.799 5 1.034 

6 1.139 6 1.436 6 0.686 6 0.979 

7 1.097 7 1.228 7 0.757 7 0.778 

8 1.002 8 1.301 8 0.715 8 0.904 

9 1.138 9 1.232 9 0.662 9 0.885 

10 1.186 10 1.185 10 0.626 10 0.955 

11 1.119 11 1.24 11 0.48 11 0.885 

    12 1.241 12 0.462 12 0.916 

        13 0.635 13 0.798 

        14 0.686 14 0.835 

        15 0.441 15 0.889 

        16 0.494 16 0.799 
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computing of the lower-limb strength.  Moreover, from extensive testing, it is expected that 

when we have more and more data from the testing results, the smart cushion can be used to 

estimate some testee’s characteristics or behavior, such as posture, weight, etc. Furthermore, for 

evaluating the flesh strength of lower-limb, the reference values based on the times of SDSU is 

probably too strict for today modern young people.   
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Abstract 

Independent component analysis (ICA) is a recently developed algorithm for analyzing blind 

source separation (BSS). The ICA algorithm can separate directly numbers of mixed signals, 

without any information about the mixed process or the source signals. It is suitable for digital 

signal processing, particularly for dealing with biomedical signals. In this study, we develop a 

hardware implementation of the extended infomax ICA algorithm for the separation of 

super-Gaussian signal sources using integrated circuitry (IC). To reducing circuit area and 

achieving low cost, our proposed design is based on systolic array multiplication, which is 

usefully reducing many multiplications on the circuit. We also use a lookup table to replace the 

complicated calculation of the hyperbolic functions tanhθ. When implemented using the TSMC 

0.18-μm CMOS process, the proposed ICA circuit achieve an operating frequency of 50 MHz 

with a gate count of 47 k. According to our simulation results, the architecture is applicable to 

the separation of mixed medical signals into independent sources. 

 

Keywords: Independent component analysis (ICA), systolic array multiplication, Digital circuit. 

  

1. Introduction 

The ICA algorithm was developed by Hérault, Jutten, and Ans in 1980 [1]. The Infomax ICA 

algorithm [2] was proposed by Bell and Sejnowski in 1995. It attempts to separate mixed signals 

that are independent non-Gaussian signals. By the information of input signals and output signals, 

it can build the non-linear neural network, and finally obtain the source signals. The circuit 

architecture used in this research is based on the extended infomax ICA algorithm, which was 

developed in 1999 by Lee, Girolami, and Sejnowski [3] for the separation of signals from a 

super-Gaussian signal source, and the largest contribution of this algorithm can cover the 

sub-Gaussian part. 

 

In this work, we develop a hardware implementation of the extended infomax ICA algorithm for 

the separation of super-Gaussian signal sources using integrated circuitry (IC). Base on the 

super-Gaussian learning rule, as the Equations (1): 
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                (1) 

 

We can find the recovering matrix W for the mixed signals. The proposed design uses the 

systolic array multiplication to reduce circuit area and the lookup table to replace calculation of 

tanhθ aimed at low cost. When implemented using the TSMC 0.18-μm CMOS process, the 

proposed ICA circuit has an operating frequency of 50 MHz with a gate count of 47 k. Based on 

the results, the architecture is applicable to the separation of mixed medical signals into 

independent sources. 

  

2. Result 

    To evaluate the efficacy of the proposed infomax ICA core, we mix two ECG signals 

with a Gaussian noise signal for testing. The recovered signals are clearly similar to the original 

signals, then we use the correlation coefficient to evaluate the performance of the proposed ICA 

core. The correlation value reach 0.98, indicating that the results of hardware implementation are 

close to those obtained via software (i.e., floating-point operations). This demonstrates the 

efficacy of the proposed ICA circuit with regard to accuracy. To verify the performance of the 

proposed ICA circuit, we implement the proposed core using the TSMC 0.18 um CMOS process. 

The proposed core has a circuit area of 1.82 mm
2
, and an operation frequency of 50 MHz. The 

power consumption of the ICA core is 2.7622 mW. 

 

3. Conclusion 

Numbers of algorithms have been developed to solve the problem of BSS in the field of signal 

processing. In this study, we evaluate the extended infomax ICA algorithm and implement it on a 

hardware circuit. The results of a mixed ECG signal test are compared with those obtained in 

simulations, thereby demonstrating the separation of highly recognizable ECG signals. We 

employ a systolic array to reduce the area of the circuit and the use of 3×64 matrix operations 

greatly reduced the number of PEs. Also we use a lookup table to replace the calculation of tanhθ. 

Finally, we use temporary registers and clks (rather than memory) to control the storage of data 

and system operations. This greatly reduced the area overheads while maintaining an operating 

speed of 50 MHz when implemented using the TSMC 0.18um CMOS process. 
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Abstract 

Heart rate variability (HRV) can be used to assess autonomous control activities. In the HRV 

analysis method, an integrated pulse frequency modulation (IPFM) model is used to function as a 

pacemaker and generates a series of heartbeats. In this study, the IPFM model was implemented 

into a VLSI chip, and the activity spectrum of the autonomic nervous system was estimated 

using a compression sensing (CS) method. The chip uses the TSMC 180nm CMOS process to 

design the IPFM model. In this model, the look-up table method is used to calculate the 

sine/cosine operations and many nonlinear operations to achieve a low-cost design. In matrix 

operations, we use a multiplexer to control the signal so that the CS algorithm can be easily 

applied. The results show that the proposed chip has a gate count of 10.2 k at a 62.5 MHz 

operating frequency. We can effectively estimate the spectrum of HRV through VLSI 

implementation on the CS. 

 

1. Introduction 

Due to the poor eating habits and enormous pressure of modern people, there will be some 

symptoms, which are often called autonomic nervous disorders in medicine. Through the 

relationship between autonomic nerves and these diseases, we hope to make a portable 

self-discipline. The nervous system activity sensor enables people to adjust their living habits 

and detect and prevent them earlier and at any time by means of portable convenience. 

 

It is known from [1]-[5] that the HRV frequency domain can reflect the activity of the 

sympathetic nervous system and the parasympathetic nervous system, so that we can accurately 

calculate the frequency domain of HRV, and [6] The algorithm provided tells us how to estimate 

the frequency domain of HRV. This is the hardware implementation of [6], and then divides the 

algorithm on [6] into two parts. The first part is IPFM mathematics. Model, this part of [7]-[10] 

to design the circuit architecture of this article, and then use the signal generated by this circuit 

architecture, you can fully realize the needs of the second part of the CS algorithm The linear 

equation, and then use this equation to find its optimal solution, you can use the CS algorithm to 

optimize the estimation in [6], we follow [6] and [11]-[14] The upper CS algorithm is optimized 

and improved, and the GPSR algorithm is used to calculate the optimal solution. 
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2. Materials and Methods 

2.1 A Model of Heart Rate Variability Analysis - Integral Pulse Frequency Modulation 

(IPFM) Model 

In the proposed IPFM model, we firstly integrate the signal. When we reach a certain value, we 

start the second phase. Again, when the integrated value reaches a fixed threshold, the signal is 

sent and the integrator is zeroed. We assume there are L of RR intervals, denoted as 𝑅𝑅𝑖 =  𝑡𝑖 −

𝑡𝑖−1, where 𝑡𝑖  is the occurrence time of the heartbeat. Where 𝑖 = 1 , … , L and 𝑡0 = 0, the 

above process can be expressed as the following formula: 

 

∫ [1 + 𝑚(𝑡)]𝑑𝑡 = 𝑖𝑇𝑅
𝑡𝑖

0
           (1) 

 

Inspired by the discrete Fourier transform (DFT), we assume m(t) consists of sine wave and 

cosine wave composition. As follow: 

 

𝑚(𝑡) =  𝑎𝑘 𝑐𝑜𝑠(𝜔𝑘𝑡) +  𝑏𝑘 𝑠𝑖𝑛(𝜔𝑘𝑡)       (2) 

 

where 𝜔𝑘 = 2𝜋 × 𝐹, F is 1 divided by the signal length of 𝑚(𝑡) while 𝑎𝑘 and 𝑏𝑘 represent 

the spectral coefficients estimated for the IPFM model. As a result, (1) becomes 

 

∑ [
𝑎𝑘

𝑘
𝑠𝑖𝑛(𝜔𝑘𝑡𝑖) +

𝑏𝑘

𝑘
(1 − 𝑐𝑜𝑠(𝜔𝑘𝑡𝑖)] =  2𝜋𝐹(𝑖𝑇𝑅 − 𝑡𝑖)

𝐾
𝑘=1              (3) 

 

According to the DFT, the signal length of m(t) is 1/F, i.e., 1/F = 𝑡𝐿. Thus, when i = L 

 

𝑇𝑅 =  
𝑡𝐿

𝐿
 =  

1

𝐿
 ∑ 𝑅𝑅𝑖

𝐿

𝑖=1

      (4) 

 

Therefore, 𝑡𝑖 , 𝐹, 𝑎𝑛𝑑 𝑇𝑅 are known, and in (3), the remaining (L-1) equations are not used, we 

can put the reset (L-1) equation, succinctly enumerate the form of the matrix, that is linear 

system Y = Ax , at this time 

 

𝒀 =  
2𝜋

𝑇
[

1 ∙ 𝑇𝑅 −  𝑡𝑖

⋮
(𝐿 − 1) ∙ 𝑇𝑅 −  𝑡𝐿−1

],         (5) 

𝑨 = [
𝑠𝑖𝑛(𝑤1𝑡1)

⋮
𝑠𝑖𝑛(𝑤1𝑡𝐿−1)

1 − 𝑐𝑜𝑠(𝑤1𝑡1)
⋮

1 − 𝑐𝑜𝑠(𝑤1𝑡𝐿−1)

⋯
⋮

⋯

1 − 𝑐𝑜𝑠(𝑤𝐾𝑡1)
⋮

1 − 𝑐𝑜𝑠(𝑤𝐾𝑡𝐿−1)
] (6) 
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𝒙 =  [
𝑎1

1
,

𝑏1

1
, ⋯ ,

𝑎𝐾

𝐾
,

𝑏𝐾

𝐾
 ]

𝑇

,          (7) 

 

According to the dimension of A, we can divide A into three solutions, namely, none, the only 

solution and infinite many solutions. 

 

2.2 CS Method Optimization with the Gradient Projection for Sparse Reconstruction 

Algorithm 

When we have the Y = Ax, we can calculate the optimal solution of x, and we can estimate the 

spectrum of HRV to see the activity of the autonomic nervous system. In this paper, we use the 

CS algorithm to solve the optimal solution. Based on the CS algorithm, this article uses the 

sparsely reconstructed gradient projection (GPSR) algorithm to do the best estimation. 

 

3. The IPFM Architecture and Implementation 

The IPFM model is mainly composed of three parts, which are composed of ti, A and Y matrices, 

respectively. By calculating the value calculated by the ti matrix, we can calculate the A matrix 

and the Y matrix. The following is divided into three subsections to explain its circuit 

architecture. 

 

3.1 Ti Matrix Square 

The ti matrix is the two-heartbeat interval simulation calculation of the IPFM front end. This 

circuit accumulates Rin by using the accumulator, and stores its value into the ti_i register. Each 

input value ti_i is transmitted to Ti_(i+1), when all the signals are input, the accumulated value 

of each signal can be obtained at the same time. The value has been used for the subsequent 

operation, and the ti_i register is selected by the multiplexer, which is convenient as the latter. 

The operation of the Y matrix and the A matrix.  

 

3.2 Y Matrix Square 

The Y matrix is the Y term in the Y = Ax expression of IPFM. Since different maximum ti values 

will produce different corresponding coefficients, here we use the LUT method to build a PIT 

table. Then, the corresponding coefficient is multiplied by the maximum ti value minus the 

respective ti values stored in the preceding ti matrix to generate the Y matrix. Use a multiplexer 

to control the value of its output for matrix arrangement and output, which is convenient for 

back-end computer operations. 

 

3.3 A Matrix Square 

The A matrix is A in the Y = Ax formula of the IPFM model, and uses the values stored in the 

previous ti matrix, with the maximum value in the ti matrix, and using the LUT method to find 

the corresponding W value. Then we use the scratchpad to let the W value continue to 

accumulate, and finally, use sine and cosine lookup method to reduce the circuit area. Then, by 
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using the multiplexer, the values calculated by sine and cosine are respectively output to the 

register of the A matrix and the sine and cosine are completed to calculate the A matrix. 

 

4. Result 

This paper uses the TSMC 0.18 um process to complete the hardware circuit architecture of the 

IPFM model. The maximum operation frequency of this chip is 62.5MHz, the required power 

consumption is about 4mW, and the overall area is 0.96𝑚𝑚2. 

 

5. Conclusions 

In this paper, we implement the VLSI chip of the IPFM model, and then combine the CS 

algorithm to calculate the spectrum of the HRV through the IPFM chip. The experimental results 

show that the proposed circuit has a low area, high speed and low power design after the circuit 

is implemented in the TSMC 0.18-um CMOS process. This chip also achieves software floating 

point results. Therefore, based on the HRV spectrum, the proposed model has good benefits for 

detecting autonomic or cardiac conditions, making it easier for modern people to find the 

disease. 
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Abstract 

Realization of a linear voltage controlled quadrature oscillator (LVCQO) using the 

Multiplication Mode Current Conveyor (MMCC)   is presented; the design is based on  an 

electronically tunable first-order allpass AP filter (APF).  Experimental verification had been  

carried out by PSPICE simulation which indicates better response  that exhibits low THD at 

negligible active-sensitivity and improved range of linearly tunable frequency(fo). Measurement 

on phase-noise of the QO indicates satisfactory result.  

 

Keywords: Allpass filter, Linear VCO, MMCC, Analog Multiplier, Quadrature oscillator      

 

1. Background/ Objectives and Goals 

The  QO is a versatile function circuit that finds  wide range of applications in areas of 

electronic signal processing and communication  viz. in quadrature mixers, SSB generation,  

vector generators in selective voltmeter,  for frequency-selective impedance measurement and 

for built-in self-test (BIST)  for IC modules and filters. The recent literature  reports a number 

of QO design schemes [1,2];  These designs use bias current (Ib) control of  transconductance 

(gm) variation  of  OTA s  for tuning the  oscillation frequency (fo); this approach requires 

additional current processing hardware and attracts sensitivity issues owing to thermal voltage 

(VT) .  Implementation of   QVCO with linear tuning law are quite few [3]. Here  control 

voltage (V) of a multiplier tunes oscillation frequency (fo )directly and linearly.       

 

mailto:robnon@ieee.org
mailto:rimpidatta@yahoo.com
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2. Methods 

The proposed circuit toplogy is shown in Fig.1;  stage F1 is the first-order AP structure and 

second stage F2 is an electronically tunable integrator, which are coupled in a unity-feedback loop 

to synthesize  the LVCQO. The MMCC port relations [4] are Iz = (±)α Ix, Vx= kVβ Vy1   where 

multiplication constant  (k = 0.1/d.c.volt for AD-534 or k =1/d.c.volt for AD-835) multiplier 

device [40], and  Vw = δVz.  By routine analysis we get the function   as 

 

F1(s)  ≡  Eo/Vi =  Fo{ s bτ(1+m)  + μ1(b m ─ p)}/ {sτ(1+m) + m μ1 }                         (1) 

 

where  τ =R1C1/kV,  m = Ra/R, p = ro/r1,  b = ro/r2, μ1=α1β1δ1 ≈ 1,  flat-gain  Fo = 1/(1 + b+ p)   

 

The parasitic components appear as r1,2(y,z) and  C1,2(y,z). Initially we assume ideal devices 

(α=β=δ=1 since α,β,δ ≈ 1─ ε; port-error│ ε│<<1) and analyze  without the parasitic 

components. Substitution of  m =1, i.e., ra=rb, b = 1, p =2  and in μ1 ≈ 1 ineq.(1) yields  

 

F1(s) =  Fo { sτ1─ 1} / { sτ1  +  1} ;  τ1 = 2R1C1/kV ,  Fo =1/4 and θ   =  π   ─  arctan  

τ1ω  (2) 

 

Thus the  phase  is electronically tunable by the control voltage (V) in the range   π ≤  θ 

(lag) ≤ 0 . Second stage is given by   F2(s)= Vo/Eo = μ2 / sτ2 ;  μ2   = α2β2δ2≈ 1  ;τ2= R2C2/kV. 

The LVCQO is realized by connecting the coupled F1F2-stage with a unity feedback loop as 

shown in Fig. 1.  The characteristic equation  with ideal devices is {1─ F1(s)F2(s)} ; this yields 

the oscillation condition (OC) and oscillation frequency (fo)  as follows 

 

OC :   τ2  =  τ1/4 →  R2= R1/4   with C1=C2 = C    and        fo   =kV/2πCR1   (3) 

 

The control voltage (V) is applied uniformly and seamlessly to the two stages, without 

necessitating extra  current processing  circuit complexity.   

 

 

Fig 1.  Electronically tunable first-order AP filter (F1) based LVCQO (looped F1 F2) 

: ry,z 1,2 Cy,z1,2  ─   parasitic components    
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Simple design equations for linear tuning law may be derived for the proposed LVCQO with 

pre-designed passive-RC components ;  fo is controlled by d.c. control voltage V  as per the 

following tuning law  : 

 

 

 

3. Results 

Experimental verification had been carried out with PSPICE simulation and hardware circuit 

tests.  The linear tuning range upto 10MHz had been measured with good quality quadrature 

wave response as shown in Fig.2 below. In the proposed work   a   satisfactory phase noise 

response had been obtained by  measurement with the Tektronix spectrum analyzer (RSA 

306B) at fo= 10MHz ; experimentally measured phase noise here is (─ 93dBc/Hz) @500KHz 

offset in Fig. 2(c). The rejection between 2
nd

 harmonic and fo (fundamental frequency) is seen to 

be quite high as ~ 68.5dBm; hence an improved QO implementation with better result.   
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(b) 

(c) 

Fig.2  Experimental results 

(a) VCO tuning range following tuning law fo(MHz) = 1.25V 

(b)  Quadrature wave response 

(c) Spectral response of 10MHz wave generation  and phase noise evaluation 

 

In the proposed work   a   satisfactory phase noise response had been obtained by  

measurement with the Tektronix spectrum analyzer (RSA 306B) at fo= 10MHz ; experimentally 

measured phase noise here is (─ 93dBc/Hz) @500KHz offset in Fig. 2(c).  

 

Comparative data cited in [4] indicates a phase noise figure of (─) 86.7 dBc/Hz at operating 

frequency of 1.02 MHz ; The rejection between 2
nd

 harmonic and fo (fundamental frequency) is 
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seen to be quite high as ~ 68.5dBm; hence an improved QO implementation with better result.   
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Abstract 

Neural network control can obtain the dynamic characteristics of a controlled object through 

self-learning. However, if the dynamic characteristics of the controlled object change, the neural 

network needs to learn again. Thus, we proposed stationary state on online-offline integrated 

learning method of neural network control, which can operate in real time control. Additionally, 

we verified stationary state on the robustness of the proposed method with position control of a 

brushless DC motor 
[1]

. In this study, we simulate steady state on online-offline integrated 

learning method of neural network control. Additionally, we verify steady state on the robustness 

of the proposed method with position control of an AC servo motor. 

 

In this study, we simulate position controls for the servo motor with the neural network control 

using the feedback error learning method proposed by Kawato et al 
[2]

. Neural network control 

has the online learning method and the offline learning method. For the online learning method, 

the error of the neural network is obtained the output of the feedback control. If the error is not 

zero, the neural network compensator loads the value of weight and recalculate the value of 

weight. If the error is zero, the neural network compensator does not load the value of weight 

and do not recalculate the value of weight. For the offline learning method, the error of the 

neural network is obtained the output of the feedback control. The neural network compensator 

set the value of weight calculated from the online learning and do not recalculate of the value of 

weight independent of the error. In the proposed online-offline integrated learning method, the 

neural network compensator loads the value of weight calculated from the online learning as the 

standard weight and get the error of neural network. If the error is zero, the neural network 

compensator does not calculate of the value of weight. If the error is not zero, the neural network 

compensator recalculates the value of weight numerous times, if the error is still not zero, the 

neural network compensator saves the last calculated value of weight. 

 

As a result, we confirmed the rotation angle error of online – offline integrated learning method 

javascript:%20mailViewer.compose(%22morisita%40cc.kogakuin.ac.jp%22);
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is smaller than the rotation angle error of online learning method and offline learning method. 

Thus, we verify steady state on the robustness of the proposed method with position control of an 

AC servo motor. 

 

Keywords: Neural network, Robust control, Adaptive control, Servo motor 

 

1. Background 

Online learning of neural network control can compensate of the PID control which if the 

dynamic characteristics of the controlled object change. However, the online learning needs to 

learn again. Therefore the this is not suitable for real time control. Offline learning of neural 

network control can fast compensate of the PID control without to learn again. However, the 

offline learning cannot the dynamic characteristics of the controlled object change. Thus, we 

proposed stationary state on online-offline integrated learning method of neural network control. 

In this study, we simulate steady state on online-offline integrated learning method of neural 

network control. Additionally, we verify steady state on the robustness of the proposed method 

with position control of an AC servo motor. 

 

2. Controlled Object 

In this study, we simulate for position control an AC motor with the load inertias. Besides, the 

controlled object in this study is a brushless DC motor of the 1 degree of freedom.  

 

Table 1 shows the specs of AC motor, and the process of the transfer function of the control 

object is shown in equations (1) to (3); 

 

Table 1: Specs of AC motor 

 

 

The torque of the motor is shown in (1). 

 

𝜏 = 𝐽�̈�0 = 𝐾𝑡𝐼                                     (1) 
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In addition, the relationship between the input voltage of the motor and the turning angle 

velocity is shown in (2): 

 

𝑉𝑖 = 𝐼𝑅 + 𝐾𝑡�̇�0 =
𝐽𝑅

𝐾𝑡
�̈�0 + 𝐾𝑡�̇�0     (2) 

 

The laplace transform the (2) hence the transfer function of the control object is shown the (3): 

 

𝑃(𝑠) =
𝜃0

𝑉𝑖
=

1

𝑠 (
𝐽𝑅
𝐾𝑡

𝑠 + 𝐾𝑡)
             (3) 

 

Where 𝐽 is the synthesized moment of inertia which is equal to the moment of the rotor inertia 

𝐽𝑀 and the moment of the load inertia 𝐽𝐿. 

 

3. Feedback Error Learning Method 

 

 

Fig. 1: Structure of the feedback error learning 

 

Fig. 1 shows the structure of the feedback error learning with the neural network. The structure 

of the feedback control consists of a PID control which added to the feedforward control consists 

of a hierarchical neural network compensator. In addition, the neural network compensator and a 

feedback controller are connected in parallel. In this study, the back and forth of the controlled 

object that does not add noise. 

 

The neural network can be approximated to be the inverse dynamic model of the controlled 

object by the back-propagation method using the input of the controlled object as the teacher 

signal of the neural network. 
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Fig. 2: Constitution of the neural network 

 

Fig. 2 shows the constitution of the neural network
 [3][4]

. The neural network consists of three 

layers: Input layer, Middle layer, and Output layer. Also, we set the layers of each of the units 

as 𝑖 = 3, 𝑗 = 9, 𝑘 = 1. In addition, we defined the value of the weight of the output layer to the 

middle layer and the middle layer to the input layer as 𝑉(𝑗, 𝑘), 𝑊(𝑖, 𝑗). 

 

Besides, the input layers there are three variables, which are the rotation angle of the servo motor, 

the turning angle velocity, and the angular acceleration. The middle layer contains variables, 

which take into account both the accuracy of position control and the calculation time of the 

value of the weight of the middle layer and the output layer. The output layer is the number of 

motor shaft. 

 

For the neural network, the process of the back-propagation is shown in equations (4) to (12). 

Here, the teacher signal of the neural network is 𝑢. The error 𝐸 of the neural network is shown 

in the following equation, which is the square of the difference between output 𝑢𝑛 of the neural 

network and input 𝑢 of the controlled object. 

 

𝐸 =
1

2
∑{𝑢𝑛(𝑘) − 𝑢(𝑘)}2

1

𝑘=1

=
1

2
∑{−𝑢𝑓(𝑘)}

2
1

𝑘=1

           (4) 

 

Next, the relationship between each of the layers of the input and the output are shown as 

follows: 

 

𝑥1 = 𝜃𝑟𝑒𝑓 , 𝑥2 = �̇�𝑟𝑒𝑓, 𝑥3 = �̈�𝑟𝑒𝑓                       (5) 

𝐹2(𝑗) = ∑ 𝑤(𝑖, 𝑗)𝑥(𝑖)

3

𝑖=1

, 𝐹3(𝑘) = ∑ 𝑣(𝑗, 𝑘)𝑦(𝑗)

9

𝑗=1

        (6) 
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𝑦(𝑗) = 𝑓{𝐹2(𝑗)} =
2

1 + 𝑒−𝐹2(𝑗)
− 1                                 (7) 

𝑧(𝑘) = 𝑢𝑛(𝑘) = 𝑓{𝐹3(𝑘)} =
2

1 + 𝑒−𝐹3(𝑘)
− 1              (8) 

 

The variations of weight are shown as follows: 

 

    𝑣(𝑗, 𝑘)(𝑁) = 𝑣(𝑗, 𝑘)(𝑁 − 1) + 𝛥𝑣(𝑗, 𝑘)(𝑁)             (9) 

    𝑤(𝑖, 𝑗)(𝑁) = 𝑤(𝑖, 𝑗)(𝑁 − 1) + 𝛥𝑤(𝑖, 𝑗)(𝑁)           (10) 

 

Where 𝑁 is the number of times the weight changes, 𝜂 is the learning rate which decides the 

weight’s value, 𝛼 is the inertia coefficient which decides the weight’s rate of change
 [5][6]

.  

 

Also, in equation (9) and equation (10), the respective right sides, 𝛥𝑣(𝑗, 𝑘)(𝑁)  and 

𝛥𝑤(𝑖, 𝑗)(𝑁), are shown as follows: 

 

Δ𝑣(𝑗, 𝑘)(𝑁) = −𝜂
𝜕𝐸

𝜕𝑣(𝑗, 𝑘)
+ 𝛼Δ𝑣(𝑗, 𝑘)(𝑁 − 1)       (11) 

Δ𝑤(𝑖, 𝑗)(𝑁) = −𝜂
𝜕𝐸

𝜕𝑤(𝑖, 𝑗)
+ 𝛼Δ𝑤(𝑖, 𝑗)(𝑁 − 1)        (12) 

 

4. The Online-Offline Integrated Learning Method of the Neural Network Control 

Fig. 1 shows the structure of feedback error learning. We explained the 1 degree of freedom 

revolution dynamic model in section 2. We explained the structure of feedback error learning and 

the neural network compensator in section 3. 

 

In this section we explain as for the methods of the neural network control. Firstly, we will 

explain the traditional online learning method in section 4.1; then we will explain the offline 

learning method at the section 4.2. Moreover, we will explain the proposed online-offline 

integrated learning method at the section 4.3. 

 

Here, for all the value of the weight of the flowchart of the online learning method, the offline 

learning method, and the online-offline integrated learning method, which are the same marks we 

explained the marks at the section 3. 

 

4.1 Online Learning Method 
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Fig. 3: Flowchart of the normal online learning method 

 

For the online learning method, the error 𝐸 of the neural network is obtained the output 𝑢𝑓 of 

the feedback control. Next, the neural network compensator initializes the value of the weight in 

the middle layer and the output layer. At this point each value of the weight for the middle layer 

and the output layer is set using random function. When the clock time surpasses sampling time, 

the neural network calculates the value of the weight of the middle layer and the output layer 

using the equations from (9) to (12). The neural network saves the calculation results. The neural 

network obtains the error 𝐸 again; the neural network also loads the saved calculation results of 

the weights; then the neural network calculates equations from (9) to (12) again. 

 

In the online learning method, the parameters of the controlled object change the value of the 

weight, the value of the weight is quickly rewritten through learning because online learning 

corresponds to the controlled objects changes. However, in the online learning method, the 

calculations for the equation (9) to (12) until they reach the most appropriate value for weight 

takes long time. Also, in the online learning method, by increasing; the number of layer of the 

middle or unit of the middle layer or both of these, the accuracy of the position control improves. 

However, the problem that the calculation time of equations from (9) to (12) takes long. 
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4.2 Offline Learning Method 

 

 

Fig. 4: Flowchart of the normal offline learning method 

 

Nevertheless, the offline learning method, the controlled object changes, the feedback control at 

the control object using the weight, which obtained from the online leaning. Namely, the offline 

learning method do not initialize the value of weight and do not recalculate of the value of 

weight independent of the error 𝐸. Therefore, it is difficult to control at the control object, which 

accepts the rate of after the change. 

 

4.3 Online - Offline Integrated Learning Method 
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Fig. 5: Flowchart of proposed online - offline integrated learning method 

 

Therefore, the online - offline integrated learning method loads the weights, which it obtained 

from the online leaning. In addition, we adopt limit the number of times the calculation from the 

value of weight to the value of output layer. Namely, the small online learning such as in fig. 5, 

only the number of times the weight change by user. By doing this, the accuracy for the position 

control is not reduced. Additionally, if the error 𝐸 of the neural network is zero, do not calculate 

of the value of weight. Therefore, the calculation time of online - offline integrated learning 

method is shorted than the online learning method. 

 

5. Analyses and Results 

In this study of the analysis using the MATLAB / Simulink. The flow of the analysis, we will 

confirm the responses which kept giving reference of the sine wave ( Amplitude ± 0.5π rad, 

Frequency 1Hz, Phase 0 rad ) for 30 seconds to the dynamic of the motor. Also, we will change 

the value of load inertia during from 0 to 30 seconds, which confirm the responses the error of 

the rotation angle 𝜃 degree. As for proposed the online - offline integrated learning method, we 

define the load the value of the weight from the online leaning as the standard weight. 

 

In this analyze, we define as the value of the standard weight when got the value of the weight 
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on the online leaning, which set the load inertia is five times as much as the moment of the rotor 

inertia ( 5.3 × 10−4 kgm2 ). Moreover, as for we explained clock time in section 4, it means the 

simulation of the elapsed time as for the dynamic of the motor. As for we explained sampling 

time in section 4, it will show the fixed time for repeat the calculation of the value of weights. In 

this analysis, we will simulate the sampling time as 0.001 seconds. 

 

5.1 Load Inertia – Before Change 

 

Fig. 6: Comparison of the rotation angle error  

 

Fig. 6 shows the comparison of the rotation angle error. Here, the learning rate and the inertia 

coefficient of the online learning method as 𝜂 = 0.0001, 𝛼 = 0.0001. Also, the learning rate 

and the inertia coefficient of the online – offline integrated learning method 𝜂 = 0.0001, 

𝛼 = 0.0001. In addition, the number of times the weight changes of the online – offline 

integrated learning method as 𝑁 = 150. 

 

As can be seen from fig. 6, we confirmed the wave of the online learning method, the wave of 

the offline learning method, the wave of the online - offline integrated learning method has the 

almost same wave during 0 to 2.5 seconds. However, we confirmed the rotation angle error of 

the online - offline integrated learning method is smaller than the rotation angle error of the 

online learning method and offline learning method after 2.5 seconds.  

 

On the other hand, we confirmed, which the rotation angle error of online learning method, 

offline learning method are smaller than the rotation angle error of the online – offline integrated 

learning method, when we changed the learning rate and the inertia coefficient of the online 

learning method as 𝜂 = 0.001, 𝛼 = 0.001. 

 

5.2 Load Inertia – After Change 

Next, we changed the value of load inertia after 10 seconds the following the load inertia: 

𝐽𝐿  =  𝐽𝑀  ×  250, 𝐽𝐿  =  𝐽𝑀  ×  500. Also, the learning rate and the inertia coefficient of the 
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online learning method as 𝜂 = 0.0001, 𝛼 = 0.0001. 

 

 

Fig. 7: Comparison of the rotation angle error ( 𝐽𝐿  =  𝐽𝑀  ×  250 ) 

 

 

Fig.8: Comparison of the rotation angle error ( 𝐽𝐿  =  𝐽𝑀  ×  500 ) 

 

As can be seen from fig. 7 and fig. 8, we confirmed the wave of the online learning method, the 

wave of the offline learning method, the wave of the online – offline integrated learning method 

has the almost same wave during from 0 to 2.5 seconds. In addition, we confirmed the 

convergence of rotation angle error of the online learning method, offline learning method as 0.5 

seconds when the load inertia as 𝐽𝑀  ×  250. By contrast, we confirmed the convergence of 

rotation angle error of the online - offline integrated learning method as 1.0 seconds when the 

load inertia as 𝐽𝑀  ×  250. Also, we confirmed the convergence of rotation angle error of the 

online learning method, offline learning method as 1.0 seconds when the load inertia as 

𝐽𝑀  ×  500. In addition, we confirmed the convergence of rotation angle error of the online - 

offline integrated learning method as 2.0 seconds when the load inertia as 𝐽𝑀  ×  500. For the 
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above analysis result, we verified the steady state on online - offline integrated learning method 

of neural network control with an AC servo motor. 

 

Here, If the learning rate 𝜂 and the inertia coefficient 𝛼 are not appropriate combination ( Ex. 

𝜂 = 1, 𝛼 = 1 ), the rotation angle error of the online learning method, the offline learning 

method are smaller than the rotation angle error of the online – offline integrated learning 

method. We think the threshold of equation (8) change the neural network can deal the output 

over the 𝑢𝑛 = ±1 . The value of  𝑢𝑛  is the −1 < 𝑢𝑛 < 1 . Thus, 𝑢𝑛  saturation occurs at 

𝑢𝑛 = ±1 because  𝑢𝑛 is not 𝑢𝑛 < −1 or 𝑢𝑛 > 1 . If the neural network needs the output over 

the value, it can’t. Therefore, the learning rate 𝜂 and the inertia coefficient 𝛼 needs to set the 

small values. 

 

6. Conclusion 

We proposed stationary state on online-offline integrated learning method of neural network 

control, which can operate in real time control. Additionally, we verified stationary state on the 

robustness of the proposed method with position control of a brushless DC motor 
[1]

. In this study, 

we simulate steady state on online-offline integrated learning method of neural network control. 

Additionally, we verify the robustness of the proposed method with position control of an AC 

servo motor. As a result, we confirmed the rotation angle error of online – offline integrated 

learning method is smaller than the rotation angle error of online learning method and offline 

learning method. Thus, we verify steady state on the robustness of the proposed method with 

position control of an AC servo motor. 
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Abstract 

This paper presents the mathematical model based on the dynamic characteristics and operation 

principal method of parameter identification in the state of charge and discharge of lithium-ion 

batteries. In this study the equivalent circuit diagram of one time constant model (OTC) and two 

time constant (TTC) model are used. This modeling method describes the process how to 

identify important parameters of the equivalent circuit model by measurement data. The 

comparison between the measurements and the estimates as the result of genetic algorithms 

searching for parameters shows TTC model parameter accuracy.  

 

Keywords: Lithium ion battery, Charge and Discharge of battery, Battery, Battery identification 

 

1. Background/ Objectives and Goals 

In future, batteries are demanding for the hybrid electric vehicles (HEV) and electric vehicles 

(EV). This opportunity has forced battery manufacturers to produce energy storage systems that 

are improved better quality. Lithium ion (Li-ion) batteries are believed to be the most guarantee 

to replace lead-acid batteries system for HEV and EV by better performance and quality in 

storage system. Currently, the well-know of Li-ion is lighter and more cycle life-time than 

lead-acid batteries. However, Li-ion batteries is challenged the designing of battery management 

system for the safety and reliability operation since the performance degrading mechanisms are 

the room to study. There are several researchers involve to estimate and model for mechanism 

understanding of the Li-ion battery performance. The model development forms are the goal of 

the engineering approach for the optimal design of Li-ion batteries. The simple fundamental 

model is developed to produce for the proper prediction to address the objectives. The 

engineering approach can address various objectives such as identification of based transport and 

kinetic parameters, capacity fade modeling (continuous/discontinuous), identification of 

unknown mechanisms, improved life by changing operating conditions, improved life by 

changing material properties, improved energy by manipulating design parameters, improved 

energy density by changing operating protocols, electrolyte design for improved performance, 

state estimation in packs, model predictive control  that incorporates real-time estimation of 
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state-of-charge (SOC) and state-of-health (SOH) and improved protocols for optimum formation 

times. In widely knowledge, physics-based model can be addressed on the systems engineering 

objectives and the available computational resources but difficult to use for all scenarios. A 

trial-and-error system can be used to design parameters and operating conditions of batteries but 

it is inefficient. The numerical optimization battery model method is well motivation trend which 

is more efficient by reducing order models. In the literature of Li-ion battery modeling 

approaches can be classified as mathematical model, empirical model, electrochemical 

engineering model, ohmic porous-electrode model, pseudo-two-dimensional model, 

multi-physics model, thermal model, stack models, molecular/atomistic model and molecular 

dynamics (Venkatasailanathan et al., 2012). Mathematical model of Li-ion batteries are 

concerned on complexity, computation requirement and reliability of estimations. Therefore the 

simplified battery models will be applied for the particular of application. Empirical model 

describes for the historical experiment data for Li-ion batteries behavior without physic-chemical 

principles consideration. This model is based on experimental data curve fitting of battery operating 

behaviors. Electrochemical engineering models are incorporate chemical-electrochemical 

kinetics and give more accurate estimation than empirical models (Marc et al., 1993) (Domenico 

et al., 2010). Single-particle models approximate by the diffusion and intercalation within a 

single electrode particle which are considered by the anode and cathode as a single particle in the 

same surface area (Shriram et al., 2006). Ohmic porous-electrode models are more complex than 

single-particle models by concerning for the solid and electrolyte phase potentials and current 

while neglecting the spatial variation (Venkatasailanathan et al. 2010). Pseudo-two-dimensional 

models extend from ohmic porous-electrode model by including diffusion in the electrolyte and 

solid phase, as well as Butler Volmer kinetics. This physics-based model is the most assessed by 

researcher (Gang et al., 2006). Multiphysics models are necessary for Li-ion batteries behavior 

explanation in high power/energy application for EV and HEV system. Thermal models perform 

temperature effects equation into pseudo-two-dimension model for more complex calculation in 

high power/energy battery application. Weifeng et al. (2010) design 3D thermal models to 

compute dynamic operation and control of Li-ion batteries for large-scale application. Stack 

models are developed for more accurately battery models by including multiple cells 

arrangement in a stack formation. The stack model can explain to potential of hazard conditions 

in overcharging or deep-discharging which cause the high thermal or explosion. Meng and Ralph 

(2011) design the simple coupled thermal models application on a single particle for stacks in 

parallel and series configurations. Paul et al., (2011) perform the simulation in stack model for 

the number of cells limitation by using reformulation techniques. Molecular/atomistic models are 

used to model the discharge property of Li-ion battery. Ravi et al. (2011) simulate by using 

molecular/atomistic model to explain the electrode mechanism for capacity fade of Li-ion 

battery. Molecular dynamics model is used to simulate the initial transport inside Li-ion battery 

for more understand the difference of molecular dynamics that cause the accurate battery 

behavior predications. Kevin and Joanne (2010) use molecular dynamics model to study the 

crucial behavior prediction of Li-ion battery. 

http://jes.ecsdl.org/search?author1=Meng+Guo&sortspec=date&submit=Submit
http://jes.ecsdl.org/search?author1=Ralph+E.+White&sortspec=date&submit=Submit
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In order to mathematical model based on the dynamic characteristics and operation principals of 

Li-ion battery, the equivalent circuit models are consist of resistor, capacitors and voltage source 

connecting network. The method to define full charge of battery state can be defined by the state 

of charge method (SOC) by current measurement called ampere-counting method. This method 

can define the battery state based on the charge and discharge state which is transferred current 

in and out of the battery. The SOC estimation method is possible to have an error in case of full 

charge system. Also the SOC is the functional method of the open circuit voltage which typically 

faces the estimation problem for battery’s dynamic identification model. The dynamics model is 

better to use mathematical process. In term of the open circuit voltage, SOC can be calculated by 

analyzing only the battery current and voltage at the output of battery terminal. With this analysis 

method the battery equivalent circuit is used. The equivalent circuit parameters would be 

identified by employing measurements. 

 

This paper presents the parameter identification by using genetic algorithms for state of charge 

and discharge estimation of Li-ion batteries. The one time constant model (OTC) and two time 

constant model (TTC) of battery equivalent circuit are used to study. The model-based 

simulation data and the measurement data are compared. The simulation data are provided by the 

simulation block diagram and the measured data are implemented to assess the accuracy of the 

foundation model based on SOC estimation method.      

 

2. Equivalent Circuit Models of Li-Ion Battery 

There are various equivalent circuit models to analyze Li-ion battery such as the Internal 

Resistance model (IR model), the Resistance Capacitance model (RC model) and the Thevenin 

model. The Thevenin models are famously used in EV/HEV analysis. An improved Thevenin 

equivalent circuit model as dual polarization method is widely used to compare the model-based 

simulation data and the experiment data. 

 

2.1 Formula and Equation the Internal Resistance Model (IR Model) 

The IR model includes an ideal voltage source Voc that recognizes as the battery open-circuit 

voltage of the battery as shown in Figure 1. The equivalent circuit contains Voc and an internal 

resistance (Ro) in series connection which can be described in Equation 1. IL is battery output 

current pass through load with a positive value at discharging and a negative value at charging. 

Vt is the output terminal voltage. 

 

LOOCt IRVV                                     (1) 

 

In equation (1) can see that the IR model does not represent the transient operation of Li-ion cell. 

So that IR model is not properly used for estimation of SOC during dynamic operation. 
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Fig. 1 Battery equivalent circuit diagram of the Internal Resistance Model (IR model) 

 

2.2 The Resistance Capacitance Model (RC Model) 

The RC model is developed by SAFT Battery Company. The RC model consists of two 

capacitors (Cc and Cb) and three resistors (Rt, Re and Ro) as the RC network in series-parallel 

connection (Craig and Paul, 1997). The Capacitor Cc has a small capacitance value and defines 

the surface effects of a battery. The capacitor Cb, has a large capacitance value and represents the 

ample capability which called bulk capacitor. The resistors of Rt, Re and Ro mean terminal 

resistor, end resistor and internal resistor, respectively. Vb and Vc are the voltage across Cb and Cc, 

respectively. The electrical behavior of equivalent circuit can be illustrated in Figure 2 by 

Equation (2) and (3). 
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Fig. 2 Battery equivalent circuit diagram of the RC Model 

 

2.3 One Time Constant Equivalent Circuit Model (OTC Model) 

The OTC equivalent circuit model consists of an ideal voltage source (Voc), a parallel RC 

network (R1 and C1) (describe the battery transient response during charge and discharge) in 

series with a resistor in order to describe the internal resistance (R0) in the approximation 

dynamic behavior of Li-ion battery (Hongwen et al, 2011). In Figure. 3, the equivalent circuit 
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model with describing the battery transient response during charging and discharging in battery 

system is depicted. VC is the voltage across the parallel RC network of C1. IL represents the load 

current. The electrical behavior of the OTC model can be described in continuous time by 

equation (4)-(6). 

 

 

Fig. 3 Battery equivalent circuit diagram of one time constant model (OTC) 
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2.4 The Partnership for New Generator Vehicle Model (PNGV Model) 

The US Department of Energy Advanced Technology Development Program designs the Gen-2 

Li-ion battery model to study the requirements of the thermal control system for meeting the 

goals setting by the Partnership for a New Generation of Vehicles (PNGV) (Paul et al., 2002). The 

PNGV model is added a capacitor 1/V’oc in series based on the OTC model as shown in Figure 4. 

Vd and Vc are the voltage across 1/V’oc and C, respectively. The electrical behavior of the PNGV 

model can be described by equation (7)–(9). 
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Fig. 4 Battery equivalent circuit diagram of PNGV model 

 

2.5 Two Time Constant Equivalent Circuit Model (TTC Model) 

Based on the Li-ion battery behavior of output voltage when the output current is zero (open 

circuit or no load). The battery has shown the big different in transient behavior period during 

the short time and the long time operation. So that, the OTC equivalent circuit model cannot be 

represented for this accurately dynamic characteristics. In order to improve the accuracy OTC 

model by adding extra RC network in series for the TTC circuit model as shown in Figure 5. The 

TCC equivalent circuit model consist of four parts as the voltage source (Voc), internal ohmic 

resistance (RO), the short time characteristics RC network (R1 and C1) and the long time 

characteristics RC network (R2 and C2). Vc1 and Vc2 are the voltage across capacitor C1 and C2 

respectively (Hongwen et al, 2011). The electrical behavior of circuit can be described by 

equation (10)-(14). 

 

 

Fig. 5 Battery equivalent circuit diagram of two time constant model (TTC) 
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3. Estimation of Model Parameters 

The estimation procedure for OTC and TTC modeling are demonstrated without environment 

condition of temperature and aging effects. The estimation of battery model is based on criterion 

and the measurement information of the known systems to estimate the model structure and 

unknown parameters. The experimental parameter identification of the battery is fixed at room 

temperature of 25 C. Figure 6 shows the simulation block diagram in the MATLAB 

SIMULINK of Li-ion battery with the parameter set up as in Table 1. The Li-ion battery model 

in SIMULINK is powerful tool for engineers to perform and analyze. The systems are referred to 

dynamic behavior of Li-ion battery system and can be used to explain the behavior of dynamic 

systems containing of electrical circuit, shock absorbers, braking system and other condition 

setting up for instance electrical, mechanical and thermodynamic system. It should be noted that 

while in the battery operation of charge and discharge behavior, the discharge current is consider 

as the positive but negative in discharge. The battery terminal voltage of charge and discharge 

are plotted as in Figure 7. 

 

 

Fig. 6 Simulation block diagram 

 

The charging and discharging process from the simulation block diagram can be measured the 

output voltage as shown the characteristic waveform for battery as shown in Fig. 7. The Li-ion 

battery operation can be described the battery behavior in the following of different intervals of 

the curves as below: 

 

Subinterval of ta to tb: The battery is discharged with a constant current (Idischarge > 0). The steep 

decrease of the output voltage can be seen due to the internal resistance (R0), and then the output 

voltage continues to decrease exponentially controlled by the open circuit voltage as the 

decreased state of charge.   
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Subinterval of tb to tc: The battery is charged with constant current (Idischarge < 0). The steep 

increase of the battery output voltage due to R0 and continually increase exponentially controlled 

by the open circuit voltage as the increased state of charge. 

 

 

Fig. 7 Characteristic waveform of the battery output voltage during charging and discharging 

 

3.1 Parameter Estimation of OTC Model   

In procedure of battery output voltage measurements during the subinterval of ta to tb are studied. 

From The electrical behavior of the OTC model in continuous time equation (4)-(6) can be 

analyzed by the numerical solution in discrete-time domain. By employing Euler’s forward 

difference, the time-stepping solution at time step k+1 with respect to the battery terminal 

voltage can be derived as described in equation (15)-(16). The coefficient parameters are R1, C 

and RO for OTC model parameter estimation. 
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3.2 Parameter Estimation of TTC Model   

In TTC model parameters can be estimated in the same direction of OTC model by using two RC 

networks instead of one RC network in model OTC model. The coefficients parameters of the 

Euler’s forward difference equation are R1, C1, R2, C2 and RO in equation (17)-(20) 
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4. Results 

The model of battery parameters are estimated by measuring output voltage during sub-intervals 

of discharged and charged time between ta to tb and tb to tc respectively. These output voltage has 

the dynamic characteristics of the battery in subinterval of time during between ta to tb and tb to tc 

which can be measured or calculated (Hans-Georg, 2010) (John, 2013) regarding to the one time 

constant model by setting IL to zero in Equation (4) and (10) for OTC model and TTC model 

respectively. The battery parameters modeling by using the output voltage measurement and 

estimate battery parameter by applying nonlinear data fitting to search for the value which lead 

to the best fit between measurement giving and the nonlinear function solution is performed. In 

this case genetic algorithm is used for searching three parameters consist of Ro, R1 and C in 

Equation (4) with the necessary constant value as show in Table 1. 

 

Table 1 Technical parameter setting for Li-ion battery data 

Typical Rated Capacity (Ah) 6.5 

Nominal Voltage (V) 200 

Initial State of Charge (%) 100 

Charge condition  
Maximum Capacity (A) 53 

Fully Charged Voltage (V) 232 

Discharge condition Nominal Discharge Current (A) 2.861 

 

The assessment and modeling lithium polymer battery cells from Turnigy Power Systems are 

used. The battery test bench is set up for the model identification of model parameters. This 

assessment is applied the current signal with rectangular shape. During the operation time, 

battery output voltage is measured as show in Figure 8. The result of output voltage data for state 

of discharge is used to identify battery parameter by genetic algorithms. The genetic algorithm is 

the method for searching parameters of Ro, R1 and C1 (from Equation (16) for OTC model and 

parameters of Ro, R1, C1, R2 and C2 (from Equation (18) in which the sum square error between 

the measurement and the simulation is minimized as shown in Table 2. 

 

Table 2.Optimal parameters obtained by using genetic algorithms 

Parameter item 

Charging subinterval 
Discharging 

subinterval 

OTC 

model 

TTC 

model 

OTC 

model 

TTC 

model 

Ohmic Resistance (RO) (mΩ) 3.4073 2.5834 2.6361 1.2432 

RC-Network Resistance (R1) (mΩ) 3.5561 3.2541 1.3164 1.1134 
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Element Capacitance (C1) 

(×10
-5 

F) 
4.6185 5.2156 2.8913 3.2901 

Resistance (R2) (mΩ) - 4.2747 - 1.5742 

Capacitance (C2) 

(×10
-5 

F) 
- 4.6312 - 2.9987 

 

Figure 8 and Figure 9 illustrate the parameter identification for state of discharge estimation of 

Li-ion battery can be fixed by using genetic algorithm to search the proper parameter value. The 

blue solid line represents the measurement data. The green solid line and the dash line represent 

the simulation data acquired by using OTC model and TTC model, respectively of the optimal 

parameters as shown in Table 2. It can see that the TTC model has better fit to the measurements 

data than OTC model. The values of the RC network element of C1 and C2 have the dynamic 

effectiveness during charging and discharging. This effectiveness leads to the greater time 

constant which is responsible for the long term effects in the Li-ion battery. Therefore, the TTC 

model can give better representation of the battery dynamics behavior compare to the OTC 

model.    

 

 

Fig. 8 Output voltage measurements and curve fitting results during discharging 
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Fig. 9 Output voltage measurements and curve fitting results during charging process 

 

4.1 Conclusions 

This paper presents five different equivalent circuit diagrams for the Li-ion batteries. The simple 

IR model does not represent any dynamics of the battery characteristics so that it is not suitable 

for and accurate state of charge determination. OTC and TTC describe the dynamic 

characteristics of the battery estimation. The RC-network and ohmic resistance parameters are 

important in dynamics of the lithium-ion battery which are expected for the accurate solution 

method of parameter identification. The parameters of the equivalent circuit diagrams of 

lithium-ion cells from characteristic measurements are demonstrated. The identifying parameters 

from measurement data by using genetic algorithms can be implemented to search for model 

parameters of Li-ion batteries during discharge state. The OTC and TTC models between the 

measurements are compared. 
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1. Background/ Objectives and Goals 

Liquid crystal display (LCD) panels have been widely used. Achieving a higher color depth 

requires adopting a digital-to-analog converter (DAC) with higher resolution in the LCD source 

driver. Fig. 1 shows the block diagram of a source driver; obviously, increasing the resolution of 

the DAC enlarges the chip area. A resistor-string DAC (RDAC) is predominantly used in LCD 

source drivers because of stringent display uniformity requirements. However, the RDAC area is 

unacceptably large for high-resolution data converters in source driver ICs. 

registers/latches/level shifters

DAC

LCD panel

DAC DAC

global 

resistor 

string

display data 

output 

buffers

gamma 

voltages

 

Fig. 1 A block diagram of a source driver. 

 

2. Methods 

Fig. 2 shows the Proposed architecture of RRDAC with adaptive global current compensation. 

The Icomp is the compensation current flowing into each channel: 

H L
comp

channel

V V
I

R

                        (1) 

where VH and VL are two neighboring reference voltages, and Rchannel is the resistance of a 

channel resistor string. The amount of compensation current that should be injected from each 

current source is determined according to the control signal, which is based on the display data 

for all channels. 
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Fig. 2 Proposed DAC architecture. 

 

3. Expected Results/ Conclusion/ Contribution 

Table 1 summarizes the performance of the proposed modified RRDAC. In a 960-channel LCD 

source driver IC, the previous architecture of a 10-bit RRDAC always consumes 960 Icomp for 

current compensation. By contrast, when using adaptive binary-weighted global current 

compensation, the minimum compensation current consumption is only 15 Icomp for 960 channels. 

The area of each DAC is smaller than the previous one, because the proposed architecture does 

not require any compensation current source circuit in the driver channel. Table 1 lists the DAC 

area shrinkage of 34% compared to a conventional 8-bit RDAC.  

Table 1: Performance summary 

10-bit RRDAC 

(6-bit + 4-bit) 
* Total compensation current ** Area shrinkage per DAC (%) 

Previous work 960 Icomp 30 

This work 15~960 Icomp 34 

* compensation current for 960-channel DACs 

** DAC area shrinkage compared to a conventional 8-bit RDAC 

 

Keywords: LCD, Driver, DAC 
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Abstract 

This work considers resilience assessment through graphs. Looking to systems interaction leads 

us to find graph theory as a pertinent tool for systems of systems modelling and assessment. The 

idea behind the use of graphs is twofold: first is to represent the structure of a system of systems 

and second is to model the relations and processes amidst the system of systems.  

 

Keywords: Graph connectivity, resilience, systems of systems 

 

1. Introduction 

Systems-of-systems (SoS) represent a synergy of task-oriented and/or dedicated systems that 

pool their resources and capabilities together to create a more complex system which offers more 

functionalities and performances than simply the sum of the constituent systems. 

 

The resilience is generally defined as the capacity of a system to resist a risk and get back to its 

normal state. It also represents an important concept to tackle SoS reliability, safety and 

survivability [2, 3, 8, 9, 10, 11]. 

 

In fact, if an unpredictable event occurs to a system, the resilience represents its capacity to 

restore [1,4]. It concerns the consequences in case of a risk and inherent uncertainties. In [5], 

authors proposed a definition of resilience measures using elements of a traditional risk 

assessment framework to help clarify the concept of resilience and as a way to provide risk 

information. This work presets diverse convergences between resilience quantification and risk 

assessment based on the concept of loss of service. 

 

In [6], a survey of significant risks’ elements which impede these large complex collaborative 

infrastructures. Authors expanded the perception of risk via an in depth review of the associated 

literature. They also intend to monitor risk and quantify risks in addition to the visualization of 
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interdependencies associated with the components forming the SoS and outline the severity of 

potential consequences. 

 

A holistic criticality assessment methodology suitable for the development of an infrastructure 

protection plan in a multi-sector or national level is considered in [7]. The aim is to integrate 

existing security plans and risk assessments performed in isolated infrastructures in order to 

assess security risks. There are defined three different layers of security assessments with 

different requirements and goals (the operator layer, the sector layer and the intra-sector or 

national layer). They determine the characteristics of each layer, as well as their 

interdependencies. The methodology focuses on addressing the issue of interdependency 

between infrastructures and on the assessment of impact and risk transfer. 

 

Our purpose is to build a new approach of resilience thanks to graph theory. 

 

2. Graph Theory for SoS Assessment 

The idea behind the use of graphs is twofold: first is to represent the structure of the SoS and 

second is to model the relations and processes amidst the SoS. Vertices represent systems and 

edges represent the links between the systems. Each edge is oriented following the exchanges 

orientation (information, materials, etc.). The studied graph is oriented as the edges are oriented 

from one vertex to another. See Figure 2. The main aim of this approach is to evaluate the 

resilience of the SoS through its connectivity as a graph. 

 

It is worth noting that a graph is called connected if every pair of vertices amid this graph is 

connected. 

 

Table 1: Connectivity categories 

Weak connectivity Strong connectivity 

Given a binary relation C on a set E if: 

∀(x,y)∈E:x C Y ⟺ 

x=y 

or 

there is a path (undirected) linking x to y 

C is called a relation of weak connectivity 

Given a binary relation S on a set F if: 

∀(a,b)∈F: a S b ⟺ 

a=b 

or 

there is a directed path linking a to b 

S is called a relation of strong connectivity 

 

2.1 Resilience as Object of Investigation 

We believe that graph theory, and especially, connectivity is an important tool that can help in the 

assessment of SoS structural resilience. 

 

Let us start the reasoning from the beginning: by definition, strong connectivity means that for 

every pair of vertices a and b the graph contains paths from a to b and from b to a. 
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Then, if we include the concept the strongly connected components the graph will change and 

consequently the graph will be reduced. It will only be composed of quotients and edges linking 

them. 

 

The idea is that when a graph is reduced, the more the quotient set’s cardinal is big the more the 

SoS is distributed and the more there is a risk of isolation/disconnection in case of risks 

occurrence, therefore, the less the SoS is resilient. 

 

On the other hand, for a more resilient SoS, the number of strongly connected components 

should be small, as, the SoS is less distributed and there is less risk of isolation/disconnection in 

case of risks occurrence. See Figure 1. 

 

Fig. 1: The correlation between resilience and strongly connected components 

 

Accordingly, the number of the equivalent classes of a graph also impacts the homogeneity of 

the traffic and processes within the SoS. Therefore, the less there is strongly connected 

components in a graph the more the SoS is homogenous and resilient. 

 

2.2 Example of Application 

We chose to represent the studied SoS by a directed graph in order to emphasize the processes 

and data pathways within the SoS (see Figure 1). The edges represent functional dependency 

scheme which represents the overall representation of all the relevant functional dependencies [8, 

9, 10, 11]. 

 

 

Fig. 2: A directed graph representing an SoS 

 

As illustrated in Figure 3, the process of resilience assessment through the proposed approach is 

done following 4 steps: the elaboration of the graph with regards to the SoS’s structure, the 
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calculation of strongly connected components, the elaboration of the reduced graph and then 

comes the resilience assessment. 

 

 

Fig. 3: Proposed approach for resilience assessment  

 

If we return to the studied example, there are two strongly connected components with regards to 

the strong connectivity amid the graph. Given a set E and an equivalence relation R on E, an 

strongly connected components is defined as a subset F⊂E where its elements are related by R. 

The strongly connected components of x ∈E is defined by: 

 

{y∈E ∶ y R x} 

 

In this case, the strongly connected components are: 

 

�̅� = {𝐴, 𝐵, 𝐶};  �̅� = {𝐷}; �̅� = {𝐸} 

 

As a result, the graph in Figure 1 can be reduced to the graph in Figure 4. 

 

 

Fig. 4: Reduced graph of the studied system 

 

2.3 Example Continued 

Before we get to the resilience assessment, we create another graph representing a slightly 

different SoS in order to compare both of them. This will emphasize the role of the proposed 

approach. 
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Fig. 5: A directed graph representing the second SoS 

 

The difference between both graphs (and implicitly both SoS) is that in the second graph we add 

an edge creating a path from the vertex J to the vertex F, which was not in the first graph. As a 

result, there is only one strongly connected components: 

 

�̅� = {𝐴, 𝐵, 𝐶, 𝐷, 𝐸} 

 

3. Discussion 

In the first example (Figure 2), the reduced graph includes three strongly connected components 

while in the second one, the reduced graph only includes one strongly connected components. 

From process flow’s standpoint, the flow and systems within the second SoS are more 

homogeneous. 

 

We see that homogeneity is an important property for resilient systems and especially SoS, as the 

systems (represented as vertices) are less exposed to disconnection or isolation in case of a risk’s 

occurrence. 

 

4. Conclusion 

Graph theory appears as a pertinent tool for SoS modelling and assessment. Beside the resilience 

analysis and evaluation, it can also be helpful in other aspects such as: optimization, 

interoperability, structural analysis, etc. We are pursuing our work in that direction. 
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Abstract 

The proposed stereo-matching scheme relies on sufficient yet prompt content-aware analyses to 

attain the efficient suppression on over-shooting and error-burst. Thus, the shapes of semantic 

object in resulted depth maps can be well protected. Instead of the traditional raster-scanning 

order, the anchor pixels are decided based on edge and grey-level salient maps. Thus, their 

disparities are prior yielded as the search range constraints of other pixels in each horizontal line. 

The aggregated costs along horizontal searching are added with a background-stabilization 

preferred bias which is adaptively proportional to the distance of cost-compared pixel. For 

sufficiently exploring the reuse effect of inter-medium data, the proposed algorithm leads 

super-pixels to provide a dual effect on spatial smoothness enhancement in cost aggregation and 

refinement stages. And, the disparity candidates selected in costs aggregation are applied to 

proposed multi-candidate left-right check (LRC) and extended-voting refinement. The simulation 

results can demonstrate that proposed stereo-matching can attain high performance in terms of 

bad pixel rate and visualization. By content-aware adaptions proposed, the shapes of semantic 

objects can be clearer because the disparity error-burst occurring in sparse-texture regions can be 

more suppressed. Thus, the filtering operated on resultant depth maps can appear more effective 

for synthesizing the virtual views.  

 

Keywords: Adaptive support weight, disparity map, stereo matching 

 

1. Introduction 

With the growth in requirement of fast 3D reconstruction, multi-view imaging and depth 

estimations, the development of high-effective stereo matching is getting more significant, today. 

The stereo matching traditionally contains the designations of raw matching cost terms, 

aggregation and specific weights, smooth terms, and left-right check based refinement. The 

mailto:100412062@stud.sju.edu.tw
mailto:100412062@stud.sju.edu.tw
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stereo-matching strategies are cataloged into global, local and learning-based methods [1]. The 

graph-cut algorithm [2] and belief propagation (BP) [3] are typical global methods which require 

quite long running time to figure out the max-flow zone for stereo-matching. Hence, some 

acceleration methods subsequently emerged. In the work [4], the BP acceleration is based on 

coarse-to-fine structure to reduce iterations for fast BP convergence. The semi-global accounts 

for simplification of standard graph-cut by reducing search ranges [5] or graph- construction 

vertexes [6]. In the sense of globalization merit, recently, a non-local method [7] depends on 

minimum spanning tree and bilateral-filtering pixel similarity in cost aggregation can efficiently 

achieve stereo matching. The window-based such as adaptive support weight and patch [8] can 

straightforward contribute to methodological regularization and similar runtime for various 

images. In [8], the stereo-matching patch is texture-adaptive and regularly growing to local edges. 

The adaptive support weight approach was maturely achieved [9]. The plenty of relating 

investigation literatures counts on the concise mathematical principle up to now. In [10], the 

adaptive support method enriches the edges by edge-preserving guided filtering to improve the 

stereo matching accuracy for textureless regions. Our proposed method also directly and 

indirectly elevates the effect of edge in stereo matching. Recently, the deep learning neural 

network (DLN) is introduced in this field for gaining the extreme accuracy at the expense of 

time-consuming and laborious learning task [11], which can be acknowledged as a 

well-integrated stereo-matching modular. However, the investigation dedicated in refining cost 

terms, weights, and search ranges is still very valuable because the merit validation of most 

existing stereo-matching methods still be focused on the standard Middlebury benchmark [12, 

13]. Without doubt, the types of scenes in practical episodes are in effect infinite so that some 

two-view video strings photographed at intricate scenarios will lead training obstruction and 

hitting-rate degradation of stereo-matching DLN. Relatively, the cost-investigated approach can 

have the clearer opportunity to mine the clue of restraining various bad pixels (lost depths) 

according to local essential features. However, when the high speed of stereo matching is an only 

request for fast depth estimation, the adaptive support weight algorithm will be one of prior 

choices in modern real-time equipment, e.g. the autonomous car. In this study, the proposed 

method is designed for largely promoting the adaptive support weight prototype. In this 

investigation, search range adaption, visual comfort based cost-terms, and multi-point LRC 

based refinement are introduced. Instead of develop a complex LRC refinement improve [14], 

the multi-point LRC based refinement is efficiently to improve the traditional LRC refinement. 

For making stereo matching outcomes more usable, specific content-aware analyses are 

effectively introduced in three portions of proposed algorithm of which the entire processing 

flow is given in Fig. 1. Herein, the gradient information can contribute multiple merits to be a 

significant content-aware resource in the proposed method that it is employed in search range 

adaption, dominant factor computation in the aggregated cost, edge-concerned weight setting and 

low-texture superpixel re-splitting. The rest portions of paper is organized as follows, Section 2 

presents how to make content-aware adaption in Search Range. In Section 3, the content-aware 

matching costs are defined. Section 4 depicts our content-aware refinement method. Simulation 
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results and conclusions are given by Section 5 and Section 6, respectively. 

 

 

Fig. 1: Processing flow diagram of proposed stereo matching methods 

 

2. Content-Aware Adaptive Search Range 

The well constraint of search range can directly alleviate the overshoot problem, but the 

erroneous constraint causes inadequate disparities. For poising this conflict, the search range is 

herein on-line adaptive to the characteristic of every horizontal line for restricting the maximal 

available disparity. The decision of disparity search range for each horizontal line is performed 

as follows. 

 

Step 1. Extract the pixels of strongest quantized gradient magnitudes, which need to exceed an 

empirical threshold for the current scanned horizontal line.  

 

Step 2. Among those pixels, find the pixel having the maximal quantized brightness, which can 

exceed an empirical grey-level threshold. If such a pixel exists, set it as the line-anchor pixel of 

this line, and then go to the next step. Otherwise, jump to Step 4.  

 

Step 3. Perform the disparity decision of line-anchor pixel prior to other pixels in this line. Then, 

assign the disparity of line-anchor as the constraint (upper-bound) on the disparity search range 

for this line, and then go to Step 5.  

 

Step 4. Apply a local-content dependent parameter to constrain the disparity search range for this 

line.  

 

Step 5. Compute the disparities of other pixels with the given search upper-bound.  

 

In above steps, the non-uniform quantization is preferred. In Step 2, only selecting the brightest 
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pixel can banish the shadow points to act as anchor pixels. In Step 4, the upper-bound parameter 

can be a variable with respect to the ratio of the targeted line versus the whole image in terms of 

the means of gradient magnitude and grey levels. In Step 3, the first content-aware analysis is 

invoked. 

 

The information of basic geometric changes, i.e., gradient information, in the text image need to 

be sufficiently exploited. Hence, in the proposed algorithm, gradient magnitudes of all the pixels 

computed at Step 1 are saved for subsequent applications. 

 

3. Visual Comfort Based Cost-Term Design 

The proposed design of raw cost terms aims at efficiently promoting matched-disparity 

correction especially for low-texture areas. By analyzing the coefficient of background-stabilized 

preference bias, we can clarify how to plan its form to increase the stereo-matching accuracy by 

inspecting the relation between the disparity mistakes and the cost variances of searched path. 

Assume that p located at (x, y) is the center pixel of current adaptive support window in the 

left-view (reference) image, d'p  at (x-d, y) in the right-view (target) image, and R(y) is the 

search range dedicated to the pixels of line at vertical coordinate y. In this study, the matching 

cost from p to d'p is set as 

 

       dsmoothdatadstableddatadMC ppEEppEppEppE ',,',',', 21   ,                  (1) 

 

for measuring the correlation between p and d'p , where weights 1  and 2  could be adaptive 

for various image characters classified. It contains data term  ddata ppE ', , stabilization term 

 datadatable EppE ,',  and smoothness term  dsmooth ppE ', . The data term is defined by 
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In (3), pixels p and q are resident in superpixels si and sj, respectively, where the subscripts i and 

j are the indices of superpixels. Analogically, the definition of  ddR qp ','  is identical to that of 

 qpL ,  after substituting  dd qp ','  for  qp, . Within  ddata ppE ', , the proposed individual 

pixel difference between windowed regions of paired images is essential and given by 
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In (1),  dstable ppE ',  can be expressed as 

 

    dEEppE datadatadstable  ,',                                               (5) 

 

where      TEE datadata ,max  that  .  computes the standard deviation of  ddata 'p,pE  

collected over the search range of examining d’s, i.e.,  yS . The stabilization term makes far 

scenes with more depth accuracies to increase the comfort of viewing 3D videos, no matter if it 

perhaps causes more bad pixels in near-camera objects. Hence,  dstable ppE ',  is to conduct 

higher background preference in depth decision for increasing the visual stabilization in viewing 

3D videos. In (1), for ameliorating the spatial smoothness of neighboring depths,  

 dsmooth ppE ',  is designated as 

 

   vdppE sdsmooth  ',                                             (6) 
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where ( , )x y  expresses the set of disparity-available coordinates in the superpixel containing 

the pixel at (x, y), s  is the negative empirical constant, and  .  is the unit impulse function. 

Eq (6) can favor that the disparities occurring at the proximity of p are selected as the disparity 

of p by slightly dropping down the matching costs of those disparities. Through comparing the 

matching costs in (1) within an adapted search range, the initial disparity of pixel p can be 

obtained by 

 

 dMC
yd

ppEpz ',minarg)(
)(R

                                                       (8) 

 

It is worth noting that, by unifying stabilization and smoothness terms together, the disparities in 

a low-texture area can be mutually approximated and, hence, could have more visual rationalities. 

From the aspect of respectively viewing (5) and (7) in these two terms, the predictive constraints 

have been applied for suppressing visual discomfort. 

 

4. Content-Aware Refinement 

The pixels are catalogued into three classes through stereo matching using (8). For pixel p, if all 

of the other matching costs with )(pzd   are larger than  )(',5.1 pzMC ppE , p is regarded as a 

certain point no matter what value is  
)(', pzMC ppE . Otherwise, the algorithm checks if 

 
MCpzMC TppE )(',  or not. If this criterion holds, p is denoted as a moderate-confidence pixel. 

But, the other matching costs lower than   )(',5.0 pzMCE ppET   and their distances from 0'p  

need to be recorded. If above conditions cannot be satisfied, p is considered as an uncertain point 

in the use of stereo-matching. And then, the satisfying pixels on the right-view search path are 

set as the LRC candidates of pixel p. Thus, pixel p is denoted as the strong node in 

stereo-matching. Otherwise, pixel p is considered as an uncertain pixel for stereo-matching. 

Instead of developing a complex LRC refinement improve [14], the concise LRC-based 

refinement is addressed in in this study. For simplification and reduction of false positives, it is 

only performed on moderate-confidence pixels and uncertain pixels that the corresponding 

procedure is depicted as the following.  

 

Except for certain pixels in the reference image, the near-minimum matching costs of a pixel will 

be buffered if the differences between them and the minimal matching cost are below a small 

range along comparing matching costs. The corresponding disparities play the role of backup to 

replace the disparity of minimal matching cost in the reference view. When the left-right check 

(LRC) finds the mismatching pixels with difference between left and right disparity maps, the 

refinement routine will extract the corresponding pixels to check whether the left backup 

candidates of pixel can be identical to its right disparity or not. If such a candidate exists, it 
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substitutes for the initially selected disparity  

 

   )())(())(()(  as

 ),()(

LcandidateLRRLRRLL

LcandidateLL

xzxzxzxzxzxz

xzxz




                       (9) 

 

where the extracted pixel located at ( Lx , y) has a fitting backup candidate )( Lcandidate xz  in the 

reference image. Otherwise, an extended voting method is addressed to solve the disparity 

correction of remaining mismatching points. For voting extension, all of the backup candidates 

and disparity of pixels within the superpixel containing an unsolved mismatching pixel are 

assembled into the disparity-ranged histogram to extract two disparities of the highest count and 

the second highest count. If the highest count can exceed the second highest count over a 

histogram threshold, the corresponding disparity takes place of primarily selected disparity of 

this mismatching pixel. 

 

Note that such a direct voting using stable disparities of pixels in a single superpixel is enough in 

refinement without considering weights of color or spatial differences. This is because each 

superpixel is inherently a uniform-color area via SLIC segmentation [15]. The threshold can be 

set as )( iall sH  for mismatching pixel p where   s iallH  is the total count in histogram. 

Because the uncertain pixel is more possibly resident in low-texture or testureless areas than the 

moderate-confidence pixel, the lower parameter   is applied to the former relative to the latter. 

Thus, the second content-aware analysis is covered in the above processing. 

 

After performing the extended voting refinement of whole initial depth map, the medium filter 

cannot but be performed to further tune the disparity of the pixels without a prominent histogram 

peak for the voting result. Hence, of course, the medium filter also operates on the pixels having 

no any disparity candidates. Basically, big holes and error bursts in the depth map always 

significantly affect the quality of depth map in painting and subsequent virtual-view synthesis in 

3D imaging. For reducing the possibilities of large-scale bad pixel continuity, the low-texture 

areas are labeled by analyzing gradient magnitudes collected in aforementioned anchor pixel 

selection. For low-texture and textureless area, the discriminative threshold between segmented 

regions is decremented to shrunk the size of larger superpixel. Specifically, the larger superpixel 

with the lack of gradient saliency is further split into smaller superpixels by performing SLIC 

using more gradient-sensitive discriminative threshold. This is counted as the third content-aware 

analysis related the splitting of low texture areas, making the size of superpixel adaptive to the 

gradient information. 
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Fig. 2: Visualization Comparisons of four stereo-matching methods with the proposed method. 

The marked areas within yellow rectangular boxes are to identify well subjective performance 

provided by our method. 

 

Table 1: Comparisons of the proposed method with four local methods in terms of bad pixel rates 

for Cones, Teddy, Tsukuba, and Venus stereo-image pairs that “Non-occ” and “Disc” express 

non-occluded and discontinuous zones, respectively. 

 Lo [16] Kuo [17] Hsieh [18] Sun [19] Proposed 

Cones Non-occ 4.44% 3.92% 3.90% 3.31% 3.17% 

 Cones Teddy Tsukuba Venus 

Left image 

   
 

Ground Truth 

   
 

Lo’s method 

[16] 

   
 

Kuo’s method  

[17] 

   
 

Hsieh’s ethod  

[18] 

  
 

 

Sun’s method 

[19]  

    

Our method 
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All 11.0% 9.83 9.93% 9.92% 2.79% 

Disc 10.2% 10.8% 11.0% 9.13% 9.67% 

Teddy 

Non-occ 10.4% 6.89% 6.87% 8.47% 1.58% 

All 16.8% 13.5% 12.3% 14.8% 1.41% 

Disc 19.5% 19.2% 18.0% 19.4% 5.76% 

Tsukuba 

Non-occ 4.38% 4.25% 4.26% 3.72% 5.07% 

All 5.35% 5.19% 5.18% 4.57% 5.08% 

Disc 17.1% 17.2% 17.4% 10.6% 9.63% 

Venus 

Non-occ 4.15% 1.35% 1.98% 1.12% 0.35% 

All 5.09% 1.75% 2.43% 1.71% 0.34% 

Disc 10.7% 6.57% 6.45% 8.61% 4.88% 

Average 9.93% 8.37% 8.31% 7.95% 4.14% 

 

5. Simulation Results 

In our experiments, Middeburry data sets are used to train and test the structure of proposed 

algorithm and then identify its performance. In the paper, the stereo matching quality of paired 

two-view images including benchmark images 450x375 Cones, 450x375 Teddy, 384x288 

Tsukuba and 434x383 Venus are shown. Through our simulations, the gradient-based anchor 

pixels on average provide 64, 46, 29 and 21 search constraints for Cones, Teddy, Tsukuba, and 

Venus stereo image pairs, respectively. The comparisons in visualization between our method 

and other four stereo matching methods are shown in Fig 2. By observing the semantic objects, 

the proposed one can produce more accurate/complete shape and lower noises than others. In 

Table 1, the compared quantitative results can demonstrate the lower bad-pixel rate produced by 

the proposed method relative to other four local methods on average. From the tolerance point of 

viewing 3D visual distortion, the absolute difference between the decided disparity and the 

ground-truth one at the same location exceeds 1 pixel, this disparity is just labeled as a bad pixel. 

 

6. Conclusion 

In the paper, we propose a shape-preserved stereo-matching scheme which relies on 

content-aware analyses for avoiding over-shooting and error-burst for maintain the shapes of 

semantic object in depth maps. The adaptions used to constraining the searching region and the 

superpixel size in matching costs can account for suppressing the wrong depth burst in regions of 

sparse texture. All adopted content-aware analyses can inherently scatter the big burst error i.e., 

salient wrong lump, in the resultant depth map. Particularly, the proposed sufficient exploitations 

for gradient information can conduct the maintenance of semantic shape in the resultant depth 

map. The aforementioned two advantages can promote the efficacy of low-pass filtering on the 

depth map to directly rise up the primary quality of new synthesized virtual views. In short, the 

simulation results can demonstrate appreciated subjective and objective qualities in terms of 

clear object shapes and low bad pixel rates, respectively, in the depth map by the proposed stereo 
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matching method. 
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Abstract 

It’s very important to collect the real-time data of traffic intensity and vehicle classification for 

traffic management and control. The intelligent transportation system is very popular in recent 

years because it can improve the utilization of the road resource based on video surveillance 

system. In the paper, we mainly discuss vehicle classification with bounding box data which is 

known. We build our own convolutional neural network for feature extraction and use a linear 

support vector machines as a classifier. In the process, we use the spatial pyramid pooling 

method to improve the accuracy of the classification.  

 

Key words: Intelligent transportation system, Convolutional neural network, Support vector 

machines, Spatial pyramid pooling 

 

1. Introduction 

With the progress of society and the improvement of the economy, there are more and more 

vehicles on the road which cause traffic jams and cause a lot of problems to traffic management 

and control. The Intelligent Transportation System (ITS) is the solution to such problems and is 

also the future development direction of the transportation industry. It is a kind of transportation 

management system that integrates advanced information technology, data communication 

transmission technology, electronic sensing technology, control technology and computer 

technology, that is real-time, accurate, and efficient 
[1]

.  

 

Vision-based vehicle detection is a key part for ITS. Compared to traditional vehicle 

detection technology (such as magnetic induction coils, radar, ultrasound, infrared, microwave, 

audio, etc.), It has the following advantages 
[1]-[3]

: 

 The detection device does not need to destroy the road during installation.  

 The information obtained is abundant, real-time, intuitive and reliable. 

mailto:1211043982@qq.com
mailto:karungaru@is.tokushima-u.ac.jp
mailto:terada@is.tokushima-u.ac.jp
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 The detector can be easily moved. And the maintenance cost is low. 

 

In the paper, we focus on vehicle classification which can help us to estimate traffic volume 

and traffic density and then assist us in traffic management. Actually, vehicle classification is a 

branch of object detection.  

 

With the popularity of artificial intelligence, many object recognition algorithms have been 

born in these years, but they can be divided into two types in general. One is machine learning 

and the other is deep learning. The traditional machine learning mode need us to extract features 

manually and then put these features into various classifier to implement classification such as 

HOG plus SVM 
[4] 

or DPM plus SVM 
[5]

. However, the selection of features is often a factor that 

restricts the accuracy of recognition. Because in different environments, different features tend to 

achieve different performance. How to choose the most suitable features to describe the objects 

has become the biggest obstacle in front of us. Deep learning, especially the emergence of CNN, 

solves this problem because neural network automatically extracts the optimal features for us 

through learning. The presentation of the LeNet-5 
[6]

 model announced the true birth of 

convolutional neural networks and it established the basic framework of the convolutional neural 

network. In 2012, Alexnet achieved great success in ImageNet and let us see the great potential 

of it in image classification 
[7]

. After that, a series of two-stage target detection algorithms that 

joined region detection (such as RCNN 
[8]

, Fast RCNN 
[9]

, Faster RCNN 
[10]

, Mask RCNN 
[11]

) 

rise. Until now, various one-stage target detection algorithms (such as SSD 
[12]

 and YOLO series 
[13][14]

) have developed rapidly. CNN has taken full advantage of his unparalleled advantages in 

image recognition and object classification. 

 

In the system, we will build our own neural network structure and use SVM instead of full 

connected layer (FC) as classifier. In order to improve the accuracy of the classification, we will 

use the spatial pyramid pooling (SPP) method. 

 

2. Proposed methods 

In this part, we will introduce how we solve unfixed input size with SPP. Also, we will 

introduce our CNN structure and why we use SVM in correspond section. 

 

2.1 Spatial Pyramid Pooling (SPP) 

Traditional CNN needs our input data size is fixed. Although convolution operation doesn’t 

have strict requirement on input data, full connected neural network requires it because the 

number of neuron nodes is a prerequisite for building a neural network. However, in our datasets, 

different vehicles have different sizes, and resizing operation will cause distortion of the image. 

Kaiming He et al. 
[15]

 proposed spatial pyramid pooling (SPP) method which can solve the 

problem of different input sizes.     
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Fig.1. SPP structure 

 

Fig 1 is an example of a 3-level SPP layer which size is 1x1, 2x2 and 4x4. One feature map 

of arbitrary size can get 21 features after it. In general, we add the SPP layer between the last 

convolutional layer and the first fully connected layer (FC) and the size of the input to the FC is 

only related to the numbers of feature maps of the last convolutional layer. In our system, we 

adopt a 2-level SPP layer whose size is 1x1 and 2x2 because we will have less features after it, 

which will improve the speed of training and testing while the accuracy will not be low. 

  

2.2 Convolutional Neural Network (CNN) 

The CNN is inspired by the hierarchical expression structure of the human brain. So it builds 

its own framework by imitating the human brain which can extract from the original data the 

abstract expressions from shallow layers to deep layers. It takes the advantages of BP neural 

network algorithm using forward propagation to calculate output values and using back 

propagation to adjust weights and offsets. And then it adds a series of operations such as 

convolution, pooling and etc. 
[16,17]

. There are three important ideas in CNN: 1. local receptive 

fields 2. shared weights 3. pooling. And these ideas make it a deeper understanding of the picture 

and make it more suitable for dealing with image classification problems than traditional neural 

networks. That’s why I use CNN to extract features. The parameters of our CNN is shown in 

Table 1. 
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type kernel size stride activation function output

convolution 5X5x96 1 relu ?X?X96

m ax pool 3X3 2 ?X?X96

LRN

convolution 3X3x128 1 relu ?X?X128

m ax pool 3X3 2 ?X?X128

LRN

convolution 3x3x128 1 relu ?X?X128

convolution 3x3x100 1 relu ?X?X100

2-level SPP 1x1,2x2 500  
Table 1: CNN parameters 

 

As I have mentioned in SPP section, in the system, we don’t care about input size. In our 

CNN, convolution is used for extracting features and max pooling is used for reducing the 

features. We adopt relu activation function because it has low computational complexity and it 

converges faster than sigmoid and tanh. Also, we use LRN method which is proposed in Alexnet 
[7]

 to improve the generalization ability of our model.  

 

2.3 Support Vector Machine(SVM) 

SVM is a classification method based on statistical learning theory, VC dimension theory 

and structural risk minimization principle. Since it was born in the early 1990s, support vector 

machines have received a lot of attention in the field of machine learning. At present, statistical 

learning theory and SVM method have become hotspots in machine learning, and they are 

widely used in face recognition, text recognition, handwriting recognition and other fields 
[18]

. 

With the development of the times, its theory has developed sufficiently to generate a variety of 

SVMs such as fuzzy support vector machine (FSVM), granular support vector machines 

(GSVM), twin support vector machines (TWSVMs), ranking support vector machines (RSVM) 

and etc. 

 

In most cases, CNN uses FC and softmax activation function as a classifier 
[19]

. But SVM is 

a very classic and efficient classification model, and with so many years of development, its 

theory is quite mature. It has the following advantages in dealing with classification issues: 

 It can solve high dimensional problems by introducing kernel functions.  

 Compared with FC, it does not need to choose neural network structure, and can avoid 

local minimum problem. 

 There are many methods such as various regularization methods which is benefit for 

improving accuracy to try.   

 Last but not least, it can improve the generalization ability of the entire model. Tang Y 

has proved that L2-SVM is better than FC plus softmax in some classification problems 

in his paper 
[16]

.    

 

So, I choose to use SVM as classifier to fulfill our task. And the system work flow chart is 

shown in Fig 2. 



 

129 

 

Fig.2. System block diagram 

 

3. Experiment 

In the experiment, once we are given a picture, we should tell the category of the vehicle in 

the interested region. In order to prove the feasibility and superiority of our method, we will do a 

comparative experiment with Alexnet. Then we will compare the accuracy of these two methods 

and count them into the table.  

 

3.1 Experiment data 

Our datasets are based on UA-DETRAC datasets 
[20]

 which consists of 10 hours of videos 

captured with a Cannon EOS 550D camera at 24 different locations at Beijing and Tianjin in 

China. The videos are recorded at 25 frames per seconds (fps), with resolution of 960×540 pixels. 

Fig 3 shows some examples in the datasets. Green boxes are vehicles we care about and red 

boxes are areas that we are not interested in. 

 

  
Fig.3. Scenes 

 

The UA-DETRAC datasets provide us a training set containing 83,791 frames and 577,899 

annotated bounding boxes. There are 4 types of object including 5936 vehicles (i.e., "car": 5177, 

"bus": 106, "van": 610, "others": 43) in it.   

 

Because the UA-DETRAC datasets is too large for us, we sample every 10 pictures in 

training set as our datasets first. And then we allocate 80% of them as a training set and the rest 

as a testing set. After that, we save the objects and labels on the frame image based on the 

annotated bounding box data. At last, we get a training data with 49076 pictures (i.e., "car": 

41358, "bus": 2729, "van": 4686, "others": 303) and a testing data with 12053 pictures (i.e., "car": 

10148, "bus": 662, "van": 1166, "others": 77). 

 

 



 

130 

3.2 Experiment  

In this part, we did 2 experiments with Alexnet method and our method, and then we 

recorded their testing accuracy in the table. 

 

3.2.1 Experiment 1 

In experiment 1, we first connected our CNN part to FC and used softmax activation 

function to pre-train our neural layer parameters. We did 10 epochs for training and we recorded 

the testing accuracy every 2 epochs in the Table 2. The accuracy of each category is recall, and 

the last column is the whole accuracy.   

   

                  accuracy

e p o c h
c a r bus van others total

epoch2 97.16% 88.82% 61.15% 0.00% 92.60%

epoch4 98.82% 94.71% 65.01% 20.78% 94.82%

epoch6 99.35% 92.45% 62.61% 32.47% 94.99%

epoch8 98.44% 93.05% 77.96% 33.77% 95.75%

epoch10 98.37% 93.81% 76.07% 71.43% 95.79%
 

Table 2: Pre-trained CNN results 

 

After pre-trained our CNN part, we used it as an extractor and extracted the feature behind 

the SPP layer. We scaled the data and sent them to SVM to train. And we recorded 10 epochs’ 

testing accuracy in Table 3.    

   

                  accuracy

e p o c h
c a r bus van others total

epoch2 99.19% 92.45% 63.64% 14.29% 94.84%

epoch4 99.05% 94.71% 73.84% 38.96% 96.00%

epoch6 99.15% 94.71% 72.98% 41.56% 96.01%

epoch8 99.19% 93.96% 76.24% 48.05% 96.36%

epoch10 98.95% 95.02% 76.50% 62.34% 96.32%
 

Table 3: Experiment 1 results 

 

3.2.2 Experiment 2 

In order to verify the feasibility and advancement of our method, we did a comparative 

experiment with Alexnet. In this experiment, we also did 10 epochs to train the model and 

recorded the testing accuracy in Table 4.  
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                  accuracy

epoch
car bus van others total

epoch2 96.95% 86.25% 63.68% 3.90% 92.51%

epoch4 99.33% 84.74% 54.89% 28.57% 93.77%

epoch6 99.00% 85.65% 65.27% 50.65% 94.69%

epoch8 98.71% 65.41% 69.38% 42.86% 93.68%

epoch10 98.17% 91.24% 68.44% 49.35% 94.59%
 

Table 4: Experiment 2 results 

 

3.2.3 Analysis 

Comparing the accuracy of each column in Table 2 and Table 4, we can see that the accuracy 

of every category is highly improved except the accuracy of car which is slightly increased. We 

can find that our CNN part is much better than Alexnet and it proves adding SPP method can 

improve the performance of network. Comparing Table 2 and Table 3, even though others’ 

accuracy is decreased, actually there are only 7 more pictures predicted incorrectly. The accuracy 

of the rest categories has improved and the increased numbers are much more than 7. We can 

conclude that SVM can improve the accuracy to some extent and it’s mainly because that there 

are a lot of methods you can try in SVM such as regularization and normalization, which can 

fine-tune the accuracy.   

 

4. Conclusion 

In the paper, we have completed datasets production, pre-training the neural layer 

parameters and 2 experiments with Alexnet and with our method. Comparing the experiment 

data of the two experiments, we find that the accuracy of our method is much higher. So we 

conclude that our method is very useful in vehicle classification.  

 

However, because of data imbalance, the accuracy of van and others isn’t good enough. So, 

our next step is to solve this problem by oversampling and undersampling the datasets. Also, in 

the current stage, we just research object classification. In the future, we can add various region 

detection methods to make it better and more practical.      
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1. Background 

In the rapid growth of Internet of Things (IoT), the number of machine-to-machine (M2M) user 

equipment (UE) is much more than that of human-to-human (H2H) UEs. Due to the insufficient 

uplink resources, the massive M2M communications may cause a severe congestion. 

Additionally, the congestion will affect H2H communications negatively. To address the issue, 

Third Generation Partnership Project (3GPP) proposed an Access Class Barring (ACB) scheme 

to control the number of M2M UEs performing random access (RA) procedure. In ACB scheme, 

a barring factor is periodically broadcasted by an Evolved Node B (eNB) within a period of 

system information block 2 (SIB2). Due to the changeable traffic load, how to set up the proper 

barring factor dynamically is an important issue. Recently, many studies have proposed to 

dynamically adjust the barring factor. The dynamic ACB scheme uses an estimator to estimate 

the number of retransmissions for adjusting the barring factor, and their results showed that the 

access success rate was improved. In addition, the reinforcement learning (RL)-based ACB 

scheme also can achieve higher access success rate. However, those approaches may result in 

longer access delay because they do not estimate the upcoming traffic load so that the adjusted 

barring factor may not fit the real situation. In this study, we proposed an ACB scheme for 

massive M2M communications in LTE-A networks by using a long short term memory (LSTM) 

network. By using LSTM, the proposed method can forecast the number of preamble 

transmissions according to the current traffic status so that the adjusted barring factor can fit the 

upcoming traffic load. 

 

2. Method 

The proposed approach aims to detect the number of preamble transmissions and forecast the 

upcoming number of preamble transmissions by using LSTM. Based on previous information, 

LSTM performs well in time series problems. It is trained beforehand so that the weights can be 

adjusted to proper values. To forecast the number of preamble transmissions, LSTM has to get 



 

134 

the current traffic status. Since the real number of preamble transmissions is unknown, we 

estimate the number of preamble transmissions according to the number of used preambles every 

random access opportunities (RAO). The estimated value is inputted into the LSTM cell, and the 

cell forwards its memory and predicted value to the next cell so that some previous information 

can be passed on. The cell gets the memory and predicted value provided by the previous cell to 

predict the number of preamble transmissions. Noted that 16 RAOs are included in a SIB2 

period, 16 preamble transmissions need to be predicted by using LSTM. Because the generated 

barring factor is used for 16 RAOs in the next period, we compute an average traffic load, which 

is the average value of 16 predicted preamble transmissions. The traffic load should keep below 

the capacity indicator of RA so that the collision would be prevented. In this study, the capacity 

indicator of RA denotes the number of preamble transmissions that reaches the maximum 

number of UEs completing RA. The maximum number of UEs completing RA is related to the 

number of uplink grants. If the average traffic load is greater than the capacity indicator of RA, 

some of M2M UEs should be barred. Otherwise, the barring factor is set up maximum to allow 

all the M2M UEs performing RA. 

 

3. Simulation Results 

To verify the applicability, we simulated an experimental environment by using Java. The 

massive M2M UEs and a few H2H UEs distributed within the signal coverage of an eNB is 

considered. The M2M UEs transmitting preambles follows the Beta distribution and the H2H 

UEs periodically access the network. We compared the proposed approach with the dynamic 

ACB scheme using an estimator and the RL-based ACB scheme in terms of access success rate, 

average number of access attempts, and average access delay. The simulation results showed that 

the access success rates of M2M and H2H UEs are above 99%; the average access attempts of 

M2M and H2H UEs are 2.53 and 1.78, respectively; the average access delay of M2M and H2H 

UEs are 2.26 seconds and 39.6 milliseconds, respectively. As compared to the dynamic ACB 

scheme using an estimator, the average access delay of M2M UEs is slightly more, and the 

performance of H2H UEs is better. The simulation results also revealed that the average access 

delay of M2M UEs decreases by 4.74 seconds, and the other performance indicators are similar 

as compared to the RL-based ACB scheme. 

 

Keywords: massive machine-to-machine communications, Access Class Barring, LTE-A 
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Abstract 

Usually, the haze-removal methods of the conventional approaches are designed to adjust the 

contrast and saturation to enhance the quality of the reconstructed image. The removal of haze in 

such a way can seriously shift the luminance away from its ideal value. For haze removal, there 

is a tradeoff between luminance and contrast. We solved this problem by transferring it to a 

luminance reconstruction scheme, in which an energy term is used to achieve a favorable 

tradeoff between luminance and contrast. The reconstructed image of the proposed method on 

statistical analysis of haze-free images, thereby achieving contrast values superior to those 

obtained using other approaches for a specified brightness level. To estimate the atmospheric 

light using the color constancy method was also developed. This module was shown to 
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outperform existing methods, particularly when noise is taken into account. The proposed 

framework runs so quickly and it requires only 0.55 seconds to process a 1-megapixel image. 

Experimental results show that the proposed haze-removal framework really conforms to our 

theory of contrast. 

 

Keywords: Image Restoration, Image Enhancement, Contrast Enhancement, Saturation 

Enhancement, Luminance Enhancement, Haze Removal, De-haze, Dark Channel Prior, Bilateral 

Filter, Wavelet Transform. 
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1. Introduction 

he purpose of haze-removal is to obtain clean, haze-free images with both enhanced saturation 

and contrast. Haze is caused by microscopic aerosols in the air. It is hard to identify it by 

Cameras and the human eye but they can affect radiance in other ways, such as Rayleigh 

scattering, Mie scattering, and the Tyndall effect Researchers observed that these effects obey 

Koschmieder’s Law.The strength of these effects on the atmospheric light is exponentially 

related to the depth of the observed scene. Through observation, it provides a novel opportunity 

to formulate estimations of atmospheric light. In the blending atmospheric model proposed could 

accurately describe situations involving single scattering atmospheric lighting. Using this model, 

a color image of size 3*N pixels would derive 4*N+3 unknown variables, the equation set would 

then be underdetermined. Further assumptions related to scattering are necessary to formulate an 

accurate prediction. In,Schechner et al. sought to eliminate atmospheric effects by using a 

polarizer to identify the location with the highest polarization. In, Kopf et al. paired a known 

Georeferenced Digital Terrain to an input photograph to obtain the direct depth information. In, 

Gibson et al. proposed a model for the removal of haze from video clips, wherein some unknown 

variables can be deleted using a clip containing time series data. 

 

On the contrary, single image de-hazing methods was focusing more on image enhancement than 

a restoration. Most of them are based on augmenting the attenuated signal with a priori 

knowledge related to dynamic saturation, range, or contrast. Using this observation that 

atmospheric light reduces contrast,in Tan et al. sought to restore images by maximizing in-patch 

contrast defined as the sum of the gradient. In, Tarel et al. used the minimal response of color 

channels to the local contrast energy term. 

 

In, He et al. reported that any correlation between the attenuation of a local patch and dark 

T 
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objects is limited by the priori knowledge of local characteristics. It then changes the problem to 

one of rebuilding the entire transmission map based on a limited number of reliable pixel values. 

In fact, the form of blending atmospheric model is similar to alpha blending, the Dark Channel 

Prior (DCP) was then implemented with the Matting Laplacian Matrix (MLM) to refine the 

preliminary Darkest Channel formed using a sliding minima filter. In, they provided the first 

algorithm to deal with image matting. MLM refines the initially incomplete map as a soft 

constraint in accordance with the gradient distribution of the input image. Gibson et al. made a 

simple and clear explanation. They described the dichromatic properties of the atmospheric 

model presented in based on the Lowner-John ellipsoid and Principle Component Analysis. In 

their experiments, they restored a cluster of pixels from a particular object in the RGB space, 

thereby demonstrating that the prior knowledge proposed in was reasonable.  

 

In, Fattal proposed a model describing the albedo using a shading function where the 

transmission and surface shading are mutually exclusive in the surface of the same object. Then, 

the albedo in a smooth local patch would be coplanar with regard to the observed scene and the 

atmospheric light. This model was solid; i.e., a fair interpretation of the relation of all factors 

associated with the atmospheric effects within a single assumption. This assumption is then 

referred to as the color line (CL). The CL method is used to formulate an atmospheric light and 

transmission map using cross validation, in which many patches indicative of the same 

atmospheric light would be an indication that the estimation is true. In Fattal recently proposed a 

method to refine a preliminary transmission map by Gaussian Markov Random Field (GMRF). 

GMRF contains a Gaussian term to smooth out the details at fine scales in order to make ensure 

that the transmission edge response is similar to that of the input image at the coarse scales. In, 

Sulami et al. adopted the same approach in proposing Automatic Atmospheric Light Recovery 

(ATM) to quantify the abundance of patches indicative of the same atmospheric light. 

 

Recently, a lot of machine learning techniques are employed to build the transmission map from 

hazy images. In, Zhu et al. proposed a framework using the color attenuated prior (CAP). The 

proposed method is using a simple observation that the difference between saturation and 

luminance in a haze-free image is usually close to zero. The depth of a scene is assumed to be a 

linear combination of luminance and saturation, and a machine learning phase is introduced to 

ensure that the optimal coefficients can be gotten using gradient descent. Unlike the 

aforementioned methods, this priori knowledge is global, thereby eliminating the necessity of 

refining the preliminary estimation. However, they stated that the achromatic point may be a 

blind spot since achromatic objects always show maximal difference, which means that 

measurements of these objects may be erroneous. The author suggested introducing the Guided 

Image Filter (GIF) to overcome this situation. The hyper-heuristic frameworks to obtain prior 

knowledge were used by some researchers. In, Cai et al. discovered that some trained receptive 

fields could produce results similar to those obtained using heuristic priors, such as dark channel 

prior. It means that deep convolution neural networks could be used to construct the prior 
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knowledge. Ren et al. formulated training sets based on the NYU depth dataset to improve the 

accuracy of simulations dealing with haze formation. Their experimens demonstrated a 

multi-scale convolution neural network (MSCNN) which can learn the local knowledge. Li et al. 

re-formulated an end-to-end framework (AOD) to avoid the need to estimate transmission and 

atmospheric light separately. The flexibility of their framework was greatly expanded when 

working with networks designed for high-level tasks, including de-noising or recognition. 

 

2. Related Work 

The conventional framework used to estimate a transmission map involves two steps: The first 

step involves finding specific information based on heuristics. According to our experiments 

(Section V), priors that take into account local properties outperform those using global 

properties, particularly when it comes to contrast . Unfortunately, the use of local properties 

means that there are not enough pixels meeting the prior knowledge to formulate a complete 

transmission map. The second step involves refining the incomplete transmission map. 

Fortunately, a transmission map can be used to describe the depth of objects in an image. The 

conventional approach is based on the assumption that variance in the depth of an image is close 

to that of the edges. Thus, a transmission map can be formulated from edges in the input image. 

Taking MLM as an example, the transmission map could be viewed as a linear combination of 

input images, thereby ensuring that the transmission map has edges only in cases where the 

image has edges. MLM searches for a function 𝜂(. ) capable of satisfying the following: 

 

  𝜂(𝑡∗) ≈  𝑡∗ , 𝜂(𝑡∗) ≈ ∑ 𝑎 𝐼𝑖 + 𝑏

𝑖∈𝛺

  (1) 

 

where 𝑡∗ is the preliminary estimated transmission based on prior knowledge, 𝑎 and 𝑏 are the 

coefficients of the linear combination from input image 𝐼, and 𝛺 is a given region. It was 

observed that this step is usually a computational bottleneck. For the purpose of clarity, we first 

examined the function 𝜂(. ) as proposed in previous studies. 

 

2.1 Joint Edge-Preserving Algorithms 

Joint edge-preserving algorithms meet the requirements of this function. Unlike MLM (which 

seeks global optimization), using the GIF method to obtain a local optima greatly reduces 

computational complexity without sacrificing restoration quality. The Weighted Guided Image 

Filter (WGIF) employs weights based on in-patch variance to relax the smoothness term around 

the edges. Li et al. suggested that WGIF is better able to preserve edges when used to rebuild a 

sharpened transmission map. GMRF is similar to MLM in assuming that the gradient of scene 

depth should be similar to that of the input image. However, GMRF smoothes edges at fine 

scales, due to the fact that this type of edge is more likely to represent texture within a given 

object. Accordingly, the energy term of GMRF is similar to Eq. (1) except that a smooth term is 

added so the edge structure remains similar to those of the input image at coarse scales. 
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We also surveyed a number of widely used spatial filters. Bilateral filters are high-dimension 

Gaussian filters (HDGFs) applied in various feature spaces. Jongmin et al. tested several spatial 

filters, including high-dimension Gaussian kernel filters such as the Trilateral Filter (TF) as well 

as a down-sampled version. They reported that the feature grid composed of different spaces is 

able to bear considerable down-sampling with a negligible loss of quality. The Fast Joint 

Bilateral Filter (FJBF) employed a separation framework and down-sampling to approximate the 

filtered image. The same approach was applied to the Joint-Bilateral Filter (JBF) in a number of 

studies. According to, the Edge-Avoiding Wavelet (EAW) can be applied to similar joint 

frameworks to rebuild a complete transmission map. This method uses the edge-stopping 

function proposed by Lischinski et al. in conjunction with an edge de-correlation model to ensure 

that the residual remains independent from the previous sampling scale. The performance in 

texture attenuation is rapid and highly effective, with a high degree of sensitivity in 

edge-preservation. In most cases, this method achieves estimation of reasonable quality, 

particularly with regard to similarity around edges. Unfortunately, according to, this method is 

somewhat limited in terms of applicability.  

 

 

Fig. 1. The flowchart of the proposed method. 

 

3. Motivation and Contribution 

We tested several algorithms with functions similar to 𝜂(. ) and discovered that this process is 

crucial to the quality of the restored images. Accordingly, we identified three primary defects in 

state-of-art methods: First, the constraint in Eq. (1) makes it impossible to determine how 

transmission affects contrast. For example, transmission should be smooth with respect to depth 

ambiguity was mentioned in; however, this issue was not discussed in any detail. Surprisingly, 

we found that the conventional energy term actually causes the attenuation of contrast. Second, 

conventional methods are unable to achieve a favorable tradeoff between luminance and contrast; 

i.e., any improvement in quality following the removal of haze tends to shift the luminance away 

from the ideal level. Over-saturation is a common problem undermining the natural appearance 

of images. Unfortunately, most existing haze-removal schemes tend to augment saturation as a 

direct consequence of boosting contrast. Thus, any attempt to reduce the effects of saturation 

augmentation work counter to attempts to boost contrast. Third, the performance of existing 
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algorithms is usually limited due variations in haze conditions (dense or light). Furthermore, the 

fact that haze-removal algorithms are used for various purposes means that reconstruction 

accuracy and the contrast performance are worthy of consideration.  Most joint edge-preserving 

algorithms impose an execution bottleneck. We found that in state-of-art frameworks, over 70% 

of execution time is spent on edge-preserving interpolation. This can be attributed to the fact that 

conventional frameworks lack an explicit energy term associated with contrast as well as 

saturation in order to achieve a favorable tradeoff between luminance and contrast while 

ensuring a short execution time.  

 

The method proposed in this paper includes three modules dealing with transmission, luminance, 

and atmospheric light estimation. The transmission module includes a generic energy term 

associated with contrast as well as saturation. We devised a configurable parameter, which 

decouples color from luminance in the reconstruction of contrast and saturation. The proposed 

parameter helps to preserve the natural appearance of images by minimizing the loss of 

luminance contrast. Our innovation simplifies haze-removal to a problem of luminance 

reconstruction, wherein the energy term is adjusted to achieve a favorable tradeoff between 

luminance and contrast. The proposed luminance module selects the parameters used in the 

reconstruction of luminance based on biological and psychometric statistics. We also proposed a 

module to improve the accuracy of atmospheric light estimation. A flowchart of the proposed 

scheme is presented in Fig. 1. To the best of our knowledge, no previous research in this field 

has specifically investigated the enhancement of contrast. Thus, we sought to demonstrate how a 

transmission map affects contrast and why conventional methods are ineffective in contrast 

enhancement. Experiments in Section V.B prove that our energy term makes it possible to 

achieve a more favorable tradeoff between luminance and contrast. The efficacy of adjusting 

saturation contrast is demonstrated in Section V.A. Experiments results demonstrate that 

decoupling color from luminance using the proposed parameter can help to reduce the loss of 

contrast loss in luminance reconstruction. This gives us a generic enhancement method 

applicable to all images, regardless of whether they are hazy, the effectiveness of which is 

demonstrated in Section V.E. We also developed an atmospheric light module to estimate the 

hue of the atmosphere using the color constancy method. In experiments, the proposed scheme 

outperformed state-of-art methods with respect to reconstruction accuracy and contrast 

preservation, as shown in Table IV.  

 

4. The Proposed Method 

Before introducing the proposed method, it is necessary to illustrate the roles of color and 

contrast in a haze-removal framework. 

 

4.1 Color in Haze-Removal Framework 

The atmospheric model is described as the scene radiance term and the attenuation term, as 

follows: 



 

141 

 

 I(x) = J(x)𝑡(𝑥) + 𝐴(1 − 𝑡(𝑥)). (2) 

 

At position x, 𝐼(𝑥) is the observed scene or the input image, 𝐽(𝑥) is the radiance of the actual 

scene, A is the global atmospheric light, and 𝑡(𝑥) is the transmission map. Atmospheric light 

in this model is assumed to be single-scattered and homogenous. The latter part of Eq. (2) is 

usually called the attenuation term. As mentioned previously, the equation is indeterminate, and 

the solution relies on prior knowledge. The DCP method relates the transmission map to the 

darkest channels. A preliminary estimate of transmission 𝑡∗  obtained from a preliminary 

estimation of Dark Channel 𝐷𝑐
∗ is written as follows: 

 

 
𝐷𝑐

∗(𝑥) = 𝑚𝑖𝑛𝛺𝑚𝑖𝑛𝑐  
𝐼(𝑥)

𝐴(𝑥)
. 

(3) 

 

The preliminary estimate of transmission could be obtained as  

 

 𝑡∗(𝑥) = 1 − 𝐷𝑐
∗(𝑥) (4) 

 

where 𝛺 indicates a region within a window and 𝑐 refers to the color channels in the RGB 

color space. According to the definition of the HSV color system, saturation 𝑠 in the RGB space 

is defined as follows: 

 

 
𝑠(𝑥) =

𝑚𝑎𝑥𝑐𝐼(𝑥)−𝑚𝑖𝑛𝑐𝐼(𝑥)

𝑚𝑎𝑥𝑐𝐼(𝑥)
. 

(5) 

 

The DCP method performs saturation maximization. If the assumption of zero minima response 

to J(x) is met, then saturation will always be 1, i.e., full saturation of all darkest points within 

region Ω. However, HALO effects appear due to divergence between ground truth edges and 

those in the transmission map. Function η(. ) is generally used to refine edges by ensuring that 

the refined transmission map has a gradient similar to that of the input image, thereby preventing 

artifacts. Augmenting the saturation of a single pixel is based on a comparison with the darkest 

point near that pixel in order to ensure sufficient saturation in the restored image. In this manner, 

function η(. ) actually rationalizes the extent of saturation augmentation in accordance with 

edge distributions (which are highly correlated to depth) in order to prevent fully saturated 

results. The first term in Eq. (1) interprets saturation augmentation, and the last term should be 

correlated with a rational distribution of saturation. However, this interpretation does not indicate 

the relationship between the transmission map and contrast enhancement performance. In the 

following, we demonstrate that this actually works against contrast enhancement. 

 

4.2 Contrast in Haze-Removal Framework 
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Following simple derivation, Eq. (2) can be rewritten as follows: 

 

 
1 − 𝐽(x) =

1 − 𝐼(𝑥)

𝑡(𝑥)
 

(6) 

 

where the hat symbol indicates that a variable has been divided by global atmospheric light. If 

we define contrast as the gradient of the image, then optimization would simply involve finding 

the differential. Unfortunately, the resulting differential equation is untenable. Thus, we adopted 

a simpler strategy. We consider the gradient with respect to Eq. (6) in the logarithm domain, as 

follows: 

 

 
∇ log (1 − 𝐽(x)) = ∇ log (1 − 𝐼(𝑥)) − ∇ log 𝑡(𝑥)  . 

(7) 

 

This derivation holds because it is divided by atmospheric light, which is usually the brightest 

area. Thus, that 𝐼(𝑥) will be less than 1 and after the log operator it remains a real number. 

However, due to the variability of most scenes, it is preferable to find a more general expression. 

Substituting t(x) with Eq. (4), the estimation of contrast at each point is proportional to the 

difference between the regularized input and the Dark Channel in the log domain, as follows: 

 

 ∇ log  𝐽(x) ∝ ∇ log  𝐼(𝑥) − ∇ log 𝐷𝑐(𝑥)  . (8) 

 

Let us recall the conventional assumption made to the transmission map in Eq. (1). According to 

the result derived using the DCP assumption in Eq.(4), if we substitute the Dark Channel into the 

transmission and replace the latter part in Eq.(1) with an estimation of the Dark Channel using 

constants a′and b′, then the general quadratic energy term of Eq. (1) can be written as follows: 

 

 𝐸 = (𝐷𝑐 − 𝐷𝑐
∗)2 + (𝐷𝑐 − ∑ 𝑎′ 𝐼 + 𝑏′

𝛺 )2.  (9) 

 

The latter part in Eq. (9) attempts to form an approximate Dark Channel from the input image. 

The fact that global atmospheric light is a positive constant and 𝐷𝑐
∗ is the minimal response of 

all color channels of 𝐼 ensures that the intensity of 𝐷𝑐
∗ and 𝐼 both increase with an increase in 

atmospheric effects. Thus, the variance of 𝐷𝑐 should follow the variance of the preliminary 

Dark channel 𝐷𝑐
∗, input image 𝐼, and the intensity of attenuation in areas where variances are 

affected directly by the attenuation term. This phenomenon tends to be more pronounced when 

attenuation is severe, such that: 

 

 𝛻𝐼(𝑥)  ∝  𝛻𝐷𝑐 (𝑥). (10) 

 

This is a clear contradiction of Eq. (8). Thus, although the first term in Eq. (9) ensures the 
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augmentation of saturation, there can be no improvement in the contrast of the restored image 

until Eq. (8) has been satisfied. The evidence can be seen in our experiment in Fig. 2(d). 

 

In summarizing the above derivation, we find that the ideal energy term should conform to the 

following: 

 

 arg 𝑚𝑎𝑥
𝐷𝑐

 𝛿(𝐷𝑐 − 𝐷𝑐
∗)2 + (∇ log 𝐷𝑐 − ∇ log 𝐼)2  (11) 

 

 

where 𝛿(. ) is an ideal monotonically decreasing function, which ensures that it has a maximum 

response of zero. This energy term is composed of the saturation term (the first part) and the 

contrast term (the last part). Conventional methods consider only the saturation term. For 

example, a comparison of the saturation term in Eq. (8) with the energy terms in MLM, GMRF, 

GIF, and WGIF as well as (which uses a bilateral filter), reveals that the principles are similar, 

but the transmission map is rebuilt using different methods. The difference between these 

methods and the proposed method is that we take variance in the gradient space into account in 

the augmentation of contrast. Our interpretation of contrast in haze-removal framework indicates 

that the Dark Channel should maximize the changes to the input image gradient in order to 

magnify the diversity of detail, or minimize the difference to the initially estimate Dark Channel 

𝐷𝑐
∗ as much as possible to enhance the saturation of the scene radiance. Furthermore, the 

contrast term can be focused on various properties. For example, replacing 𝐼 with a value in the 

HSV space makes it a contrast enhancement term with respect to luminance. The concern in 

haze-removal is rational saturation; therefore, we replace 𝐼 with the Dark Channel which is 

strongly associated with saturation. Note that the increase of the saturation contrast refines image 

naturalness. Images processed using conventional methods often appear unnatural. In Eq. (6), 

transmission in a specific position is a constant; therefore, we apply the maximum operator on 

both sides. Through simple derivation, we obtain the following result: 

 

 
𝑡(𝑥) =

1 − 𝑚𝑎𝑥𝑐 𝐼(𝑥)

1 − 𝑚𝑎𝑥𝑐 𝐽(𝑥)
 

 

(12) 

 

If we define the “shadow” layer 𝑆 as the measure antagonistic to luminance with respect to 

HSV color space, we conclude that the following: 

 

  𝑆𝐽(𝑥) = 𝑆𝐼(𝑥) 𝑡(𝑥)⁄  (13) 

 

The conventional energy term constructs transmission based on edge similarity, as in Eq. (10), 

thereby ensuring that none of the pixels in Eq. (7) benefits from contrary gradient. Thus, the 

reciprocal of transmission can be construed as the contrast gain, such that the highest contrast 

appears under conditions of lowest transmission. This means that in conventional frameworks, 
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contrast boost cannot be separated from saturation augmentation; i.e., they reach the maxima 

when the output is full-saturated. For this reason, any attempt to relax saturation augmentation in 

order to produce a more natural image will definitely result in a loss of contrast. The proposed 

energy term overcomes this dilemma by providing the dark channel with a contrary structure to 

an input. 

 

    

(a) (b) (c) (d) 

Fig. 2. Results obtained using the proposed method using Fast Joint Bilateral Filter (FJBF). The 

spatial distribution of the refined dark channel resulted in an envelope-like curve. The dynamic 

range along the red line in (a) is shown in (d). This indicates that the proposed method 

outperforms the DCP method with regard to saturation as well as contrast. The blue arrows 

indicate where the reliable pixels fall within the saturation index, and the red circles indicate the 

local minima that belong to the contrast index. (b) and (c) respectively present the restored image 

and its transmission map. 

 

4.3 Maximizing the Energy Term 

Once the transform 𝛿 has been determined, the energy term is given a close-form solution in the 

Fourier domain using Parseval's theorem and the law of convolution. However, experiments 

revealed that this method poses problems with regard to edge alignment and dealing with 

HALOs around strong edges. We discovered that similar problems have been addressed in 

previous research, such as, wherein the authors attempted to preserve edges at the coarse scale 

during smoothing. Researchers also suggested a sparse term for use as a constraint on edges. 

Unfortunately, execution is time-consuming. 

 

Fortunately, the contrast term in Eq. (11) can be obtained using a technique derived from tone 

mapping and the synthesis of high-dynamic range images. The objective in these methods is the 

synthesis of a contrast image comprising features with different exposure levels at different 

scales. Fine-scale features are the higher frequency component of an image, which means that 

when the features are extracted, the gradient can be enhanced through the selective compilation 

of these features. A reversal of this technique gives us the contrast term in Eq. (11). A 

transmission map with a gradient contrary to the input image could also be formulated to 

augment the gradient of the restored image. This could never be achieved using conventional 
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methods. 

 

This inspired the notion of a rapid means by which to maximize energy. The essence of the DCP 

method is that the darkest point within a given region should have the highest saturation. 

Furthermore, the gradient is naturally correlated to scene depth; therefore, saturation in the other 

areas should be relaxed in accordance with the gradient of the input image. Thus, pixels 

presenting the least response should give guidance to the augmentation of saturation, and the 

other pixels that are weakly associated with saturation could follow other rules. This observation 

inspires a novel strategy to maximize the energy term in Eq. (11). It shows that the darker point 

should follow the saturation term, and the other areas could follow the contrast term. Introducing 

an appropriate low-pass filter and taking the result as a threshold enables the classification of 

pixels in the input image as 𝐼𝑆 and 𝐼𝐶: 

 

 
𝐼𝑚 ⊃ {  𝐼𝑆 | 𝐼𝑆 ≈ 𝑚𝑖𝑛𝛺𝑚𝑖𝑛𝑐  

𝐼(𝑥)

𝐴(𝑥)
 , 𝐼𝑐  } 

(14) 

 

where 𝐼𝑚 indicates the minimal response among the color channels with respect to every pixel. 

Saturation index 𝐼𝑆 is associated with the saturation term, whereas contrast index 𝐼𝐶 is used to 

maximize contrast. Note that the high frequency component extracted using a filter could be used 

to attenuate the gradient in order to maximize the contrast term. In this study, we used a 

recession dark channel (RDC) with window size of 1, which is the minimal response of all 

channels discarding the minima operator with respect to locality: 

 

 
𝐼𝑚(𝑥) = 𝑚𝑖𝑛𝑐  

𝐼(𝑥)

𝐴(𝑥)
. 

(15) 

 

Intuitively, this approach should reduce the execution time. Although the minimal operator could 

be accelerated using dynamic programming, as in, this would still take time. The preservation of 

local properties is also important. Even though a larger window is favorable to contrast (due to 

the inclusion of more spatial information), the details of the resulting map would still be missing. 

After testing, we determined that EAW may be the current optimal approach to the 

implementation of filtering because it is designed to discriminate edges at a coarser scale. This is 

beneficial to feature extraction and thus to the accurate attenuation of edges at finer scales.  

 

4.4 Transmission Module 

To ensure the coherence and readability of the manuscript, we continue to introduce the 

estimation of a transmission map begins with Eq. (15). For convenience, we denote 𝐼𝑚 in the 

logarithm domain as follows:  

 

 𝐿𝑚 = log  𝐼𝑚  (16) 
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to be disposed using EAW. The attenuation coefficient is set to 0.9 (within the suggested range) 

and the other parameters suggested by the author are retained. The smoothing step is meant to 

differentiate among categories according to Eq. (14), and extract textural patterns to enable the 

attenuation of edges at a fine scale. The smooth layer obtained using EAW is denoted as follows: 

 

 𝐿𝐸𝐴𝑊 = 𝛹( 𝐿𝑚  ) (17) 

 

where 𝛹(. ) refers to the EAW transform. Thus, we obtain texture layer 𝐿𝑡
∗  as follows: 

 

 𝐿𝑡
∗ = 𝐿𝑚 − 𝐿𝐸𝐴𝑊. (18) 

 

According to the derivation in Eq. (14), pixels in RDC could be classified into two categories 

correlated to spatial distribution. Each category can be simply defined as follows: 

 

  
𝐿𝑚(𝑥) ∈  {

 𝐼𝑠  ∶   𝐿𝑡
∗(𝑥)  ≤  0 

 𝐼𝑐  ∶   𝐿𝑡
∗(𝑥)  >  0 

. 
 (19) 

 

We then pre-compute a saturation compensation term. As pointed out in, the difference between 

saturation and value channel (both defined by the HSV color system) is highly correlated with 

the intensity of the attenuation term in the atmospheric model defined in Eq. (2). Thus, the 

compensation adopted in this study is based on this observation, as follows: 

 

 𝜌(𝑥) = 𝛩( 𝑣(𝑥) − 𝑠(𝑥),  𝑎𝑠,  𝑏𝑠 ). (20) 

 

The application of this compensation ensures that when atmospheric effects are intense, it is the 

contrast term that is satisfied, rather than the saturation term. Our primary consideration is 

preservation of the nature of the restored image, based on empirical experience obtained through 

the observation of natural scenes, i.e., preventing instances of over-saturation. Nonetheless, this 

property could be modified according to the requirements or desire of the user. We use the 

sigmoid function 𝛩(. ) to refine the response as follows: 

 

 
𝛩( 𝑥, 𝑎, 𝑏 ) =

1

1+𝑒−𝑎(𝑥−𝑏). 
(21) 

 

The sigmoid function has been used to activate coefficients in neural networks. It augments the 

slight distinction near its inflection point to favor the discrimination of a weak serial signal. In 

Eq. (21), 𝑎 is a scale parameter, and 𝑏 is an offset that shifts the curve so at point 𝑥 is equal 

to 𝑏 and has a fixed response equal to 0.5. We use the same function to regularize 𝐿𝑡
∗  , such 

that regularized texture layer 𝐿𝑡 is derived as follows: 
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 𝐿𝑡(𝑥) = 𝛩( 𝐿𝑡
∗(𝑥),  𝑎𝑡,  𝑏𝑡 ). (22) 

 

We then implement attenuation to pixels belonging to the contrast index 𝐼𝑐 in 𝐿𝑚 in order to 

obtain 𝐿𝑑𝑐
∗  , which is actually the preliminary Dark Channel in the logarithm domain: 

 

 𝐿𝑑𝑐
∗ (𝑥) = 𝐿𝑚(𝑥) − 𝛼 ∗ 𝜌(𝑥) 𝐿𝑡(𝑥)   ∀ 𝑥 ∈ 𝐼𝑐 (23) 

 

where 𝛼 is an attenuation parameter used to provide flexibility in adjusting specific properties 

of the restored image. In the next chapter, we show that this is highly correlated to contrast. We 

set 𝑎𝑠 as 1 and 𝑏𝑠 as the maxima of the saturation channel minus the value channel, and 

𝑎𝑡=50, 𝑏𝑡=0. These settings are based on empirical test. We then transform 𝐿𝑑𝑐
∗  back to the 

RGB color space: 

 

 𝐷𝑐
∗ = exp ( 𝐿𝑑𝑐

∗  ). (24) 

 

The layer in Eq. (24) is manipulated according to the essence of the proposed energy term. 

Nonetheless, it is not possible to apply this to the process of restoration without producing 

artifacts, thereby necessitating a smoothing step. For this, we recommend using FJBF. The 

importance of this step can be seen in the experiment results in Fig. 4. This step prevents the 

augmentation of slight artifacts around edges. The process of JBF at point 𝑥 can be written as 

follows: 

 

𝐷𝑐 =
1

𝜔𝑥
∑ 𝘎𝜎𝑠

‖𝑥 − 𝑦‖ 𝐺𝜎𝑟
‖𝐼𝑚(𝑥) − 𝐼𝑚(𝑦)‖ 𝐷𝑐

∗(𝑦)

𝑦∈𝛺

 
(25) 

 

where 𝐺𝜎 refers to a Gaussian kernel with standard deviation 𝜎, (𝜎𝑠, 𝜎𝑟) respectively indicate 

the standard deviations of spatial and response spaces, y indicates the coordinates of patch 𝛺 

associated with center 𝑥, and 𝜔𝑥 is the weight. This is a spatial Gaussian kernel applied to 

image 𝐼 weighted by another Gaussian kernel based on the distribution with respect to the 

response space of a joint image 𝐼𝑚. Thus, the smoothing provided by JBF is limited to pixels 

where the values in the response space of 𝐼𝑚 are close to each other. Recall that in Eq. (14), 

smoothing is actually limited to within a category as long as the classification method provides 

sufficient discriminative capacity. Thus, there are two important factors determining the success 

of JBF. First, the processed  𝐷𝑐
∗ contains pixels from category 𝐼𝑐  and these pixels should 

possess gradient features that are completely the opposite of those of the input image. After 

smoothing, the direction of the in-category gradient is not changed; i.e., it is only smoother. This 

means that the proposed energy term could be maximized, due to an estimate dark channel with 

contrary edge response. This is the primary advantage of the proposed method. For example, 

GRMF and other methods based on a smoothing function (using a low pass filter or quadratic 



 

148 

term) estimate a Dark Channel with weaker edges, thereby preventing it from matching the 

performance of our method in maximizing the energy term. The results in Fig. 2(d) support this 

inference. The Dark Channel obtained via the DCP method has the same gradient direction as 

that of the original image, which means that the contrast energy term cannot be fully maximized. 

Second, these weights act like a vote of confidence. If a pixel that is initially classified within 

saturation index 𝐼𝑠 is not significantly discriminative according to intensity, then the confidence 

in this discrimination is low because this pixel signifies only a local minima (on the fine scale) 

rather than a convincing darkest point (on a coarse scale). This provides a solution by which to 

improve the preliminary classification according to Eq. (19). If a darker pixel lacks 

discriminatory relevance, then it is more likely to belong to the contrast index 𝐼𝑐 rather than the 

saturation index 𝐼𝑠. Thus, this step also rechecks Eq. (14), and helps to filter out unreliable 

candidates. This phenomenon can also be observed in Fig. 2(d), where some preliminary 

candidates (within the red circle) have been rechecked, thereby ensuring that the saturation index 

(within the blue arrow) is close to 𝐼𝑚 and is therefore sure to augment saturation. Thus, the 

regularizing coefficient 𝜔𝑥 is given as follows: 

 

 𝜔𝑥 = ∑ 𝘎𝜎𝑠
‖𝑥 − 𝑦‖ 𝐺𝜎𝑟

|𝐼𝑚(𝑥) − 𝐼𝑚(𝑦)|

𝑦∈𝛺

 (26) 

 

and (𝜎𝑠, 𝜎𝑟) as a function correlates to the size of image to enhance flexibility: 

 

 
𝜎𝑠 = 0.125 ∗ (𝑤𝑖𝑑𝑡ℎ(𝐼) ∗ ℎ𝑒𝑖𝑔ℎ𝑡(𝐼))

1
2  

σr = 0.001 ∗ σs ∗ (𝑚𝑎𝑥(𝐼) − 𝑚𝑖𝑛 (𝐼)). 

(27) 

 

As discussed before, FJBF is a rapid approximation of JBF with negligible loss of accuracy. In 

this study, we adopted the version of FJBF proposed in. 

 

4.5 Luminance Module 

In, Yeganeh et al. claimed that the cognition of visual quality is based on two independent 

properties: luminance and contrast. However, their quality assessment benchmark is meant to be 

applied multiple times using a variety of coefficients before selecting the output with the highest 

score. This approach is very time consuming. In contrast, we formulated a process of luminance 

reconstruction based on a luminance prediction model, thereby avoiding the need to compute 

values using a range of coefficients. The efficacy of a haze-removal relies on the ability to 

deduce luminance. Transmission is always less than 1; therefore, the shadow of the reconstructed 

scene radiance in Eq. (13) definitely increases with respect to any input. This means that haze 

removal involves a trade-off between luminance deduction and improvements in quality 

(saturation and contrast). Thus, we should focus only on luminance reconstruction and use the 

energy term to achieve a favorable tradeoff between luminance and contrast. The derivation in 
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Eq. (13) shows that the geometric mean 𝜇𝑔 of each variable has the following relation: 

 

 𝜇𝑔(𝑆𝐽)   = 𝜇𝑔(𝑆𝐼)  𝜇𝑔(𝑡)⁄  (28) 

 

We compiled statistics from 24,322 hazy images in (including 4,322 real world hazy image and 

20,000 synthesized hazy images). Our results indicate a strong linear correlation between the 

arithmetic means of initial transmission and reconstructed transmission with a correlation 

coefficient >0.98. We therefore applied polynomial curve fitting to approximate the relation 

between 𝜇𝑎(𝑡), 𝜇𝑎( 𝑡∗)and 𝛼and obtained the following: 

 

 𝜇𝑎(𝑡) ≈ 𝑐0 + 𝑐1𝛼 +  𝑐2 𝜇𝑎( 𝑡∗) + 𝑐3𝛼2 + 𝑐4 𝜇𝑎( 𝑡∗) 𝛼 + 𝑐5𝛼3 + 𝑐6 𝜇𝑎( 𝑡∗) 𝛼2 (29) 

 

where cn = (0.0004896, 0.2835, 1.002, -0.071, -0.1632, 0.007453, 0.01808). The RMSE of this 

fitting model to the data points is 0.013. Statistical analysis also revealed that the correlation 

coefficient between arithmetic and geometric means reached 0.96, indicating that the arithmetic 

mean could be applied in Eq. (28). Yeganeh et al. showed that the mean luminance of fine 

images is approximately 0.4547 in. In this study, we selected a mean luminance of 0.45. This 

made it possible to obtain parameter 𝛼 in order to reconstruct the luminance in a manner that 

appears natural while maintaining a linear execution time. The proposed method was evaluated 

using synthesized images from the NYU dataset. The average L1 norm error of this model is less 

than 0.06. 

 

4.6 Atmospheric Light Module 

Global atmospheric light is usually determined by the max response of each color channel. A 

variety of atmospheric light modules have been proposed in. These modules obtain hue and 

intensity from pixels with low transmission; i.e., intensity is given the same importance as hue. 

Haze-removal is performed in a dichromatic system; thus, the loss of structure fidelity (or linear 

correlation) between ground truth and restored scene radiance is caused by structural divergence 

of transmission rather than atmospheric light. However, it should be noted that DCP utilizes 

atmospheric light, as in Eq. (3), which means that the estimated hue of the atmosphere can 

severely affect the results of the minimum operator and thereby alter the edge of the transmission 

map. Hue plays an important role in methods using DPC. In this study, we employ weaker 

atmospheric light to magnify the contrast term in Eq. (11). We studied several color constancy 

methods, such as MaxRGB, Grey World (GW), Grey Edge (GE), and Shades of Grey (SG). We 

found that the concepts employed in conventional modules are compatible with color constancy 

methods. For pixels 𝜏 with low transmission, the observed result is: 

 

 𝐼(𝜏) = 𝐴(1 − 𝑡(𝜏)) + 휀𝑗 + 휀𝑛 (30) 

 

where 휀𝑗  is the residual of scene radiance, and 휀𝑛  is the noise. Modules that estimate 
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atmospheric light using the brightest pixel, such as, act as though they were applying Max-RGB 

to low transmission pixels. Similarly, obtaining the mean of low transmission pixels is precisely 

the same as applying GW to low transmission pixels. The fact that transmission is achromatic 

allows us to accurately estimate the hue of the atmosphere rather than the intensity. The 

transmission map can be approximated using value 𝑣 and saturation 𝑠 as in: 

 

 𝑡𝑐 = 0.959710 ∗ 𝑣 − 0.780245 ∗ 𝑠 + 0.121779 (31) 

 

Unlike conventional modules, our goal is to determine accurate hue from some reliable 

candidates and obtain an estimate as weaker as possible with bearable information loss caused by 

over-exposure. The adaptive threshold with respect to haze conditions is determined as follows: 

 

 𝜏 ∶  𝑡𝑐  (x) < 𝑚𝑖𝑛( 𝑡𝑐 ) +  𝜇𝑎(1 − 𝑡𝑐) 2𝜎𝑡𝑐
2⁄  (32) 

 

We derive the hue of the atmosphere by applying SG to all pixels that satisfy Eq. (32) with a 

Minkowski-norm of 6. In the HSV color space, we look for 𝐴∗ with the brightest response and 

the same color as the atmospheric light in the RGB color space. This step ensures that 𝐴∗ is the 

brightest pixel with the hue of the atmosphere. Using weaker atmospheric light to magnify the 

contrast term would cause information loss due to over-exposure. We observed that the brightest 

part of an image is usually the region containing no information (i.e., areas that could be 

overexposed). We stipulate that only 2% of the pixels are to be over-exposed. We also noticed 

that many haze-free pixels are not susceptible to over-exposure due to high saturation. This 

phenomenon was surprisingly common in our experiments. Thus, these pixels are discarded 

because they have better tolerance against overexposure. Thus, we obtain the regularized 

luminance V as follows: 

 

 𝑉(x) =  𝑣(𝑥) ∗  (1 − 𝑠(𝑥)) (33) 

 

where 𝑣(𝑥) is the channel value in the HSV color space and 𝑠(𝑥) is the saturation. The 

histogram of 𝑉 is computed with the top 2% of the pixels of 𝑉 allowed to be overexposed, as 

follows: 

 

 

r = idx ( 𝐻𝑖 |  ∑ 𝐻𝑖

1

𝑛

> 0.02 ∗ 𝑁 ) 

(34) 

 

where idx(. ) refers to the representative intensity of bin 𝐻𝑖 according to the histogram of 𝑉, 

𝑁 is the total number of pixels in the input image, 𝑛 is the number of bins, and r is the 

regularized ratio after the image domain is regularized to [0,1]. The atmospheric light is 

computed as follows: 
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 𝐴 = 𝑟 𝐴∗  (35) 

 

5. Experiments and Results 

In this section, we evaluate the performance of our method using a number of objective 

benchmarks. Weibull-Edge contrast proposed in evaluates contrast using two parameters: 𝛽𝑤 

and 𝛾𝑤. Weibull probability density function has ability to approximately describe the migration 

of distribution from power-law distribution to normal distribution. The two parameters aim to 

analyze both the quantity and intensity of edges. Parameter 𝛽𝑤 represents the global contrast 

(i.e., contrast on a coarse scale) and 𝛾𝑤 is a measurement of grain size in the texture (i.e., 

contrast on a fine scale). This model has been used to describe scene semantics in. These 

parameters can be obtained using the Gaussian-Newton method to find the best fit with the 

gradient histogram of an image as follows: 

 

 
𝑊(𝑥) = 𝐶 𝑒𝑥𝑝(− 

1

𝛾𝑤

 | 
𝑥

𝛽𝑤

 |
𝛾

  
(36) 

 

We also adopted an intuitive method using average regularized standard deviation (ARSTD). A 

sliding filter returns the standard deviation when applied to a 5*5 window, and the response is 

regularized using an average filter of the same size. Thus, the average regularized standard 

deviation of all pixels can be considered as an estimate of contrast. Both methods are applied to 

all RGB channels, and the average values are taken as the final result. Hazy images were 

synthesized based on scene depth maps from the NYU depth dataset, which contains 1449 

labeled indoor images. We employed the haze simulation method proposed in (HRD). Scattering 

coefficient 𝛽 was based on hypothetical weather conditions, wherein the density of haze is 

classified as light, moderate, thick, and dense with respect to specific visible range (1000, 500, 

100-200, and 50 meters), respectively. Based on the fact that the average depth of indoor scenes 

is shallow, we classified haze into the same categories with  𝛽 set as 0.2, 0.4-0.6, 0.8, or 1.0. 

Virtual atmospheric light in each channel was randomly assigned values ranging from 0.6 to 1. 

We conducted tests on hazy images synthesized using the NYU and HRD datasets with 10 sets 

of virtual atmospheric light applied at random. Several atmospheric light modules were tested. 

We evaluated the accuracy of reconstructed color using mean angular error between the 

estimates and the ground truth. Furthermore, we evaluated the performance in enhancement and 

restoration. We adopted three benchmarks for the evaluation of quality: 1) reconstruction error 

was evaluated using RMSE and CieDE2000; 2) contrast was evaluated using Weibull-Edge; and 

3) structural fidelity and naturalness were evaluated using SSIM and F&T. CieDe2000 makes a 

bigger difference than SSIM with respect to color difference and therefore largely determines the 

accuracy of color reconstruction. F&T is composed of FSITM and TMQI, which can be 

construed as a form of feature-based assessment. FSITM compares the mean phase angle 

obtained using local adaptive weights, whereas TMQI attempts to evaluate structural fidelity as 
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well as naturalness. The F&T result is represented using the average of these two assessments. 

 

     

(a) (b) (c) (d) (e) 

 

    

(f) (g) (h) (i) (j) 

Fig. 3 De-correlation between color and luminance when using proposed method: (a) input 

image; (b), (c), (d), and (e) setting α to 0, 0.2, 0.4, 0.6, respectively; (g), (h), (i), (j) transmission 

maps; (f) color contrast and luminance contrast (in HSV). The proposed method increased the 

color contrast with only a negligible loss in luminance contrast. We can see that the proposed 

method preserved edges, such that no visible HALOs were generated in the restoration image 

when α∈[0,0.6]. 

 

  

(a) (b) 

  

(c) (d) 

Fig. 4 (a) dark channel prior using MLM [13]; (b) using WGIF [24]; (c) comparison with respect 

to energy term of proposed method, MLM, and WGIF; (d) comparison with respect to the 

luminance/contrast tradeoff coefficient (LCTC). 
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5.1 Configurable Parameter with Color and Luminance De-Correlation 

The proposed parameter 𝛼 acts as one of the kernel units in the proposed framework. It realizes 

configurable saturation contrast boost without losing luminance contrast. The efficacy of 

improving saturation contrast is illustrated in Fig. 3. When 𝛼   is close to zero, the 

reconstruction is nearly based on saturation augmentation; the corresponding reconstructed 

results are significantly over-saturated, such as in Figs. 3(b) or 3(c). This phenomenon is 

improved by increasing the parameter, such as in Figs. 3(d) and 3(e). The saturation contrast 

with respect to each setup is illustrated in Fig. 3(f). It shows that the notable changes from Figs. 

3(a) to 3(d) are related to saturation contrast boost. The increase in saturation contrast refines 

saturation augmentation, with the result that the restored image appears more natural. As 

discussed in Section IV.E, the maximal local contrast of luminance appears at the lowest 

transmission.  This conclusion indicates that relaxing the saturation term results in the loss of 

local contrast. Thus, it is the contrast term compensates the loss. We determine that the proposed 

parameter is able to increase the image naturalness with only a negligible loss of luminance 

contrast. Thus, enhancing the saturation contrast with a reliable contrast term is superior to 

augmenting saturation. The result illustrated in Fig. 3(f) is obtained using the Weibull possibility 

density function while taking into account the sum of contrast β and grain γ. We evaluate the 

contrast of luminance (or saturation) in the HSV space. 

 

5.2 Evaluation of Proposed Energy Term 

Fig. 2(d) presents evidence that the Dark Channel obtained using MLM actually disobeyed our 

energy term and degraded the contrast. As a comparison, Fig. 3 shows the outcome of the 

proposed energy term in terms of the contrast of saturation, as manifest in the resulting contrast 

and artifacts. There is a clear difference in the direction of the gradients of some objects (e.g. the 

wall) in Figs. 3(g) and 3(j). This provides evidence that an increase in 𝛼 maximizes the energy 

term of the contrast. Fig. 4 provides further analysis and comparison. For the sake of 

convenience, we selected the following: 

 

 𝛿(𝑥) = 1 − |𝑥| . (37) 

 

This was used as the basis from which to compile statistics related to the energy terms of 

saturation and contrast using the absolute value of the distance between (𝐷𝑐 ,   𝐼𝑚𝑖𝑛 ) and 

(𝛻𝐷𝑐,  𝛻𝐼𝑚𝑖𝑛), which was regularized with its local mean response within a neighborhood of 5*5. 

Regularization is meant to emphasize local properties, based on the fact that the perception of 

contrast is derived through comparisons with surrounding states. The gradient is obtained using 

Sobel operators in the horizontal as well as vertical directions. We conducted comparisons using 

a 15*15 window as follows: MLM (using the DCP method) against WGIF as outlined in. The 

results in Fig. 4(c) indicate that the proposed method meets the requirements of the energy term 

more effectively than do the other methods. Thus, from a theoretical perspective, it should 

outperform the two methods with respect to saturation as well as contrast. Subjective analysis of 
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the results in Figs. 4(a) and 4(b) returns similar results to objective analysis. Note also that 

WGIF generated a number of artifacts around strong edges despite the adoption of weighted 

terms. We also established a luminance/contrast tradeoff coefficient (LCTC) between luminance 

and contrast. LCTC is defined as follows: 

 

 𝑇𝑂𝑅 = (𝜎𝑜
2 − 𝜎𝑖

2)0.5 (𝑚𝑖 −⁄ 𝑚𝑜) , (38) 

 

where 𝜎𝑜
2 and 𝜎𝑖

2 indicate the degrees of variance in the output image and input image; and 

𝑚𝑜 and 𝑚𝑖 are the averages of output luminance and input luminance, respectively. The square 

root is used to maintain scale invariance. The LCTC shows an average increase in contrast per 

unit of luminance loss. The results in Fig. 4 (d) prove that the proposed energy term improves 

reconstruction performance by increasing the contrast. Note that for the sake of readability, we 

magnified the contrast increase by 50 times. 

 

5.3 Estimation of Atmospheric Light 

Fig. 5 presents a comparison of various methods under two atmospheric conditions. Fig. 5(a) 

presents an image containing blue sky light, in which the estimation may be skewed to the sky 

due to the strength of the sky light compared to the atmospheric light. The abyss of infinite depth 

in Fig. 5(b) cannot be seen; however, the water and bright objects in the image provide clues as 

to the lighting within. It should be pointed out that all methods using a color line (CL) should be 

applicable to all conditions due to the cross validation using various patches; however, smooth 

surfaces still tend to provide false information in cases where sky light or direct reflections are 

stronger than atmospheric light and/or more widespread in a scene.   
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Abstract 

A new layout design of the cryogenic pressure vessel manufacturing is presented in this paper. 

Traditionally, a quadratic assignment problem, which is usually called QAP model, is used to 

solved the layout design problem. However, this conventional model concerns only about flow 

(the number of trips transferred) and distance between pair of workstations whereas weight of 

the transferred items is not concluded in the model. In this research, both load-flow transferred of 

work-in-process items and distance between the related workstations are concurrently considered 

in the proposed optimization model. The results given by the proposed model has fewer values of 

total load-flow times distance than that of QAP model and current layout. This solution can 

imply that the proposed layout consumes lower force for transferring work-in-process items than 

the other layouts. 

 

Keywords: Layout design, Load-flow, Linear QAP-reformulation model, Cryogenic pressure 

vessel manufacturing 

 

1. Introduction 

Currently, the case study cryogenic pressure vessel manufacturer needs to design a layout for 

new production line, which will be dedicated to producing new items. From the preliminary 

observation, the current production line was arranged as the process layout (Russell & Taylor 

2014). One of the disadvantages of this layout is that long traveling routes between workstations 

occur and they also cause a number of crossing paths when the work-in-process items are 

transferred during the production (Nunkaew & Phruksaphanrat 2017a). This problem usually 

makes the inconvenience especially when the material-handling carriers need to be used.  

 

Commonly, a Quadratic Assignment Problem (QAP) model (Koopmans & Beckmann 1957; 

Nunkaew & Phruksaphanrat 2017b; Rardin 1998) is applied to design the layout with minimum 

flow-distance values. For example, in this case study, assumes the same traveling distance of 200 

meters and 100 vessels are produced. A flow of 20 trips per day (5 sheets per trip) causes total 

flow-distance values of 4,000 trip-meters per day for transferring raw steel sheet plates from raw 

material store to cutting process station (the first process). By the same way, a flow of 25 trips 
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per day (4 sheets per trip) obtains total flow-distance values of 5,000 trip-meters per day for 

transferring materials from cutting process station to roll bending process station (the second 

process). Then, by the flow-distance values in the conventional QAP model, the second 

movement is considered more crucial.  

 

However, we found that raw materials and also finished goods transferred during the production 

have high weight. This hidden factor can result in “work” (the force exerted on an object times 

the distance over which the force is exerted) when a heavy item has to be transferred through 

long distance. Commonly, the force needed to effort is directly proportional to the load or the 

mass of an object. So, the force needed for moving the object with higher weight is greater than 

that of the lower one. To avoid confusion between the terms of “mass” and “weight”, the 

explanation will be given at the end of Section 4. In this study, the consideration of 

“weight-distance” will be specified instead of work (in terms of force-distance) since they are 

directly related to each other. As mentioned in the previous example, the raw steel sheet plates 

shifted from raw material store to cutting process station (0.37 tons per plate or 1.85 tons per trip) 

weigh more than the steel plates that transferred from cutting process station to roll bending 

process station (0.33 tons per plate or 1.32 tons per trip). So, total weight-distance of 1.85×4,000 

or 7,400 ton-meters are transferred daily from raw material store to cutting process station. 

Meanwhile, total weight-distance of 1.32×5,000 or 6,600 ton-meters are transferred daily from 

cutting process station to roll bending process station. Since the first movement causes 800 

ton-meters greater than the second movement, it should be given more precedence than the 

second one when the transferred weights are concerned. Therefore, weight transferred (which 

will be called “load-flow” in this paper) and distance between workstations should be considered 

instead of the flow concerning the number of traveling trips and distance between workstations. 

 

In this research, the design of new production layout for the cryogenic pressure vessel 

manufacturing is presented. Both load-flow concerning weight transferred of work-in-process 

items and distance between the related workstations will be considered in the proposed linear 

optimization model instead of the conventional flow (involving only with the number of trips) 

and distance as involved in the QAP model. The remainder of this paper is organized as follows. 

The brief detail of the case study cryogenic pressure vessel manufacturing is addressed in 

Section 2. Then, the quadratic assignment problem is mentioned in Section 3. In Section 4, the 

proposed method is presented. Next, it is followed by solving the layout design problem of the 

case study in Section 5. Finally, a conclusion of this research is given in the last section. 
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2. Cryogenic Pressure Vessel Manufacturing 

A cryogenic pressure vessel manufacturer located in Thailand is a case study in this paper. All 

components of the product can be shown in Fig. 1. In a manufacturing, total of eight processes 

(six main processes and two sub-processes) have to be done sequentially as summarized in Table 

1. Although the new layout is planned for new product models as mentioned in the previous 

section, the manufacturing processes are similar to that of the current production. 

 

 

Fig. 1: A cryogenic pressure vessel 

 
Table 1: Details of processes in cryogenic pressure vessel manufacturing 

Process Details 

Process 1 Cutting: cut raw steel sheet plate by plasma cutting 

Process 2 Bending: bend steel sheet plate to form cylinder shape (main part) 

Process 3A Assembly 1: assemble steel parts to main cylinder part 

Process 3B Assembly 2: assemble stainless parts  

Process 4 Welding: weld main cylinder part (from 3A) and stainless parts (from 3B) 

Process 5 Painting: paint main cylinder part 

Process 6 Assembly 3 and Inspection: assemble valves to main cylinder part and inspect 

Process 7 Cleaning: clean the finished product 

 

At present, all processes are located as a process layout. All materials are distributed from the 

same raw material store (RM store). While the finished products are stored at the finished goods 

store (FG store) after the production. The current layout is pictured in Fig. 2. The red dash 

arrows show the flow of work-in-process items. Obviously, without the consideration of these 

flows in the process layout, the distances of transferring work-in-process items between 

processes are long which can also affect the total flow-distance values. 
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Fig. 2: The current layout (process layout) 

 

3. Quadratic Assignment Problem 

A traditional manner for solving a facility layout problem called Quadratic Assignment Problem 

(QAP) model is composed of a second-degree (or so-called quadratic) objective function – 

combination of decision variables – and constraints that are linear functions of the variables. It 

was originally introduced by Koopmans and Beckmann (1957). The QAP model deals with the 

problem of assigning n departments to n given locations (Heragu 2008; Rostami & Malucelli 

2014; Tompkins, et al. 2003). For example, an illustration of facility layout problem with four 

departments (processes) and four locations is depicted in Fig. 3.  In this example, the total flow 

of 50 trips transferred from process 1 to process 2 is concerned. The distance between these 

assigned locations is 15 meters. Therefore, total flow-distance of 750 trip-meters occurs in this 

example.  

 

 

Fig. 3: An instance of facility layout problem 
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In general, the conventional QAP model can be mathematically shown as follows (Nunkaew & 

Phruksaphanrat 2017b): 

 

QAP:  

min  ( , )  
 

 
n n n n

ij kl ik jl ij kl

i j k i l j

f x x f d x x          (1) 

subject to  

 = 1
n

ij

j

x , for all i,          (2) 

= 1
n

ij

i

x , for all j,          (3) 

 = 0 or 1ijx , for all i and j,         (4) 

where ikf  is the flow matrix and jld  is the distance matrix.  

Equation (1) is the minimizing objective function of total cost of allocations concerning the 

amount of flow between the departments and their distances between locations. Constraint (2) 

forces that only one department can be assigned to one location. Constraint (3) ensures that each 

location can be assigned to only one department. The binary decision variables are defined in (4). 

Involving two assignment decisions in (1), ikf  and jld  are applied only if i is assigned to j, 

and k is assigned to l, that is, ijx  = 1 and klx  = 1.  

 

Referring to the instance in Fig. 3, the flow matrix ( ikf ) and the distance matrix ( jld ) can be 

summarized in Tables 2 and 3. 

 

Table 2: The number of trips between processes 
     To (k) 

From (i)  
Process 1 Process 2 Process 3 Process 4 

Process 1 - 50 100 0 

Process 2  - 75 0 

Process 3   - 175 

Process 4    - 

 

Table 3: Distance matrix (in meters) 
     To (l) 

From (j)  
Location 1 Location 2 Location 3 Location 4 

Location 1 - 7 15 8 

Location 2 7 - 8 12 

Location 3 15 8 - 10 

Location 4 8 12 10 - 
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4. The Proposed Method 

In this research, a Linear QAP-Reformulation (LQAP-R) model, introduced by Nunkaew & 

Phruksaphanrat (2018), is modified and will be applied to design the new layout of cryogenic 

pressure vessel production line. The LQAP-R model can be expressed as follows: 

 

LQAP-R: 

min  ( )   
 

 
n n n n

ijkl ik jl ijkl

i j k i l j

g f d ,         (5) 

subject to  

  1ij kl ijklx x     for all i, j, k and l,          (6) 

  Equations (2) - (4), 

 

where ijkl  are binary variables.  

 

The LQAP-R model shown previously consists of linear objective function and linear 

constraints, which are more applicable than a quadratic function in the conventional QAP model. 

As mentioned in the introduction, however, both load-flow concerning weight transferred and 

distance should be considered. Then, the LQAP-R model is modified by replacing the flow ( ikf , 

involved only with the number of trips as presented in the QAP model) by a load-flow ( ikw ). The 

Linear QAP-Optimization (LQAP-O) model with minimizing the total load-flow times distance 

values can be formulated as follows: 

 

LQAP-O: 

min  ( )   
 

 
n n n n

ijkl ik jl ijkl

i j k i l j

h w d ,         (7) 

subject to  

  Equations (2) - (4) and (6). 

 

Load-flow, concerning weight transferred from process i to process k, in (7), can be represented 

by the following equation: 

 

 t T
ik ik t

ik

N
w w

N
 ,          (8) 

 

where 
t
ikw  are the total weight transferred per trip from process i to process k. TN  are the total 

number of finished products. 
t
ikN  are the number of transferred items per trip (or lot size) from 

process i to process k. The fractional term of TN  over 
t
ikN  in (8) is equal to total number of 

trips. 

Conceptually, as defined by the International System of Units (SI), the “weight” of an object is 

related to the amount of force exerting on the object by gravity (measured in Newtons, N). While 

https://en.wikipedia.org/wiki/International_System_of_Units
https://en.wikipedia.org/wiki/Force
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the “mass” of an object is referred to the quantity of matter (measured in kilograms, kg). 

However, in practical and common usage, the term “weight” is usually used to mean “mass” in 

kilograms using a weighing scale. Therefore, in this research, the term “weight transferred” is 

referred to mass of the transferred items (in kilograms). 

 

In the next section, the proposed LQAP-O model with load-flow will be used to solve the layout 

design problem for cryogenic pressure vessel manufacturing. 

 

5. Plant Layout Design for Cryogenic Pressure Vessel Manufacturing 

According to the customer needs and requirements, a new production line for supporting new 

product models is being planned since these models will be produced soon. In this paper, with 

the consideration of weight transferred, the formulated LQAP-O model is used instead of the 

conventional QAP model for designing the new layout. The details of applying the proposed 

LQAP-O model to solve the layout design problem of the case study are provided as follows: 

 

5.1 Data Collection 

To solve the facility layout problem, several data have to be gathered. In this case study, each 

raw material or work-in-process item is not transferred only by a single unit but with a specific 

amount for lot size. Therefore, the number of trips of transferring between each pair of 

workstations is not equal to the total number of manufactured products. Furthermore, lot sizes of 

transferring items between each pair of workstations are different which also result in various 

values of the number of trips. To apply (8) into (7), total weight transferred per trip from process 

i to process k, t
ikw , and number of transferred items per trip, 

t
ikN  (or lot size) are collected as 

shown in Table 4. Moreover, the distance between each pair of areas can be summarized as 

presented in Table 5. 

 

Table 4: Total weight per trip and number of items per trip transferred between processes 

   To (k) 

From (i)  

Process 

1 

Process 

2 

Process 

3A 

Process 

3B 

Process 

4 

Process 

5 

Process 

6 

Process 

7 

FG 

store 

RM store 1.85
a
/5

b
 - 1.20/10 0.30/1 - - 0.5/10 - - 

Process 1 - 1.32/4 - - - - - - - 

Process 2  - 0.66/2 - - - - - - 

Process 3A   - - 0.45/1 - - - - 

Process 3B    - 0.30/1 - - - - 

Process 4     - 0.75/1 - - - 

Process 5      - 0.75/1 - - 

Process 6       - 0.80/1 - 

Process 7        - 0.80/1 

a
 is total weight per trip (

t
ikw , in tons), 

b
 is number of transferred items per trip (

t
ikN ), “-” means there is no 

movement from process i to process k. 

  



 

162 

Table 5: Distance between areas (in meters) 

   To (l) 

From (j)  

Area  

2 

Area  

3 

Area  

4 

Area  

5 

Area  

6 

Area  

7 

Area  

8 

Area  

9 

Area 

10 

Area 1 10 20
c
 30 15 25 35 20 35 30 

Area 2 - 10 20 10 10 30 25 30 15 

Area 3 20
c 

- 10 15 10 15 20 25 25 

Area 4 : : - 20 10 10 30 20 35 

Area 5 : : : - 10 20 10 20 10 

Area 6 : : : : - 10 10 10 20 

Area 7 : : : : : - 20 10 30 

Area 8 : : : : : : - 15 10 

Area 9 30 25 20 20 10 10 15 - 20 

 “-” means there is no movement between the same areas. 
c
 distance between Areas 1 and 3 is equal to distance 

between Areas 3 and 1, then values in the upper- and lower-triangular forms of the distance matrix are the same. 

 

5.2 LQAP-O Model Formulation for New Layout Design 

After all related data are collected, they are used to formulate the LQAP-O model for 

determining the new layout. The details of the formulated model can be expressed as follows: 

 

LQAP-O: 
10 10 10 10

min  ( )  ijkl ik jl ijkl

i j k i l j

h w d
 

   ,         (9) 

subject to  
10

 = 1ij

j

x , for all i,             (10) 

10

= 1ij

i

x , for all j,             (11) 

1ij kl ijklx x     for all i, j, k and l,            12 

,  = 0 or 1ij ijklx , for all i, j, k and l,            (13) 

1,1 10,10, = 1x x .             (14) 

As shown lately, the LQAP-O model is formulated for solving the layout design problem of the 

case study. Since the raw material store (RM store) and the finished goods store (FG store) must 

be determinedly located at area 1 and area 10, respectively, expression (14) is added to the 

LQAP-O model. While ikw  can be computed by (8) as mentioned previously. 

 

5.3 Results and Discussions 

The previously formulated model is solved using Premium Solver Platform V10.5.0.0 on a PC 

with Intel® Core™ i7-6500U @2.50 GHz CPU and 8 GB RAM. This solver is effectively 

cooperative working with spreadsheets in Microsoft®  Excel. The generated decision variables 

obtained from the proposed LQAP-O model (assuming 100 vessels are produced, 100TN ) 

are; 1,1 2,2 3,3 4,4 5,5 6,6 7,7 8,9 9,8 10,10 1         x x x x x x x x x x , and other 0ijx . Fig. 4 

illustrates the designed layout given by the proposed LQAP-O model. 
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Fig. 4: Proposed layout by the LQAP-O model 

 

To demonstrate the effectiveness of the proposed model, this problem is also solved by the QAP 

model and the obtained solution will be compared to that of the proposed model. QAP model can 

be formulated for solving this problem as follows: 

 

QAP:  
10 10 10 10

min  ( , )  
 

 ij kl ik jl ij kl

i j k i l j

f x x f d x x                   (15) 

 

subject to  

Equations (10), (11) and (14), 

 = 0 or 1ijx , for all i and j.                  (16) 

where ikf  can be calculated by T

t
ik

N

N
.  

 

By the QAP model, the solution of layout design for this problem can be generated as; 

1,1 2,3 3,4 4,7 5,2 6,6 7,9 8,8 9,5 10,10 1         x x x x x x x x x x , and other 0ijx . The layout 

designed using the QAP model can be depicted in Fig. 5. 
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Fig. 5: Designed layout by the QAP model 

 

The values of total load-flow times distance of the current layout, the layout designed by QAP 

model and the proposed layout by LQAP-O model are compared as shown in Table 6. The 

current layout consumes 9,720 ton-meters of the total load-flow times distance values. For the 

layout by QAP model, the total load-flow times distance values of 6,445 ton-meters are occurred, 

which can save 3,275 ton-meters from that of the current layout. However, the total load-flow 

times distance values can be mostly decreased by the layout obtained from the proposed 

LQAP-O model. Only 6,265 ton-meters of the total load-flow times distance values are obtained 

which 3,455 ton-meters can be saved from the current layout. Thus, in the case of layout design 

problem which weight of items transferred between locations is concerned, the consideration of 

the total load-flow times distance values is recommended instead of the flow-distance values (as 

involved in the conventional QAP model). 

 

Table 6: Total load-flow times distance and the number of crossing points 

Layout 
Total Load-Flow Times Distance  

(ton-meters) 

Saving 

(ton-meters) 

The Number of 

Crossing points or 

Path Intersections 

Current layout 9,720 - 6 

Layout by the QAP model 6,445 3,275 3 

Layout by the proposed model 6,265 3,455 0 

 

Moreover, as summarized in Table 6, the number of crossing points or path intersections can be 

defined from the previous Fig. 2, Fig. 4 and Fig. 5. By considering the shortest travelling paths 

between assigned locations of workstations, the current layout causes six of crossing points or 

intersections between travelling paths. These elements usually occur in a process layout because 

movements of work-in-process items were not considered in layout design. While three of 

crossing points also exist in the layout designed by the QAP model. Some of these intersections 

can be eliminated by assigning new travelling paths. However, the travelling distances are also 
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increased. As shown in Fig. 4, there is no crossing point in the proposed layout obtained from the 

LQAP-O model, so, each transferring between workstations will not be obstructed by other 

movements. 

 

6. Conclusion 

The layout design problem for a cryogenic pressure vessel production line has been solved in this 

research. Three layouts; (1) layout arranged as process layout (current layout), (2) layout 

obtained from conventional QAP model, and (3) layout solved by the proposed LQAP-O model, 

were compared and evaluated. The current layout is not effective since long traveling routes 

between workstations existed and caused a number of crossing paths when the work-in-process 

items are transferred. Using the QAP model, the designed layout is better than the current layout 

after the flow and distance between the related workstations were considered. The weight 

transferred, however, was neglected in the QAP-layout. By the developed LQAP-O model, the 

proposed layout was designed with the consideration of load-flow and distance. This layout 

obtained fewest values of load-flow times distance among all other alternative layouts. So, the 

proposed model is more useful than the QAP model since not the number of trips but the total 

weight transferred is more significant in this case of layout design problem which the weight of 

transferred items is concerned. 

 

For further study, the topic of multi-item production with different weights of product models 

will be concurrently considered in the layout design problem. Moreover, the restrictive condition 

and limitation of assigning workstations to adjacent areas – such as safety – will be considered.  
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Abstract 

This paper proposed a prototype to design Chinese font for commercial description document. 

Based on interaction procedure and type analysis, an interactive font adjusting method for 

commercial use is achieved. The method includes two stages, the first stage is using thinning 

algorithm to get the raw skeleton of the characters and decompose strokes, the other stage is to 

modify the strokes with mathematic morphology. The difference between proposed method and 

exist study is that the proposed method focused on design fonts are identify easily. The study is 

suit for commercial application, especially appropriate for a small set of Chinese font. It is 

possible to change font with specific style. 

 

Keywords: interactive design, identify easily, commercial application 

 

1. Introduction 

Recently more than 1.4 billion people using Chinese characters all over the world, as a 

communication media, Chinese characters play a very important role in our daily life, especially 

for commercial use, various fonts are created by manual design, the time consumption is too 

heavy to meet modern necessary. To design a method to generate Chinese font automatically is 

very important. There are many studies related to the topic. For example: Shin and Suzuki  

proposed a method that can automatically generate Japanese handwritten-style font, by generate 

connected stroke to show user’s individuality, the reference stroke database was compresses 

using vector quantization, an uncompresses stroke was correspond to a large number of 

compresses strokes, when user input strokes, a large number of reference strokes were 

correspond to it, so handwritten-style can generate from the reference strokes, otherwise, the 

degree of connected strokes can easily adjust by parameter. The other method proposed by Xu et 

al, aim to automatically generate Chinese calligraphy, there are five primitive strokes, 24 

compound strokes and 36 radicals in Chinese characters, and shape decomposition is very 

important, they get the constructive ellipses, extract primitive strokes, identify compound strokes 

and radicals, know the single characters, and applied the calligraphy style on the font. 

 

Both methods above mentioned apply some handwritten features to represent handwritten-style. 
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However, in some situation, many of them are unsuitable for commercial use, because these font 

styles are hard to identify. This is the reason that a method which can generate font with easily 

read property and match design style by means of interactive adjustment has been proposed. 

 

In section 2, the method which contain font design analysis, strokes decomposition and strokes 

modification in detail is introduced. In section 3, the experiment result and the comparison the 

method that are mentioned. Finally, an overall conclusion and discussion are show in section 4.  

 

2. Proposed Methods 

2.1 Design Pattern Analysis 

Before make the font design automatically, it is necessary to define the important fact for font 

design. In this paper, the key point is to make corresponding document read easily and meet the 

document context style. After brief study and analysis to simplify the problem, as shown in 

Figure 1, there are six most popular font designs by the using rank of web site. These design 

pattern of font is easy to read. The respective design features are: 

 

(a) The square style, strokes are square style, 

(b) The parallelogram style, strokes are parallelogram style, 

(c) The round style, strokes become round, 

(d) The calligraphy style, strokes have handwritten feature, 

(e) The rough style, the edge of the strokes is fork and rough, 

(f) The uneven style, the thickness or thinness of stroke is uneven, from slender to thick. 

 

As shown in Fig.1, the fonts are easy to identify because the font apply these style. 

 

 

Figure1. Six popular font designs examples, (a) square style (b) parallelogram style (c) round 

style(d) calligraphy style (e) rough style (f) uneven style. 

 

2.2 Stroke Decomposition 

Before descript the detail of proposed method, a symbol description is necessary to defined. As 

shown in table 1. 

 

(a (b) (c) 

(d) (e) (f) 

洛神花茶 洛神花茶 洛神花茶

洛神花茶 洛神花茶 洛神花茶
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Table1. The explanation of all elements appeared in this paper 

Symobal Description 

T Input characters 

M Mask 

I, J Use structure J to thinning image I 

A, B structure B dilasion or erosion structure A 

 

To reduce designer’s loading, it is necessary to decompose exist word in order to design suitable 

font instead of generate whole word themselves. At first, user input characters by online type or 

other ways, the system start to load the input text, Let T={tᵢ}, (i = 1, …, n) be a set of user input 

word tᵢ, then define an array M={mᵢ}, (i = 1, …, n) , mᵢ stands for mask for morphology. In order 

to extract characters from the input text, to get the raw skeleton, thinning algorithm that 

mentioned in Xu et al’s research has been applied. The method include image binarization, 

highlighted the important information of the image, and simplified the entire image. After that, 

the method confirm the position of the strokes by means of thinning algorithm. The thinning 

operation is calculated by translating the origin of the structuring element to each possible pixel 

position in the image, and at each such position comparing it with the underlying image pixels. If 

the foreground and background pixels in the structuring element exactly match foreground and 

background pixels in the image, then the image pixel underneath the origin of the structuring 

element is set to background (zero). Otherwise it is left unchanged. The thinning of an 

image I by a structuring element J is: 

 

                   (1) 

 

where the subtraction is a logical subtraction defined by : 

 

     YN O TXYX                         (2) 

 

In stroke decomposition procedure, because Chinese characters have 36 radical, 24 compound 

strokes and 5 primitive strokes, according to Xu et al’s method, they decomposed character from 

radical to compound strokes and from compound strokes to primitive strokes, until get the 

minimum unit. Their method identify compound strokes and radicals by analyzing the spatial 

relation between the primitive and compound strokes, define five stroke combinations, they are 

horizontal(a), vertical(b), ontop(a,b), onleft(a,b), and touch(a,b), to express all the stroke 

combination, then they determine which radicals can be grouped to form a character. An 

example that adopt Chinese ’洛’ shows in Fig.3 to illustrate this process.   

 

),(--),( JImissandhitIJIthin 

https://homepages.inf.ed.ac.uk/rbf/HIPR2/pixel.htm
https://homepages.inf.ed.ac.uk/rbf/HIPR2/pixel.htm
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Figure 2. Overall process of the method 

 

2.3 Modify Strokes 

In this paper, mathematical morphology is adopted to modify shape of strokes. The operators 

include dilation, erosion and the compound actions. The dilation can be obtained by equation (2), 

this method enlarge the font shape. An example is that the font will transform from skeleton to 

the shape as shown in Fig.1. This equation represents that structure B expansion structure A , If 

B has an intersection with A at the image cell (x, y), and that is not empty, translate the origin of 

structural element B to the image cell (x, y) position , once one of the image values is 1, the 

corresponding pixel of the output image is assigned a value of 1, otherwise it is assigned a value 

of 0. 

 

 

      

 

Figure. 3 Decompose the character ’洛’ 
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2.4 Post Processing 

In post processing, the overlap area will be separated by erosion like method. Because erosion 

can make the range of the target area small, which essentially causes the boundary of the image 

to shrink, it is possible to eliminate overlap problem ,the erosion can be obtained by equation (3). 

If both figures are 1, the pixel (x, y) corresponding to the output image is assigned a value of 1, 

otherwise the value is 0. 

 

 

 

Notice, a user can modified the shape of font by means of change the parameter interactively. 

 

2.5 Algorithm 

The stroke modification algorithm is shown as below. The input is strokes that decomposed and 

the output is modified word with specific design font. A user can select predefined masks or 

design masks themselves. The method will determine the stroke’s angle and use corresponding 

mask to modify the strokes. All strokes are processed individually. After all stroke are processed, 

some post processing can be selected. The post processing include adjust color, add some 

boundary to separate strokes or make specific strokes thin to enhance the readability.  

 

Stroke Modification 

 

Input: stroke(sᵢ), (i=1,...,n) 

Output: modified word.  

   Determine the angle of the strokes. 

   Define mask(mᵢ) ,(i=1,...,n) to modify strokes.  

   Scan the pixel of the input stroke individually, and adopt equation(3) and (4)to modify the 

shape of strokes 

 

                        --- end of algorithm 

 

2.6 A Simple Example 

For the sake to demonstrate the proposed method, a simple example is shows as below. A set of 

reference words is gotten by operating system input method engine as shown in Fig.4 (a). The 

skeleton is shown in Fig.4 (b).  The result after modification is shown in Fig.4(c). 

 

})ˆ(|{ AABXBA  
(4) 
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Figure4. An example of strokes modification, , (a) is user’s input text (b) is the raw skeleton,(c) 

is modification result with circle mask. 

 

3. Experimental Result 

3.1 Experiment Result 

In this section some mask are adopted in the experiment result. The mask include square, 

parallelogram, circle and a mixture mask include these three shapes. Different strokes applied 

different mask shape. 

 

It is obvious that the content is easy to read if the mask is square, all the strokes shape change 

into square, when mask is parallelogram, the edges of all the strokes become parallelograms, 

then define a mixture type, vertical strokes are square, horizontal strokes are parallelograms, and 

the rest strokes are circle. The result can refer to Figure 5. 

 

If mask is too big, the strokes will overlap, like Fig. 6 (a), Erosion can deal with this problem, 

use mask to scan the overlapping part, remove the overlapping strokes, the result is Fig.6 (b). 

 

Table 2. Contain some mask type and the corresponding result 

Mask Type Result 

  

  

 

Vertical 

Horizontal 

Rest 

 

 

(a) (b) 

(c) 
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Figure. 6 Erosion the overlapping strokes 

 

3.2 Comparison 

The method proposed in this paper is quite different from the other method that mentioned in 

section 1. Firstly, the aim is different, this method aim to generate font for commercial 

application, the aim of the first reference is to generate handwritten style, the aim of second 

reference is to generate Chinese calligraphy. Secondly, the method is different, this method use 

mathematical morphology, the other respectively use morphable font model and analogical 

mechanisms, thirdly, the generated font feature is different, the feature use this method is to 

generate easily reading words, and the other methods are connected strokes and handwritten 

style. Furthermore, the function of this paper is different, the proposed method is suit for 

commercial user, but the reference design are for art application. The comparison is shown as 

table. 3. 

 

Table. 3 Comparison with exist methods 

 Goal Method Feature  Function 

Reference1 
Generate hand 

written style 

Morphable font 

model 

Connected 

stroke  

Replace 

manual design 

Regerence2 
Generate Chinese 

calligraphy 

Analogical 

mechanisms 

Handwritten 

style 

Replace 

manual design 

This method 

Interactively modify 

font for commercial 

use 

Mathematical 

morphology 
easily read 

Design for 

Commercial 

use 

 

3.3 A Complete Example 

As shown in Fig.7, an example that adopt the proposed method with different mask to generate 

font for commercial use. 

 

(a) (b) 
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Figure 7. a example of proposed method. 

 

4. Conclusion and Discussion 

In business activities, the design of the font is very important, the text design directly affects the 

image of company. Choosing the right font will combine the perceived ability of the font with 

the image of the company. Good font design can highlight the information to consumers, the eye 

movements will more effective and reading will be   faster. Font design can strengthen the 

overall design. For example, the theme is about the 1950s, then it is necessary to apply fonts that 

match the background of that era, you can choose the font which is similar to the fonts in the 

advertising and signage of that period. If it's a solemn theme, choose a dignified font to show its 

solemnity. Fonts can be a good interpretation of the overall style, and demonstrate the method 

proposed in this paper again. 

 

Huang et. al.[5] carried out a series of studies on which factors will influent people while they 

reading on smart phone, through reading comprehension tests on the subjects, it find that the font 

size do not significantly affect the reader’s reading level, however, the influence of the font style 

is very significant. This is because the subjects can adjust the viewing distance from the eyes to 

the screen of the mobile phone. After the subject find the best viewing angle, the font size will 

not have a significant impact on reading level, but because different font has different features, 

there features may be helpful for people to read, or not so helpful. As mentioned in the article, 

the Ming font is easier to read than the Li font, because the height and density of Ming font is 

larger than the Li font. the reading time of the Kai font is significantly shorter than Hei and Ming 

font. The study result demonstrates an easy and efficient adjustable method to design custom 

font. 
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Abstract 

Human motion recognition has been a research hotspot for video image processing for decades. 

Since the traditional pattern recognition research in the past decades, human motion recognition 

based on deep learning has achieved remarkable success with the development of artificial 

intelligence. In particular, CNN has made great achievements in the field of image processing. It 

has been shown that when using proper regularization training, CNN can achieve excellent 

performance in visual object recognition tasks without relying on manual features. In addition, 

CNN has been proven to be relatively less sensitive to changes in the characteristics of the input. 

However, the method of independent frame commemorative CNN identification can not consider 

the motion information encoded between consecutive multiple frames. Therefore, this paper 

proposes a neural network recognition based on 3D convolution, aiming to better capture time 

and space information. 

 

Keywords: Action recognition, 3D CNN, Deep learning 

 

1. Introduction 

In the past few decades, video acquisition equipment and broadband speed have been developed 

at a high speed. Nowadays, video has become the main carrier of information, and in recent 

years, it has exploded at a geometric speed, facing such massive video data. People urgently need 

stable and efficient automatic processing of video information, and human motion recognition 

have been an important topic
1
. 

 

By
2
 sampling the world several times per second, our neural architecture constantly registers 

new inputs even for a very short time, reaching an exposure to millions of natural images within 

just a year. Video-based human motion recognition targets automatically analyze the ongoing 

behavior from an unknown video or sequence of images. Simple behavior recognition is the 

action classification. Given a video, it only needs to correctly classify it into several known 

action categories. The identification of complex points is that the video contains more than one 

action category, but multiple systems. It is necessary to automatically recognize the type of 
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action and the starting time of the action. The ultimate goal of behavioral recognition is to 

analyze who is in what position and where and what is doing in the video.The application of 

human behavior recognition has a wide range of backgrounds, mainly focusing on intelligent 

video surveillance, patient monitoring systems, human-computer interaction, virtual reality, 

smart home, smart security, athlete-assisted training, and content-based video retrieval and 

intelligent image compression.  

 

There are many kinds of methodological systems for visual human motion analysis and 

recognition: Forsyth
3
 and others believe that human motion analysis is a regression problem, and 

human motion classification is actually a classification problem. In fact
4
, there are many 

common problems between them. Things about the features, such as feature extraction and 

description, are probably the same modus step. If we divide the research direction of human 

motion recognition into three levels
5
: mobile recognition, motion recognition, and behavior 

recognition, the current behavior recognition still basically stays in the second stage behavior 

recognition, that is, classify and judge some simple actions in life. Different from the traditional 

pattern recognition method, human motion recognition based on deep learning has developed 

rapidly in recent years. Traditional pattern recognition separates features and classifications, that 

is, manual design features. It mainly relies on the designer's prior knowledge and is difficult to 

use. The advantage of data is that due to the manual extraction of features
6
, the number of 

effective parameters is limited, and the research based on deep learning combines features and 

classifications for training and automatic learning. The number of effective parameters is relaxed, 

and degree learning can be applied to new applications. A new and effective feature 

representation is quickly learned from the training data. 

 

Deep
7
 learning allows computational models that are composed of multiple processing layers to 

learn representations of data with multiple levels of abstraction. As a model in machine learning, 

deep learning sets a multi-intermediate learning mechanism between input data and final output 

by constructing a layered learning method. One
8
 of the major advantages of deep learning is its 

capability to perform end-to-end optimization. Through continuous learning, images are 

automatically obtained. High dimensional features. At present, attempts to perform tasks such as 

human motion recognition, human body tracking, and image advanced processing using deep 

learning have yielded good results. For example, the Smart Room developed by the MIT Media 

Lab and a number of human behavior research projects for natural scenes. The CMU Robotics 

Institute has also carried out projects such as human detection and tracking, gait recognition, and 

behavior recognition. The University of Maryland's Automated Research Control Center 

conducts extensive research on human motion modeling, 3D human motion capture, and 

abnormal event detection.At this stage, common techniques for recognizing human motion 

include: 3D CNN human motion recognition, and dual CNN human motion recognition. Motion 

recognition method based on LSTM and CNN. Some
9
 people think that the number of video 

frames should be reduced and the speed of the algorithm should be increased. These methods 
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have repeated calculations, the recognition accuracy is not high, the hardware seeks in the 

recognition process is large, and the amount of data and time required for the model training is 

long. This paper aims to provide a effective recognition method based on 3D CNN, which 

overcomes the large amount of calculation, slow calculation speed, and improves recognition 

accuracy and real-time performance. 

 

2. Methods 

2.1 Comparison between 2D CNN and 3D CNN 

 

 

Fig.1. 2DCNN convolution process 

 

As can be seen from the above figure, 2DCNN uses the amount of n channels (a, a) size 

convolution kernels to convolve each channel separately, and then add these results to get the 

final output. 

 

 

Fig.2. 3DCNN convolution process 

 

As can be seen from the above figure, assuming that the image data is (n channels, n frames, w, 

h), 3D CNN convolves each volume through n channels (d, a, a) convolution kernels, and then n 

channels The volumes are added together to get the result. Compared with 2DCNN, 3DCNN 

extracts the information feature of time dimension, which is very meaningful in the recognition 

of short video. 

 

2.2 3D CNN Network Components 

The CNN (Convolutional Neural Network) is a type of depth model. It applies a trainable filter 
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and local neighborhood pooling operations to the original input, resulting in a hierarchical and 

increasingly complex representation of the features. Practice has shown that it can achieve very 

good results if trained with appropriate regularizations. One of the adventages of CNN is that it 

has  invariances  in posture, lighting, and complex backgrounds. 

 

The best value of CNN is that it is a depth model that can be used directly on the original input. 

However, it is a pity that although it has powerful skills, its grand dream is limited to the stage of 

2D input. Therefore, this paper proposes a new effective 3D CNN model, which can extract 

features from spatial and temporal dimensions and then perform 3D convolution to capture 

motion information obtained from multiple consecutive frames. 

 

The 3DCNN of this paper has the following neural network layer： 

 

Conv3d 

In two-dimensional CNN, convolution is applied to 2D feature maps, and features are only 

calculated from spatial dimensions. When using video data to analyze problems, we expect to 

capture motion information encoded in multiple consecutive frames. To this end, a convolution 

in CNN is proposed for 3D convolution to compute spatial and temporal dimensional features. 

3D convolution is to form a cube by stacking multiple consecutive frames and then applying a 

3D convolution kernel in the cube. With this structure, the feature map in the convolutional layer 

is connected to a plurality of adjacent frames in the upper layer, thereby capturing motion 

information. 

 

BatchNorm3d 

As we all know, deep neural networks mainly learn the distribution of training data, and can get a 

good generalization effect on the test set. But if the data we enter for each batch has a different 

distribution, it will bring difficulties to the training of the network. Moreover, it is obviously 

unreasonable to normalize the output of each layer of neural network, then BatchNorm needs to 

normalize the parameters that can be trained.  

 

Relu 

Because the linear model has insufficient expressive power, the Relu activation function is 

introduced to add nonlinear factors.  

 

Max Pool 

In order to ensure the position and rotation invariance of the feature and reduce the over-fitting 

problem, the Max pooling layer is added here, and some feature values are extracted from the 

Filter, and only the largest Pooling layer is obtained as the reserved value, and all other feature 

values are discarded. The largest value method represents that only the strongest of these features 

will be used and  discarding other weak features. 
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Dropout 

Let some neurons in the forward conduction stop working and so add the Dropout layer to 

prevent overfitting. 

 

2.3 Implementation Process 

2.3.1 Network Structure 

 

 

Fig.3. Convolution process 

 

It can be seen in Figure 3 that the feature is combined by three times 3D convolutions and three 

different down-fitting operations, and finally the final output is obtained by the fully connected 

layer. 

 

2.3.2 Image Size Change 

 

 

Fig.4. Size change during convolution 

 

After the experiment of the video complex frame, the good suitable size is obtained for 

information extraction, and at the same time, the saving and the maximum value of the 
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information are also provided. 

 

3. Experiment 

3.1 Experiment Environment 

The programming environment uses python 3.6 and that numpy, tensorflow and some other 

modules are needed. The UT-interaction dataset is be selected to be the research dataset. 

 

 

Fig.5. Data set sample 

 

The UT-interaction data set contains six classes of realistic human-human interactions, including 

shaking hands, pointing, hugging, pushing, kicking and punching
10

. Ground truth labels for these 

interactions are provided, including time intervals and bounding boxes. There is a total of 20 

video sequences whose lengths are around 1 minute. Each video contains at least one execution 

per interaction, providing us 8 executions of human activities per video on average. In sets 1 to 4, 

only two interacting persons appear in the scene. In sets 5 to 8, both interacting persons and 

pedestrians are present in the scene. In sets 9 and 10, several pairs of interacting persons execute 

the activities simultaneously
11

. Several participants with more than 15 different clothing 

conditions appear in the videos. The videos are taken with the resolution of 720*480, 30fps, and 

the height of a person in the video is about 200 pixels. 

 

3.2 Experiment Result 

3.2.1 Feature Extraction 

For each video, we devide it into blocks of 15 contiguous frames. The model is then trained on 

these blocks instead of individual frame. In the convolutional layers, we use 3D convolutional 

filters to train the model to learn to detect temporal features. 

 

 

Fig.6. Feature extraction 
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3.2.2 Parameter Influence 

(1) Learning Rate 

Learning rate is an important super-parameter in deep learning. How to adjust the learning rate is 

one of the key elements for training a good model. 

 

Learning rate can't be too big or too small.  

 

In our experimental method, Learning rate takes 0.01 to get the best results. 

 

(2) Dropout 

Dropout refers to the temporary discarding of neural network units from the network according 

to a certain probability during the training of the deep learning network. Note that Dropout is 

temporary, for random gradient descent, each mini-batch is training a different network due to 

the randomly discarded. 

 

Neural networks have two drawbacks: 

(a) Prone to overfitting. 

(b) Time-consuming 

 

The emergence of Dropout is a good solution to this problem. Every time you do a dropout, it is 

equivalent to finding a thinner network from the original network. 

 

Therefore, In my experiment, I added the dropout because of overfitting. 

 

And, In the entire experimental structure, Dropout take 0.5 as the optimal choice. 

 

3.2.3 Comparison of Experimental Results 

 

Table.1 Data comparison 

Methods Overall handshake hug kick point punch push 

Bag-of-words 68.33 50 70 80 95 50 70 

Ryoo & Aggar 70.8 75 87.5 75 62.5 50 75 

Yu et al. 83.33 100 65 75 100 85 75 

Ryoo 85 - - - - - - 

Yu kong et al. 88.33 80 80 100 90 90 90 

Our method 90.83 87 90 99 99 80 90 
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It is worth mentioning that the activity prediction mentioned in the second article of Ryoo, that is, 

the system predicts its action before the end of the video, the accuracy rate has been greatly 

improved under the BOW method
12

. Yu Kong introduced high-level descriptions called 

interactive phrases to express binary semantic motion relationships between interacting people
13

. 

In his research, the feasibility of research between interactive phrases and BOW offenses was 

compared, and better experimental results were obtained. 

 

In this paper, the experimental results obtained by convolution of continuous frames and other 

data processing based on the 3D-based CNN neural network learning method  compared with 

the other methods,  it is proved that our method has high performance in short video interactive 

motion recognition. 

 

4. Conclusion 

This paper uses a new 3D CNN neural network structure to extract features and classifications. 

The Softmax is used in the classification, and the generative model is used in the discriminant 

classifier, which improves the recognition accuracy and real-time performance compared with 

the 2DCNN method alone. 

 

I think that deep learning will have many more successes in the near future because it requires 

very little engineering by hand, so it can easily take advantage of increases in the amount of 

available computation and data. Based on the extensive and effective use of CNN in image 

processing, this will be explored and researched by researchers more deeply. 
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Abstract 

This study contributes to the myriad of emerging techniques aimed at enhancing the predictability 

of Twitter content sentiment, and analysing the network distribution, to better inform campaigners 

in an electoral process. Tweets about the two favourite candidates in the presidential election 2017 

in Ecuador made up the datasets. A novel approach to data pre-processing is introduced, which 

includes in the analysis treatment of hashtags, URLs, and emoji. The count of unique Twitter 

users producing positive sentiment towards candidates was a robust predictor of vote share (error: 

0.25%), with a performance far better than the officially authorised polling firms. Also, the 

network distribution formed during the campaign was analysed, finding that retweets count for 

most tweets, and that the two favourite candidates were the most influential users. This approach 

can measure current vote intentions, and rank key influencers affecting each candidate, for which 

it may enhance management of Twitter campaigns for political purposes. 

 

Keywords: Sentiment analysis, Network distribution, Twitter, Politics. 

 

1. Introduction 

This study provides new empirical evidence showing that, during electoral contests, Twitter 

supports campaigners, as both, a predictor of results, and as a platform for intervening towards 

desired outcomes. Unlike conducting traditional polls, which in general demand greater input of 

time, financial and labour resources, Twitter content can provide a consistent picture of how 

values and meanings attached to individuals, goods, and services are shared and clustered among 

users in real time and at low cost. Therefore, monitoring Twitter is fast becoming a practice and 

positioning as an effective approach to nowcasting in a wide variety of fields.  

 

In politics, Twitter became and continues to be a key platform for voters to share ideas, concerns, 

and views on politicians, parties, and the overall public agenda. Likewise, politicians worldwide 

have adopted Twitter as a channel for self-promoting (Enli & Skogerbø, 2013; Golbeck, Grimes, 

& Rogers, 2010), discuss personal and political issues (Larsson & Moe, 2012; Lee & Xu, 2018), 
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and as instrument for partisan mobilisation (Dang-Xuan, Stieglitz, Wladarsch, & Neuberger, 

2013). Twitter gains particular relevance when politicians believe that traditional media fail to 

provide fair and equitable coverage to all candidates, for which they act themselves as media 

channels (Enli, 2017). Thus, awareness among politicians about the value of Twitter to address 

their aims of influence, recognition, while also increasing popularity, is extensive.  

  

Sentiment analysis is perhaps the most widespread analytical tool used when attempting to 

predict electoral outcomes with Twitter content. This consists of identifying positive and 

negative opinions, emotions, and evaluations (Wilson, Wiebe, & Hoffmann, 2005). A wide range 

of scholars have become interested in predicting the sentiment of voters to both, estimate their 

likelihood to support a given candidate for office, and to capture their positions about issues of 

political contestation (Arcuri et al., 2008; Friese et al., 2012; Roccato & Zogmaister, 2010). 

However, challenges remain when applying algorithms to experimental data, which is evident in 

the odds for prediction reported to date. Also, identifying influential Twitter users in terms of 

their impact on political debates is relevant to design Twitter campaigns, since this helps 

detecting who is setting the agenda of the political conversation within social networks. The 

distribution of networks that allows the identification of influential users can be done through 

social network analysis (SNA) tools. 

 

This study tests a new methodological approach to analyse both, sentiment of Twitter content, 

and distribution of networks to identify influential users, which could be used in the political 

arena for intervention-related decision making. Empirical data were taken from Twitter during the 

presidential race of Ecuador in 2017. A key novelty of this work is the approach to data 

pre-processing that derived the datasets used for performing sentiment analysis. When compared 

against the official results, the prediction approach used in this study resulted far more accurate 

than the predictions of polling firms authorised by the electoral authority of Ecuador. Besides, 

when analysing the distribution of networks, the most relevant users in terms of the ability to 

produce retweets were the candidates themselves, and one of the candidate’s political party 

Twitter account. The rest of this paper is structured as follows: Section 2 discusses previous work 

about the application of sentiment analysis tools and identification of influential users. Section 3 

presents the methodology, providing details for the processes of collection, pre-processing and 

analysis of the datasets. Section 4 discusses results and implications of this work. Finally, Section 

5 presents the concluding remarks. 

 

2. Related Work 

Twitter ability to extract insights of public opinion is a practice that is being popular especially 

when analysing users’ perceptions, and when gaining understanding of the wider opinion 

towards other Twitter users. In addition, Twitter has been the scenario to analyse the structure 

and distribution of online networks to identify influential users setting the agenda in political 
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aspects. This literature review presents previous work about these two topics, following by the 

contribution of this study. 

 

2.1 Predictive Models Based on Sentiment Analysis Tools 

Nakov et al. (2016) refer to sentiment analysis as the “task of detecting whether a textual item 

expresses a positive or negative opinion in general or about a given entity” (p. 1). This usually 

involves the use of natural language processing tools, statistics, and text analysis (Sweeney & 

Padmanabhan, 2017). In the electoral arena, sentiment analysis is useful for calculating trends in 

vote intentions, and for capturing insights into users’ behaviours that are relevant for candidates 

and campaigners to make opportune and informed decisions.  

 

When relying on Twitter content, according to Saif, He, Fernandez, and Alani (2016), the two 

most widely used tasks to predict the sentiment involve: 1) supervised machine learning 

(language-based), which is based on labelled data that need pre-processing, and be split in 

training and testing datasets; and, 2) lexicon-based methods (knowledge-based) that allow the 

identification of sentiment polarisation of text through predefined dictionaries of opinion words 

(Sweeney & Padmanabhan, 2017). Lexicon-based tasks do not require pre-processing or training 

of a classifier (Dhaoui, Webster, & Tan, 2017; Saif et al., 2016).  

 

Data pre-processing is, however, a key task that may influence the validity of predictions since it 

improves the ability to correctly categorise text. It involves for instance text tokenisation, 

part-of-speech tags, bag-of-words methods, stemming, N-grams construction, etc. Also, it 

demands the treatment of hashtags, URLs, and emoticons (Barbosa & Feng, 2010; Saif, He, & 

Alani, 2012). In some cases, these latter Twitter features have not been considered when 

performing sentiment analysis (Pak & Paroubek, 2010), while in others, these features have been 

changed with manually inputted text that approximate the emotions and messages intended 

(Agarwal et al., 2011; Go, Bhayani, & Huang, 2009; Kouloumpis, Wilson, & Moore, 2011).  

 

Once datasets are constructed, a critical component to perform sentiment analysis is the 

availability of corpora or labelled dictionaries to develop the models, which are hardly available 

in languages other than English. A corpus is a collection of written structure material that has 

identified sentiment polarisation associated with the text. However, even when a corpus is 

available, it might not be comprehensive enough to perform well, since it might require 

context-specific semantics (Jha, Manjunath, Shenoy, & Venugopal, 2016). To address this, some 

researchers have developed their own dictionaries of tweets and performed manual detection of 

sentiment, either by analysing texts or just the emoticons found in tweets (Neethu & Rajasree, 

2013; Pak & Paroubek, 2010). This approach, although ideal, is labour/time-consuming and 

label-intensive (Liu & Zhang, 2012), requiring also the participation of different labellers to 

triangulate and allocate more accurate sentiments. When corpora are not fully available, 
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nonetheless, collaborative-based software packages for sentiment detection may be in some 

cases a suitable option. 

 

2.2 Performance Evaluation of Sentiment Analysis with Real Cases 

The superiority of Twitter over traditional polls for predicting electoral races is still a contested 

issue. Some researchers contend that Twitter data predict vote intention better than polls (Ceron, 

Curini, & Iacus, 2015; Godin et al., 2014; Sang & Bos, 2012). Others claim that Twitter data 

simply correlate with polling results, for which Twitter should be seen only as a useful 

complement to off-line polls (Borondo, Morales, Losada, & Benito, 2012; O'Connor, 

Balasubramanyan, Routledge, & Smith, 2010). Also, there are those that claim that sentiment in 

tweets is not as competitive as traditional polls, or is not indicative of elections results at all 

(Mellon & Prosser, 2017; Mitchell & Hitlin, 2013; Schoen et al., 2013; Sinnenberg et al., 2017). 

What is true about the survey approach is that it involves significant operational costs and 

predictions are not dynamically updated (Jin et al., 2010), which place a burden on the capacity 

for opportune action to improve the probability to obtain desired electoral outcomes. 

 

However, predictive models of sentiment could not always anticipate the outcome of an electoral 

race. For example, in an attempt to conduct a pre-election forecast for the 2015 United Kingdom 

General Election, Burnap et al. (2016) could not predict the party that won the majority of seats 

in the Parliament. Nonetheless, polling companies also failed to deliver accurate results, even 

when they used different techniques such as face-to-face surveys, telephone and online polls. 

From the viewpoint of Hodges (2015), predictions were wrong because of manipulation of the 

information and perceptions by mainstream media. Clark (2015) suggests that these predictions 

were not accurate because pollsters failed to properly address sampling factors and demographic 

aspects. And Healy (2015) claims that the strategy used by the polling companies were simply 

not adequate. So, predictive models are not infallible methods, because there might be 

unattended factors that could affect the overall predictive outcome, or just because in politics 

people can be persuaded to change their minds in the last minute for unforeseen reasons.  

 

2.3 Who is Setting the Agenda in Political Aspects? 

Traditionally, mainstream media organisations and governments have dominated the channels 

for the propagation of information, and subsequently managed political agendas. Nowadays, 

online platforms are the scenario where, besides mainstream media and government, citizens 

also generate and discuss political content, which give them the ability to connect with others 

and influence them politically. However, the hegemony of mainstream media and governments 

in the information people consume has seemingly remained, defeating in some cases the 

“disintermediation” aim of Internet (Raven & Fleenor, 2002). In this contested landscape of 

production of trendy content, identifying the actors that are setting the political agenda on social 

media users is essential for understanding how political system and diffusion of information 

during elections work in Twitter. 
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When it comes to measuring the influence of a single user to the Twitter communities, the most 

used approaches rely on followership, retweet counts, and mention influence (Cha, Haddadi, 

Benevenuto, & Gummadi, 2010; Dang-Xuan et al., 2013). Followership is determined by the 

number of followers, and assumes that users with larger number of followers have more 

influence than others (Kwak, Lee, Park, & Moon, 2010; Weng, Lim, Jiang, & He, 2010). 

Retweet count is associated with those users that have the power or ability to spread messages 

widely, and it is measured by the times that a single tweet is reproduced (Rattanaritnont, Toyoda, 

& Kitsuregawa, 2012; Rogers, 2010). And mention influence refers to the ability of a user to 

engage others in a conversation, and represent the name value of Twitter users (Cha et al., 2010; 

Tumasjan, Sprenger, Sandner, & Welpe, 2010). Nonetheless, ranking users’ influence is also a 

contested debate as there is not a definite metric that can claim being fully representative of 

influence on others’ decisions.  

 

The evidence suggests that politicians, established journalists, media, and bloggers are the most 

prevalent actors in Twitter content during electoral periods (Dubois & Gaffney, 2014; Larsson & 

Moe, 2012; Parmelee, 2014). Therefore, Twitter contributes in the diffusion of political debates 

and setting the agenda (Larsson & Moe, 2012), providing a valuable platform for everyday 

common citizens to discuss public political issues and to uncover content that is overlooked by 

traditional media, and politicians. In this sense, SNA tools are one of the most used approach to 

identify influential users within networks (Kitsak et al., 2010; Xu et al., 2012), which can be 

either visually represented through graphs or matrices. In social media platforms, SNA refers to 

the identification of online networks that allows the discovery of patterns and connections in 

social relationships, providing an understanding of their structural properties (Scott, 2017). 

 

2.4 Contribution of this Paper 

Literature on predictive modelling has used Twitter data extensively to develop sentiment 

analysis tools that forecast a variety of social dynamic outcomes. However, even though the 

ability of Twitter to provide real-time information about a range of situations is overall 

acknowledged, it is still under debate its superiority when comparing its dependability with 

traditional polls results. The purpose of this study is twofold: first, contribute to the myriad of 

emerging techniques aimed at enhancing the predictability of Twitter content through means of 

sentiment analysis, involving a novelty approach for data pre-processing; and second, following 

the work of Larsson and Moe (2012), unpack the dynamics in Twitter that influence on the 

electoral preferences of users. The latter involves identifying the most relevant users that generate 

impact on Twitter by setting the agenda in political debates. Finally, taking the incremental data 

produced during an electoral race, the here proposed approach is meant to deliver real-time 

polarisation of sentiment, as well as the identification of most influential actors.    

 

3. Methodology 
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3.1 Data Collection 

This study used Twitter content about the presidential race 2017 in Ecuador as source of data. It 

involved extracting approximately 1.3 million tweets in Spanish language posted by 140.617 

users during the first and second rounds of the presidential election. The first round took place 

between the 26
th

 of November 2016 and 17
th

 of February 2017, while the second round between 

the 5
th

 of March and 1
st
 of April 2017, which comprised in total 16 weeks. The criteria for data 

collection were to retrieve tweets referring to the two favourite candidates, Lenin Moreno and 

Guillermo Lasso, by using mentions (@lenin, @LassoGuillermo), hashtags (#leninmoreno, 

#guillermolasso), and keywords including candidates’ names. Tweets were extracted using the 

Twitter API search tool and through means of RStudio Team (2016) scripts. Data were classified 

in weekly intervals. 

 

3.2 Data Pre-Processing 

The data pre-processing involved cleaning and organising the data before performing sentiment 

analysis. Numbers, punctuation signs, extra blank spaces, and any special character were 

removed from the tweets, as well as tweets that were not written in Spanish. Since hashtags 

contain valuable information that can affect the sentiment analysis results (Davidov, Tsur, & 

Rappoport, 2010), hashtags were split and changed into single words. For example, the hashtag 

“#ISupportLenin” was transformed into “I Support Lenin”. After this process, hashtags were 

removed from the tweets.  

 

Concerning emoticons, in previous studies these have been replaced with equivalent text. 

However, this has been limited to representation of facial expressions in form of typographic. 

Nowadays, Twitter can support emoji, which is described as pictograph to describe situations. In 

this study, emoji were transformed into text in Spanish language adapting the decoder file 

developed by Peterka-Bonetta (2015), and they were removed after replacements. Finally, URLs 

were extracted and collected every week. Then, only the most popular URLs in terms of number 

of occurrence, covering almost 80% of the total URLs, were chosen to manually determine the 

sentiment of the link. Following URLs were replaced by the correspondent sentiment, and 

deleted from the datasets. 

 

3.3 Sentiment Analysis 

To perform the sentiment analysis, it was first assessed the possibility to build a classifier. 

However, the absence of a robust corpus in Spanish language was a major limitation. For this 

reason, several text analytic software packages were evaluated based on technical capabilities to 

deal with Spanish language content. In the end, MeaningCloud™ 

(http://www.meaningcloud.com) performed the highest level of accuracy based on a data sample. 

MeaningCloud™ uses advanced natural language processing techniques to detect polarity in 

texts, and it allows users to personalise own dictionaries to adapt the analysis based on their 

needs (MeaningCloud, 2017). In addition, this package has been used for academic purposes, 
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especially oriented to sentiment analysis in Spanish language (Bilro, Loureiro, & Guerreiro, 

2018; Zanfardini, Bigné, & Andreu, 2017). After MeaningCloud™ completed the process of 

sentiment analysis during the sixteen weeks, simple arithmetic counting procedure was 

performed where each favourable tweet about a candidate was assumed to be one vote. For both 

rounds of the official campaign period, this procedure was applied to two sets of data as shown 

in Table 2. 

 

3.4 Identification of the Most Prevalent Type of Tweet (RT, Replies, Random Tweets) 

Once the tweets were exported from Twitter to a spreadsheet document, they were classified into 

either one of the following three categories: retweet, reply, or personal tweet. Retweet can be 

identified since the tweet is preceded by either the words RT or Retweeted and the Boolean 

value assigned in the column “isRetweet” is TRUE. Reply represents tweets that have been 

generated as a response to another tweet, and it can be identified in the spreadsheet if the value in 

the column “replyToSN” is different than NA (no available). Finally, a tweet is assumed personal, 

if it does not follow under the two categories mentioned before, this means “isRetweet” is 

FALSE, and “replyToSN” equals to NA. Second, third, and fourth row in Figure 1 shows 

identification of retweet, reply, and personal tweet respectively. 

 

 

Figure 1. Identification of tweets based on the source of the tweet. 

 

4. Results and Discussion 

4.1 Predicting the Presidential Race Results 

Table 2 reveals that in the first round, 63,007 Twitter users produced 402,637 tweets that were 

favourable to either Lenin Moreno or Guillermo Lasso. In the second round, 66,813 users 

produced 290,423 tweets favouring either of the two candidates analysed. The disparity in the 

number of tweets and users in first and second round is firstly due to the difference in time 

length for each of the rounds (12 and 4 weeks respectively). Secondly, the number of tweets and 

users that supported candidates other than Lenin Moreno and Guillermo Lasso in the first around 

(there were 8 candidates in the first round) were (imbalanced) distributed between the two final 

candidates in the second round. 

 

Table 2 

Numbers of favourable tweets and Twitter users about the Ecuadorian elections 2017 

Candidates 
Favourable Tweets Favourable Users 

1
st
 round 2

nd
 round 1

st
 round 2

nd
 round 

Lenin Moreno  286,597   171,871   41,554   34,346  
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Guillermo Lasso  116,040   118,552   21,453   32,467  

Total  402,637   290,423   63,007   66,813  

 

The number of tweets, which correctly anticipated which candidate would win the election, was 

far from the official distribution of votes (error of 12.83% in first round and 8.02% in second). 

This issue was more evident in the first round, probably because there were six other candidates 

triggering Twitter content. On the contrary, the number of users resulted significantly closer to 

official results, particularly in the 2
nd

 round (error of only 0.25%) as shown in Table 3. Therefore, 

the number of users generating favourable Twitter content about a candidate was in this case a 

reliable predictor.   

 

Table 3 

Twitter and official results from the Ecuadorian elections 2017 

Candidates 
Results Tweets Results Twitter users Official results 

1
st
 round 2

nd
 round 1

st
 round 2

nd
 round 1

st
 round* 2

nd
 round 

L. Moreno 71.18% 59.18% 65.95% 51.41% 58.35% 51.16% 

G. Lasso 28.82% 40.82% 34.05% 48.59% 41.65% 48.84% 

Error 12.83%   8.02%   7.60%   0.25% 
  

Source: Official results taken from https://resultados2017.cne.gob.ec/frmResultados.aspx  

*Actual official results for first round were: Lenin Moreno 39.36% and Guillermo Lasso 28.09%. 

To allow comparison with the numbers of tweets and users, the numbers shown in official results 

for 1
st
 round are adjusted after assuming that the two candidates account for 100% of the votes. 

 

The firms Market, Cedatos, Opinión Pública, and Perfiles de Opinión, were the polling firms 

authorised by the electoral system authority of Ecuador (CNE) to conduct polls and report their 

results in the media as presented in  

 

Table 4. The mean error of the polling firms, in terms of the official results, was 5.98%. For the 

first round, the mean error was 8.23%, while for the second round this error accounted for 3.73%. 

When compared to the Twitter-users’ prediction (first round 7.6% and second round 0.25%), this 

study reveals that Twitter was a more accurate predictor than polling firms altogether in the 

Ecuadorian presidential elections of 2017.   

 

Table 4 

Pre-vote polls and official results from the Ecuadorian elections 2017* 

Candidates 

Market Cedatos Opinión Pública 
Perfiles de 

Opinión 

1st 

round 

2nd 

round 

1st 

round 

2nd 

round 

1st 

round 

2nd 

round 

1st 

round 

2nd 

round 

https://resultados2017.cne.gob.ec/frmResultados.aspx
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L. Moreno 28.49% 52.08% 32.30% 52.41% 34.20% 57.48% 35.00% 57.59% 

G. Lasso 18.29% 47.92% 21.50% 47.59% 18.20% 42.52% 16.00% 42.41% 

Error: 
        

L. Moreno -10.87% 0.92% -7.06% 1.25% -5.16% 6.32% -4.36% 6.43% 

Guillermo -9.80% -0.92% -6.59% -1.25% -9.89% -6.32% -12.09% -6.43% 

Source: Summary of polls in Newspaper “El Universo” 

http://www.eluniverso.com/noticias/2017/03/22/nota/6101566/encuestadoras-dan-ultimo-reporte

-intencion-voto  

*These results correspond to the last polls conducted before the voting took place in the two 

rounds. 

 

4.2 Identifying the Most Influential Users 

From the 1.356.728 tweets collected, it could be observed that 84.38% were retweeted tweets, 

8.53% tweets generated as replies to other Twitter accounts, and 6.64% were personal tweets. 

Since the clear majority of tweets were retweets, the following step involved identifying the 

Twitter accounts that had the highest number of retweets during the elections. Concerning Lenin 

Moreno, it can be observed that his official Twitter communicational and personal accounts, 

@VamosLenin and @Lenin were consistently the most retweeted Twitter accounts throughout 

the 16 weeks. For Guillermo Lasso, his own personal account, @LassoGuillermo, was always 

the most retweeted throughout the campaign. The 5 most retweeted accounts during the 16 

weeks generated almost 44% of the total retweet count. Other than the candidates’, Twitter 

accounts that generated the highest counts of retweets were of two types: 1) unverified random 

accounts, which engaged in supporting or opposing either of the candidates; and 2) official 

parties’ accounts. Surprisingly, traditional media only comprised a small portion of the most 

retweeted accounts, reflecting that the hegemony media had in the past is somehow 

disintermediated by other Twitter users. 

 

5. Conclusion 

This study made a twofold contribution: 1) it presented new empirical evidence that Twitter 

content can be a better predictor of electoral outcomes than traditional polls. The count of 

Twitter users producing favourable content about candidates resulted a robust predictor of vote 

share in the Ecuadorian presidential elections of 2017, and a more accurate approach than that of 

traditional polling firms. The mean errors of Twitter prediction, in terms of the official results, 

were 7.6% and 0.25% for the first and second rounds respectively. Conversely, mean errors for 

the polling firms were 8.23% and 3.73%. Therefore, against criticism that Twitter misrepresents 

the overall public opinion (Mellon & Prosser, 2017; Mitchell & Hitlin, 2013; Schoen et al., 2013; 

Sinnenberg et al., 2017), this study showed that sentiment of tweets is a realistic real-time 

indicator of voters’ preferences. 2) It provided a new approach to predict sentiment and identify 

influential Twitter accounts in real time, by introducing a data pre-processing procedure, and the 

implementation in RStudio Team (2016) to classify tweets by type to identify influential users 

http://www.eluniverso.com/noticias/2017/03/22/nota/6101566/encuestadoras-dan-ultimo-reporte-intencion-voto
http://www.eluniverso.com/noticias/2017/03/22/nota/6101566/encuestadoras-dan-ultimo-reporte-intencion-voto
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setting the political agenda. Most tweets collected in this study were retweets. This is evidence 

that Twitter is used as a disseminating tool rather than for interaction, which supports the study 

conducted by Kwak et al. (2010) and Larsson and Moe (2012). Besides candidates, unverified 

random users resulted more influential than traditional media. This suggests that to an important 

extent, Twitter disintermediated the political debate in this electoral process.  

 

Concerning limitations, the likelihood of a given user to has multiple accounts producing 

simultaneous favourable and/or unfavourable content about candidates stands out. This study did 

not consider the presence and influence of hackers, bots, and trolls, which are described as those 

accounts massively created to influence on the perception of popularity (Shen, Yu, Dong, & Nan, 

2014) through the generation or distribution of information. Also, the scope of this paper is 

limited by the data collection period, so its findings should be interpreted in the light of this 

constraint. Finally, in terms of future research, further work towards automation of sentiment 

identification in URLs would enhance the resource performance of this approach.  
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1. Background 

In the last decades, personnel scheduling problems have been studied widely. The motivation of 

the study is mainly for the cost cutting for labor in industries. However, personnel scheduling in 

academic institutions especially for help desk duty scheduling for school library, IT department 

and residential hall are quite different from the ones in the industries.  Universities and colleges 

offer part time positions and work hours for students as part of financial aid package. Cutting 

labor cost and meeting students’ needs become both important in staffing and scheduling 

decision. When creating work schedules, student’s preferences (e.g. the flexible work hours, not 

conflicting with their class schedule and maximum weekly work hours allowed by school policy) 

need to be taken into account. There are some scheduling software available in market for 

colleges to license such as Springshare and ShiftBoard. However, it costs at least $600 a year 

even we just license a part of the bundle of product LibStaffer for reference desk in a library. In 

addition, in a library of university there are generally different departments: reference desk, 

circulation help desk, curriculum media center desk and research center desk. Each department 

serves different customer group got different purpose and thus they have different desk open 

hours. We are proposing a framework to develop a cost effective system to automatically 

schedule for all help desks in the library. The completed system will be used for scheduling for 

help desks and release the staff from working on the schedules manually.   

 

2. Methods 

The project for library help desk scheduling is based on the following facts: 

 

(1) Open hours for entire library are different in different time periods: dates when class going on 

of spring semester, spring break week, final examination week of spring semester, summer time, 

dates when class going on of fall semester, fall break week, final examination week of fall 

semester. 

 

(2) The work hours the students are able to offer and total numbers of students who could work 

are both different for school time and summer time.   

 

(3) In the library, different departments may have different desk open hours. For example, the 

reference desk and circulation departments in the library have different open desk hours even for 

a period of time, say, Oct 22 to Nov. 27 2017.  
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(4) Student is only allowed to work maximum 12 hours per week during the school time.  

 

We ask library staff and student workers to complete a form by filling “0” in the hour in which 

they need worker and are available to work respectively. Fig. 1 is the form that Jessica Hall (ID: 

1) completes for semester. It shows that she is available to work from 6pm to 9pm on Wednesday 

for the semester.  

 

 

Fig. 1 Jessica Hall’s schedule with available hours in “0” 

 

We convert help desk schedule into two-value matrix A(x, y): “0” means need worker, “99” 

means no need worker. We convert student schedule into two-value matrix Bi(x,y): “0” means 

available to work, “99” means not available. Both matrices are same dimension of M x N with N 

being number of rows and M the number of columns. Each row represents one hour and each 

column represents a day from Monday to Sunday. M=16 and N=7. We use i in Bi(x,y) to 

represent ith student workers and i ≤ W. W is the total students applying for work on the library 

help desk. 

 

The following rules are used for scheduling: 

1) Each Bi(x,y) has its own counter, Nbi. Since a student is only allowed to work maximum 12 

hours by school policy and thus Nbi ≤ 12 and Nbi is initialized to zeros at first. The counter is 

used to count the hours that has been assigned to ith student. 

 

2) Scheduling starts from Sunday, the first column of A(x,y) and Bi(x,y). For 0’s on the column 

from top to down in A(x,y), from the top to down search for a block for three consecutive 0’s (3 

hours) of the first column in Bi(x,y) for EACH student (i=1, 2, 3… W). If the block is found at 
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Bi(x,y) and Nbi < 10, set A(x,y) = i in the corresponding locations of Bi(x,y). Increment Nbi by 

three.  

 

3) Repeat step 2 for Monday, Tuesday, through Saturday.  

 

4) Scheduling starts from Sunday, the first column of A(x,y) and Bi(x,y). For 0’s on the column 

from top to down in A(x,y), from the top to down search for a block for two consecutive 0’s (one 

hours) of the first column in Bi(x,y) for each student (i=1, 2, 3… W). If the block is found at 

Bi(x,y) and Nbi < 11, set A(x,y) = i in the corresponding locations of Bi(x,y). Increment Nbi by 

two.  

 

5) Repeat step 4 for Monday, Tuesday through Saturday  

 

6) Repeat step 4 and 5 but searching for one 0’s with Nbi <12 until all 0’s in A(x,y) is replaced 

by i.  

 

3. Experiments  

Matlab programming language is chosen to complete the project because it has vectored coding 

and it is great in matrix manipulations. The spring semester and spring break schedules start on 

Sunday to Friday with specific time slots. Ten students (W=10) will sign up for the spring semester 

and spring break schedules. First, the 3 hour time slots will be scheduled. Next, the 2 hour time 

slots will be scheduled. The remaining time slots which consist of 1 hour should be all filled in. 

The Matlab script is able to properly start filling in the 3 hour, then 2 hour, and finally 1 hour time 

slots for both semester and break schedule. When a student has a 3 hour time slot, the students ID 

number will replace those 3 hours for confirmation of which student has that time slot. The 

students schedule will do the same and replace the time slot hours with the student ID number 

when confirmed. 

 

Fig. 2 is a block diagram that maps out the mains script. For description, the main script is called 

“redo” which loads all the students into a numbered structure. The student structure contains the 

student ID number and student total hours for the semester and break schedule. After this, the 

semester schedule is loaded first and replaced with a variable and both the first student and the 

semester schedule is then put into the function “Pzerocheckmon3.”  
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Fig. 2 Block diagram of the whole script 

 

The function Pzerocheckmon3 checks the student and semester schedule for 3 hour time slots at 

the same time slot range starting with Sunday. If there is a match, then the function replaces the 3 

hour slot numbers from 0 to the student ID number on the student schedule and the semester 

schedule.  The function also updates the total number of hours by 3 and then repeats check for the 

following days. If there are no matches whatsoever, the function will continue to the next day and 

continue checking for 3 hour time slots.  

 

After going through the Pzerocheckmon3 function, the student and the semester schedule will go 

back to the main script “redo” updating in the student structure. After going the first function, the 

second function “Pzerocheckmon2” takes the updated version of the student schedule and 

semester schedule and does the same task as Pzerocheckmon3, but for a 2 hour time slot. If the 

function finds a match for a 2 hour time slot, the function 2 hours to the student total and replaces 

the student and semester schedule numbers with the student ID number. Also, if there are no more 

matches the function moves on to the next day until the student reaches the total number of hours 

or goes through a period of seven days.  

 

The next function is the “Pzerocheckmon1” which is the same as the last two functions, but only 

checks for a 1 hour time slot. After the student and semester schedule goes through these three 

functions, it does it again one more time to fill in left open spaces. Fig. 3 displays the spring 

semester and break before scheduling process. Fig. 4 shows the finished spring semester and break 

schedule with the time slots filled in with student ID numbers. The break schedule works the same 

as the semester functions. The functions for the spring break schedule are “Pbreak3Check,” 

“Pbreak2Check,” and “Pbreak2Check.” These functions correspond to the Spring Break schedule 

and works accordingly. 

 

 

     Redo (main script) 

Pzerocheckmon2 

Function 

 

Pzerocheckmon2 

Function 

 

Pzerocheckmon3 

Function 
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Fig. 3 Spring Semester and Break schedules before scheduling process. 

 

 

Fig. 4 Spring Semester and Break schedules after scheduling process for the help desk 

 

The following Fig. 5 –8 are the generated results of four student schedules after the scheduling 

process. Semester schedule is the left 7 columns. Break schedule is the right 7 columns. 
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Fig. 5 Student 1. Semester schedule is the left 7 columns. Break schedule is the right 7 columns. 

 

 

Fig. 6 Student 2. Semester schedule is the left 7 columns. Break schedule is the right 7 columns. 
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Fig. 7 Student 3. Semester schedule is the left 7 columns. Break schedule is the right 7 columns. 

 

 

Fig. 8 Student 9. Semester schedule is the left 7 columns. Break schedule is the right 7 columns. 

 

4. Conclusion 

The proposed method is easy to implement and quick to generate the help desk schedule for 

library staff and the work schedule for every student workers. The strategy we used to fill in 3 

consecutive hours first and then two hours ensures all the opening hours of the help desk to be 

filled up as much as possible. It also allows a student to work a time period as long as possible at 

a time. As the program is designed in such a way that there is a student assign working on the 

help desk for every open hour. Therefore, every student may not get an equal number of working 

hours using this program. However, if there are much more students contributing more available 

hours, each may obtain a close number of working hours working at the help desk. In summary, 

the proposed scheduling program is an effective and easy way to schedule a duty. It released staff 

from working on schedules manually and also met student workers’ needs.  
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9. Background/ Objectives and Goals 

In 2013, the Ministry of Land, Infrastructure, Transport, and Tourism of Japan amended the 

Enforcement Ordinance of Construction Standard Law. The aseismic performance of designated 

ceilings (or Tokutei Tenjyo in Japanese) is now required after this amendment.  

 

Compared to previous studies, which mainly focused on tests, here we consider the use of finite 

element method (FEM)as an analytical method to propose a new model for integrated ceilings. 

As an elementary study, we will explain the static loading tests conducted for a new type of 

integrated ceiling unit, and introduce a simulation model for the bracing members in buckling 

analysis. 

 

10. Methods 

The study includes two parts: 1) Static loading tests of the ceiling units, and 2) Buckling analysis 

of the bracing members using a simulation model for the ceiling units. 

 

The ceiling unit comprises main bars, W bars, a cross bar, ceiling joist receivers, reinforced 

substrates, bracing members, hanging bolts, and metal joints. To confirm the hysteresis 

properties in different dimensions, four specimens were used in the static loading tests. 

According to the intervals of the main bars and the cross bars and the loading directions, four 

specimens were designated as: 1000-1500-C, 1500-1000-M, 1500-1000-C, and 1000-1500-M. 

 

To examine the buckling performance of the bracing members, we modeled and simulated the 

bracing members used in the static loading tests. The simulation model comprises two bracing 

members (V-shaped) and a rigid plate. The rigid plate represents the reinforced substrates used in 

the ceiling units. The simulation is conducted using FEM analysis software Jvision (x64 ver.3.1.5 

(rev. 10639)) and LS-DYNA (Version: SMP s R7.0.0 Revision: 79055). The simulation models 
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were created using shell elements. The length of each shell element was 5 mm, and the length of 

the brace member was 1,600 mm. The widths of the two flanges were 40 mm and 20 mm, and 

the width of the web was 25 mm. The inclination of the bracing members was set to 51°. The 

ends of the bracing members were set in spherical joints. The rigid plate was forced to move 

horizontally in one direction by 10 mm over 5 seconds. The analysis data were recorded every 

0.005 seconds. The initial imperfection was not taken into account in this model. The number of 

nodes and elements were 756 and 643, respectively. 

 

11. Conclusion 

In this paper, we explained the static loading tests of a new type of integrated ceiling unit, and 

introduced a simulation model for the bracing members in buckling analysis using FEM. 

 

The stiffnesses and hysteresis properties of the new type of integrated ceilings were confirmed 

by static loading tests. 

 

Based on the static loading tests, we modeled and simulated the bracing members to confirm 

their buckling performance. Because the initial imperfections and deformation of other ceiling 

substrates were not considered in the simulation, the stiffness of the analysis model is very 

different from the static loading tests. Therefore, the rigidity and stiffness of the ceiling surface 

of the integrated ceiling are low, and it is essential to take all ceiling substrates into account to 

analyze the performance of the bracing members. In addition, in this simulation model the end of 

the bracing members are set in spherical joints for the sake of convenience. However, the system 

of metal joints used to connect the bracing members and hanging bolts is far more complicated 

than spherical joints. Hence, the modeling of metal joints should also be reconsidered. The 

findings in this paper will play a principle role in later studies, where the analysis results from 

simulation models closely match with the test results. 

 

Keywords: suspended ceiling, integrated ceiling, bracing member, FEM  
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1. Backgrounds: 

As one of the commonly used methods for traffic engineering, Multi-Protocol Label Switching 

(MPLS) uses labels to mark explicit routing paths in packets. The advantage of this approach is 

that it cuts the traffic arbitrarily in units of packets, and is very flexible in the choice of routing 

paths. However, the labels in MPLS are statically configured. Once the routing path is determined, 

the changes cannot be made. Therefore, the packets cannot be rerouted according to the network 

status. In the SDN architecture, the controller can receive the instantaneous network status 

information and adjust the packet routing at any time by modifying the routing table in the switch. 

With the technology of decoupling the control plane from the forwarding plane in 

Software-Defined Networking(SDN) networks, the network controller may easily gain the 

centralized control over distributed traffic flows and adjust traffic dynamically. By taking this 

benefit, in this paper, we take into account of traffic engineering (TE) to improve the network 

resource utilization and to increase the throughput of network. Network congestion could be 

caused by multiple small flows aggregation in a link or a single giant flow consuming too much 

link bandwidth. We propose a method to segment a giant flow with the assistance of using the 

group table to forward the packets to the destination through multiple available path. Grouping and 

rerouting aggregated elephant flows by Fulkerson algorithm. Through the adoption of both 

techniques, network congestion problem can be effectively reduced. Additionally, network 

resource usage can be more efficient and balanced, and overall network throughput can be 

significantly increased.  

 

2. Methods: 

OpenFlow (OF) is considered one of the first software-defined networking (SDN) standards and 

Group table is one of the components of Openflow. The Group table contains four fields: Group 

Identifier, Group Type, Counters and Action Buckets List. In the method proposed in this paper, 

the switch will send a message to the controller when there is a link in the network that starts to 

block (the bandwidth usage rate exceeds 70%).After receiving the congestion message, the 

controller The controller will determine whether the congestion is caused by a single giant flow 

flow or caused by the aggregated elephant flows. In the case of a single giant flow causing 

congestion, the controller will add the group table field of the switch, classify the traffic of the 

mailto:g7106056079@smail.nchu.edu.tw
mailto:sjkao@cs.nchu.edu.tw
mailto:sjkao@cs.nchu.edu.tw
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input switch by using the group identifier, and then uses the select command to cause the same 

stream to perform different output operations in the set of action buckets list. In this way, we can 

send the same flow from different ports, reduce the load on the original congestion link, and enable 

the flow to be dynamically transmitted from multiple paths. 

If the congestion is caused by the aggregated elephant stream, the controller will first group the 

aggregated flows with the specific fields of the packet. And find out the main flows that caused the 

congestion by total flow size. After that, use the traffic scheduling algorithm to find the 

appropriate path to reroute those aggregated flows to solve the congestion problem. 

 

3. Conclusions: 

In the experiment, the mininet is used to establish the topology of Figure 1. Initially, UDP 

packets are transmitted from H1 at a rate of 50 Mb per second to H2 for 30 seconds, and at 30 

seconds, the rate is increased from 50 Mb per second to 100 Mb per second. Observe the changes 

of three ports (eth1:S1 to S2; eth2:S1 to S3; eth3:S1 to S4) on Switch1. All packets are 

transmitted by eth2 in the first 30 seconds. At 30 seconds, the controller detects that eth2 is 

blocked. In the case, and began to transfer the packets to the three ports connected to S1 on 

average, the traffic on eth1 increased by 34.1Mb/s in about 32 seconds, and the traffic on eth2 

dropped to 33.2Mb/s, while eth3 increased. 32.7Mb/s, which proves that this method can 

dynamically adjust the traffic of the network. 

 

 

Keywords: Traffic engineering, Load balance, SDN, Group table 
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Abstract 

When a droplet gently lands on an atomically-smooth substrate, it will most likely contact the 

underlying surface in about 0.1 second. However, theoretical estimation from fluid mechanics 

predicts a contact time of 10 to 100 seconds. What causes this large discrepancy and how does 

nature speed up contact by two orders of magnitude? To probe this fundamental question, we 

prepare atomically-smooth substrates by either coating a liquid film on glass or using a 

freshly-cleaved mica surface, and visualize the droplet contact dynamics with 30nm resolution. 

Interestingly, we discover two distinct speed-up approaches: (1) droplet skidding due to even 

minute perturbations breaks rotational symmetry and produces early contact at the thinnest gap 

location, and (2) for the unperturbed situation with rotational symmetry, a previously-unnoticed 

boundary flow around only 0.1mm/s expedites air drainage by over one order of magnitude. 

Together these two mechanisms universally explain general contact phenomena on smooth 

substrates. The fundamental discoveries shed new light on the contact and drainage research [1, 

2]. 
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1. Research Background and Objectives  

The construction industry is one of the most hazardous industries. There exist potential hazards 

that need to be identified, removed or controlled by safety managers before the construction 

starts. Conventional safety training courses heavily focus on lecturing safety regulations and 

sharing cases and photos of historical construction accidents. While such an approach improves 

general knowledge and sense of safety of trained workers, it seldom improves the workers’ 

ability to identify potential hazards on jobsite. 

 

This research first created a virtual reality construction site model using Unity 3D, and 

developed an interactive hazard-identification game that allows trainees to have realistic 

hands-on identification experience. The game is modularized and structured with different 

construction scenes and types of hazards to increase the flexibility of creating different versions 

of games for each training course. We also conducted an experiment to measure the learning 

effectiveness, motivation, and satisfaction of experienced workers and the students without site 

experience, and compared the result with the conventional training approach. Using the proposed 

game, we also conducted another experiment to study the effect of environment noises such as 

colors and object movement on the identification ability of experienced workers and the 

students.  

 

2. Methods 

Figure 1 describes the research process. The first step collects hazards from the related literature 

and reports of Ministry of Labor of Taiwan. The second two steps run in parallel to create 

suitable construction scenes that can appropriately accommodate the selected hazards, and to 

create a survey and problem sets for the exams to be used in the later experiment. The survey 

was used to measure the learning motivation and satisfaction of the recruited participants. To 
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further develop the system, different sets of scenes and hazards (Fig. 2) are created so that the 

system manager may dynamically create a new different 3D game each time simply by selecting 

the interested scenes and hazards. For the experiment, a pretest was conducted to evaluate the 

difficulty level for each of the exam problems that have been created. Based on the pretest result, 

the problems were randomly selected and divided into two problem sets with the statistically 

equivalent difficulty levels. These two problem sets will be used to test and compare the learning 

effectiveness between the conventional lecture and the game playing approaches.   

 

 

Figure 1 Research flow chart 

 

 
 

3. Results and Conclusions 

Twenty-two civil engineering graduate students participated in the pre-test. Forty-two civil 

engineering undergraduate students who had no working experience, and twenty construction 

site superintendents and managers participated in the tests, lecture, and game playing. 

 

The results show that the students received significantly higher scores than the construction 

professionals (62.05 vs. 47.8) for the pretest, which was done before any training. Note that the 

students came from a highly competitive university while professional’s educational background 

varied a lot. After the training of the conventional lecture, the improvement of test scores from 

Test 0 to Test 1 was not significant (from 62.05 to 64.26 for students, and from 47.8 to 59.6 for 
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professionals). However, after playing the game, the improvement of test scores was significant 

(64.26 vs. 73.88 for students, 59.6 vs. 72.25 for professionals). Therefore, playing game not only 

can improve the participants’ test scores but also show improvement even after the training of 

conventional lecture. 

 

Nevertheless, the survey also shows the weaknesses of the game. First, both the improved 

learning motivation and satisfaction from playing the game are not significant. Second, 18% of 

the participants think the game is boring, and 16% think the content is monolithic and not 

diversified enough. This is understandable because the game was implemented just to prove the 

research concept of the proposed model instead of commercial use. Although the objects in the 

game scenes are realistic with high quality rendering, the excitement and sound effect are still far 

behind the quality of commercial game. The game also has strengths: e.g., 52%, 48%, 51%, and 

48% of the participants think the game is interesting, motivates learning interest, helps learning 

safety knowledge, and helps familiarizing construction site, respectively. 

 

Keywords: Construction safety training, 3D education game, hazard identification 
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Abstract 

The pure-component organic working fluids have the constraints of the thermodynamic 

properties during saturated evaporation and condensation in the ORC. These restrictions of the 

thermodynamic properties in saturated states lead to the decrease of the heat energy conversion 

because the minimal temperature difference between waste heat source and working fluid are 

required. In order to break through the limitations of thermodynamic and heat transfer 

performances of the pure components, the mixtures of organic fluids had been evaluated and 

employed as the working fluids of the ORC. The temperature glides of evaporation and 

condensation in the ORC system are affected by the pressure drops occurred in the heat 

exchangers. The pressure drop in the evaporator decreases the temperature glide of evaporation 

and also reduces thermodynamic performance. On the contrary, the effect of the pressure drop in 

the condenser enhances the temperature glide of condensation and results in a lower exit 

temperature of working fluid in the condenser. It also leads to the reduction of pinch point in the 

condenser and decreases the heat transfer performance. When pressure drop ratios in both 

evaporator and condenser equal to 0.16, R245fa/R236fa mixture with optimal concentration is 

thermodynamically superior to R236fa and R245fa by 2.16% and 9.07%, respectively. Similarly, 

under optimal mixture, R245fa/R236fa also performs better than R236fa by 2.37% or R245fa by 

1.5% in economic analysis. 

 

Keywords: R245fa/R236fa, Pressure drop, Organic Rankine cycle, Waste heat recovery, 

Thermoeconomic. 

 

1. Introduction 

The organic Rankine cycle (ORC) system has been widely employed to obtain useful power or 

electricity. Because of the low boiling temperature of working fluids, the ORC system possesses 

a great potential in low-grade thermal energy conversion [1]. For pure-component working fluids, 

the performance analyses of the ORC systems for waste heat recovery (WHR) from the cooling 
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water system and exhaust gas of large marine engines [2, 3], truck diesel engines [4] and 

gasoline engines [5] were reported. To raise the efficiency of the waste heat recovery for the 

internal combustion engines, the operating parameters such as evaporation and condensation 

temperatures of the ORC system concerning the net power output enhancement were analyzed [6, 

7]. Another method to increase the effect of the WHR is to combine the supercritical and 

subcritical loops [8, 9] or to install a recuperator [10] in the ORC. Employing suitable working 

fluids to enhance the performance of the ORC for WHR has been attended in many previous 

literatures [11, 12]. 

 

The pure-component organic working fluids have the constraints of the thermodynamic 

properties in saturated states which lead to the decrease of the heat energy conversion because 

the minimal temperature difference between waste heat source and working fluid are required. In 

order to overcome the shortcomings of thermodynamic and heat transfer performances of the 

pure components, the mixtures of organic fluids were evaluated and employed as the working 

fluids of the ORC [13]. Furthermore, using the mixture of R245fa and R365mfc as the working 

fluid, the ORC system was investigated experimentally to improve its performance [14]. Because 

the temperature glide occurred in evaporation and condensation processes, the thermodynamic 

performance of the ORC system was improved theoretically under fixed pinch points [15, 16]. 

The zeotropic mixtures had higher thermal efficiency and lower exergy loss than their 

pure-component working fluids [17]. In addition, the composition ratio of the mixed working 

fluid was an important factor in determining the thermodynamic performance [18-20]. For the 

ORC system, mixtures with suitable mass fractions of the components might behave appropriate 

temperature glides in heat exchangers and have higher power output than their pure-component 

working fluids [21-24]. The aim of this study is to investigate the effects of mass fractions of the 

mixture working fluids on the performance of an ORC system using R245fa/R236fa. Compared 

with pure-component R245fa and pure-component R236fa, the performance improvements of 

the ORC system with R245fa/R236fa mixture are reported. 

 

2. System Analysis 

Figure 1 provides a schematic of the ORC system for lower-grade WHR. Figures 2 (a)–(b) 

illustrate the temperature-entropy relationships of the mixed working fluid and pure-component 

working fluids in the ORCs. Furthermore, the properties of pure R245fa and R236fa are listed in 

Table 1. Figure 2 (a) also demonstrates the temperature glides occurred in phase change 

processes of the ORC. The temperature glides, △T2-3 and △T5-6, address the temperature 

differences of evaporation and condensation for the mixture in the heat exchangers. Furthermore, 

note that the state 2 represents the saturated temperature of liquid working fluid, and state 3 

denotes the inlet temperature of vapor working fluid of the expander. Similarly, in Fig. 1 and 

Figs. 2(a)–(b), states 5 and 6 indicate the saturated temperatures of vapor and liquid working 

fluids during condensation process. In addition, △Teva,min and △Tcon,min are addressed to denote 

the pinch points, the minimal temperature differences occurred in the evaporator and condenser. 
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In heat exchangers, the pinch temperature differences in heat transfer processes are kept constant. 

In Fig. 2(b), it is noted that no temperature glide is observed for the ORC system with 

pure-component R245fa. Compared Fig. 2(a) with Fig. 2(b), two more shaded areas in the T-s 

diagram are obtained for the ORC system with R245fa/R236fa (50/50 wt%) for specified T2 and 

T5 at the same △Teva,min and △Tcon,min. Apparently, these additional areas will improve the 

thermodynamic performance of the ORC in WHR. 

 

 

Fig. 1. An ORC system. 

 

  

(a)                                      (b) 

Fig. 2. The temperature-entropy diagram of ORC with (a) R245fa/R236fa mixture and (b) 

pure-component R245fa. 

 

Table 1 The properties of working fluids. 
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Item R236fa R245fa 

Molar mass 

(kg/kmol) 

152.04 134.05 

Tcri (°C ) 124.92 154.01 

Pcri (MPa) 3.2 3.65 

ODP 0 0 

GWP 9810 693 

SAFE A1 B1 

 

To depict the mass fraction of the R245fa/R236fa mixture briefly, the concentration of the 

mixture, in which component R245fa blends with component R236fa, is defined as 

 

faRfaR

faR

mm

m

236245

236


                              (1) 

 

Because the temperature glide of the mixture affects the ORC performances obviously, the 

parameter, θ, is designated to represent the slopes of temperature glides for phase change 

processes and is defined as 

 

s

T




                                 (2) 

 

Consequently, Δθ2-3 and Δθ5-6 denote the slopes of temperature glide for the evaporation and 

condensation, respectively. Furthermore, the thermodynamic equations of the ORC capacity 

calculation are expressed and listed in Table 2. Therefore, the net power output of the ORC for 

WHR can be calculated as follows: 

 

pumexpnet WWW 
                            

(3) 

 

Table 2 The thermodynamic equations of capacity calculation for each component. 

Item The thermodynamic equations 

Evaporator  13 iimQ reva   

Expander   exprexp iimW 43   

Condenser  64 iimQ rcon   
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Pump   pumrpum /ppvmW 616   

Thermal efficiency   evapumexpth Q/WW   

 

The levelized energy cost is introduced as 

 

na

tot

W

COMCCRF
LEC




                          (4) 

 

where Wna is annual net power output , 7200 h/ year and COM is operation and maintenance cost, 

1.5% of Ctot. And CRF is given as follows: 

  

 

  11

1






LT

LT

i

ii
CRF

                          (5) 

 

where i stands for interest rate, 5%, and LT  signifies lifetime, 20 years in this study. 

 

A FORTRAN program linked to the database, REFPROP, produced by the National Institute of 

Standards and Technology (NIST), is developed to obtain the standard reference data for 

thermodynamic and transport properties correctly for R245fa and R236fa, initially. Then, a 

computation model which employs the mixing rules of the Helmholtz energy for the components 

of the mixture is combined into this program to calculate R245fa/R236fa properties. At each 

state of the ORC, as the temperature and mass fraction ratio of the mixtures are input, the 

required thermodynamic and transport properties of R245fa/R236fa are obtained. Then, the 

energy balance evaluation, heat transfer calculation, total purchased cost calculation, and optimal 

parameter assessment can be completed, as can be observed in the authors’ earlier paper [1, 2]. It 

should be noted that considering the variation of the properties of the mixture caused by 

temperature glide, the evaporator and condenser are discretized into 100 sections in analysis for 

obtaining the heat transfer rate more accurately [1, 2]. 

 

3. Results and Discussion 

 

Table 3 The primary parameters of the ORC. 

Parameter Value 

Mass flow rate of exhaust gas (kg/s) 

Inlet temperature of exhaust gas (°C) 

173 

160 



 

224 

Inlet temperature of cooling water (°C) 

Saturated temperature of liquid working fluid in the evaporator, T2 (°C) 

24 

76-100 

Saturated temperature of vapor working fluids in the condenser, T5(°C) 

Minimal temperature difference in evaporator, ∆Teva,min (°C) 

28-40 

30 

Minimal temperature difference in condenser, ∆Tcon,min (°C) 4 

The efficiencies of pump and expander, ηpum, ηexp 0.75 

The correction factors for evaporator and condenser, F 0.9 

 

In this study, the waste heat source is employed from the exhaust gas of a large diesel engine [1] 

and the related conditions and parameters are listed in Table 3. Note that the exhaust gas 

temperature of the diesel engine is about 300°C at the outlet of turbo-charger. After passing 

through the economizer, in which the waste heat energy is absorbed to generate low pressure steam 

for heating heavy diesel oil, the temperature of exhaust gas decreases significantly and becomes 

160°C. Furthermore, the minimal temperature differences of heat exchangers, the coefficients of 

pumps and expander are provided in Table 3. Figure 5 demonstrates the effects of T2 on the net 

power output, Wnet, and levelized energy cost, LEC, of the WHR system for R236fa, R245fa and 

R245fa/R236fa (50/50 wt%). Note that the saturated temperature of vapor working fluid, T5, in the 

condenser is set as 34°C. Form the observation of Fig. 3, it can be realized that as T2 increases, the 

values of Wnet rise. This is because the higher the expander inlet temperature is, the greater the 

expander power output will be. However, after attaining the maxima, Wnet decrease with T2. This 

can be apprehended that a higher T2 may decrease the outlet temperature of the waste heat source 

and reduces the amount of waste heat recovery. The R245fa/R236fa mixture performs the largest 

power output due to more heat energy absorbed from waste heat source as shown in Fig. 2(a) 

whereas R245fa exhibits the smallest one compared to the other working fluids. On the other hand, 

the curves of the LEC for these working fluids are concave upward. The levelized energy cost 

decreases initially, then achieves their minima, and finally increases with T2, as displayed in Fig. 3. 

It is shown that R245fa/R236fa mixture has the lowest LEC, followed by R236fa and R245fa. The 

lowest value of LEC for R245fa/R236fa is 0.634 $/kW-h at the optimal T2=76.8°C. Therefore, the 

R245fa/R236fa mixture (50/50 wt%) possesses higher thermodynamic and economic 

performances than its pure-component working fluid in the ORC system. 
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Fig. 5. The effects of T2 on Wnet and LEC. 
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1. Background/ Objectives and Goals 

Occupational injury in construction sites is a serious problem as it not only causes physical 

damage to the victims, but also brings severe influences to their family, company reputation, and 

national working power. According to government reports, the number of workers died from 

falling or rolling in construction site is significantly higher than the other incidents. Falling or 

rolling in construction sites may often be caused by poor safety management and triggered by 

loose protection devices, such as lifeline stanchions. The goal of this study is to develop a 

warning system to monitor whether the protection devices of construction workers are properly 

secured. If the protection device is unsecured, the site superintendents will be automatically 

notified by messages or emails sent to their mobile devices.  

 

2. Methods 

The proposed monitoring system informs the site managers about possible threats and therefore 

protect construction workers from occupational accidents. The proposed system stems from the 

concept of Internet-of-Things (IoT) and integrates modern information technologies: 

micro-switch, Bluetooth, single-chip micro-controller Arduino, and mobile app.  

 

3. Expected Results/ Conclusion/ Contribution 

The proposed monitoring system includes several components: micro-switch, micro-controller, 

and mobile app while data transmission is performed by Bluetooth signals. The proposed 

monitoring system uses the micro-switch to continuously monitor whether the protection device 

is secured. If the protection device becomes loose, the single-chip microcontroller will deliver 

Bluetooth signal to a transmission server, which notifies superintendents by messages or emails 

sent to an APP program in mobile devices.  

 

The practical use of the proposed system is showcased by applying it to lifeline stanchions (Fig. 

1). The micro-switch is originally placed between the stanchion and the anchor location on the 

steel plate. When the stanchion is secured, the switch is always on. When the stanchion becomes 

loose, the micro-switch can detect the threat and goes off. Warning messages would then be sent 

to the superintendents’ mobile phones. The monitoring system (including the micro-switch, the 

Arduino controller, and Bluetooth module) has been be linked and packaged as Fig. 2 whereas 

the App program has been programmed and installed on the mobile phone. 
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Fig. 1. Lifeline stanchions 

 

 

Fig. 2. Detection mechnisum (left: switch is off; right: switch is on) 

 

 

Fig. 3. Monitoring system 

 

The motoring system has been tested on site. The system works well and the feedbacks from 

superintendents are positive. The superintendents agree that they can monitor the condition of the 

stanchions with the aid of the proposed system and fix the problem when receiving the warning 

messages as stanchions become loose. They also agree that labor safety can be improved by the 

proposed system. Future applications can be extended to other situations where loose objects 

may lead to accidents, such as heavy lifting. 

 

Keywords: Labor safety, Internet of Things, Information and Communication Technology, , 

protection device 

 

  



 

230 

ACEAIT-0246 

Experimental Study on Judges of Damage Level for Corrosion of Steel 

Bridges by Deep Learning 

 

Atsushi Machiguchi
a,*

, Norio Tada
b
, Hiromasa Takei

c
, Yasuo Chikata

d 

a,*
Dept. of Civil Eng., School of Environmental Design, Kanazawa University, Japan 

Nihonkai Consultant Co.,Ltd., AI Technology Office , Japan 

E-mail address: a-machiguchi@nihonkai.co.jp 

 
b 

Dept. of Computer and Information Sciences, Nihonkai Consultant Co.,Ltd., AI Technology 

Office, Japan 

E-mail address: n-tada@nihonkai.co.jp 

 
c 
Dept. of Computer and Information Sciences, Nihon Unisys, Ltd., Japan 

E-mail address: hiromasa.takei@unisys.co.jp 

 
d 

Dept. of Civil Eng., Faculty of Geosciences and civil Engineering, Institute of Science and 

Engineering, Kanazawa University, Japan 

E-mail address: chikata@staff.kanazawa-u.ac.jp 

 

Abstract 

In this experimental study, damage degrees of corrosion of a steel bridge was mechanically 

judged from deep learning and images. A deep learning scheme was built up, and some 

calculation models were examined. 

 

The result revealed that correctness of damage degrees was 58.7% to 96.8% (2 class: 96.8%, 4 

class: 58.7%) depending on the number of damage classification (2 classes or 4 classes). This 

result suggests that deep learning is applicable as judgment of damage degrees of corrosion 

based on images. 

 

Keywords: Deep learning，Artificial intelligence (AI)，Steel bridge，Corrosion 

 

1. Background/ Objectives and Goals 

Deterioration of infrastructures has become a social problem in Japan. In particular, labor-saving 

and efficiency improvement of structure inspections are required. In addition,  mistakes are 

unavoidable as judgment of damage degrees performed in inspections is qualitative judgment by 

engineers
1)

. An asset management system may be able to play a role in solving such problems. 

The asset management technology for bridges has been developed at home and abroad until 

now
2)･3)

. In addition, expert systems and detection of deterioration by SVM (Support Vector 

Machine) have been actively studied 
4)･5)･6)

. There are various study fields (degradation analysis 
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of concrete structure, Structural Health Monitoring, Landscape analysis, etc.) 
7）･8）in neural 

networks, which are one of AI technologies (machine learning).  

 

On the other hand, deep learning has been actively developed in recent years and has produced a 

number of achievements in the field of image recognition
9)

. Therefore, it is expected to be 

applied to the civil engineering field. In the field of steel bridges, there have been only few study 

cases that mechanically judged degrees of damage by deep learning. In this study, the authors 

constructed a model to mechanically judge corrosion degrees based on photographs of a main 

girder by deep learning. The goal of the study is to obtain correct answer rates of the constructed 

model that is higher than the engineer's (approx. 80%).  the authors’ past study (concrete 

deterioration factor judge using deep learning) was referred for the construction of the model
10)

 . 

 

2. Methods 

The algorithm uses deep learning. The deep learning model learns by input images(RGB) of 

damaged structure and teacher signal (correct damage degrees). As a result, the model will be 

able to output correct damage degrees according to input images of a damaged structure. The 

following sections describe the deep learning model(2.1) and the data used for deep learning 

process(2.2). 

 

2.1 Deep Learning Model 

Fig.1 shows an image of the deep learning model in this study. Details of the deep learning 

model are the followings. 

 

(1) Types of Deep Learning: Convolution Neural Network (CNN) 

CNN is selected in terms of performance in image recognition. 

 

(2) Programming Language: Python (Framework: Chainer) 

As a programming language and framework, Python and Chainer were selected since they are 

included in the CNN’s open source software library. 

 

(3) Model Structure: Convolution Layer · Pooling Layer · Convolution Layer · Pooling 

Layer · Fully Connected Layer · Output Layer 

The structure of the model is as shown in Fig. 2. The layer structure of the model consisted in the 

order of an input layer, a convolution layer, a pooling layer, a convolution layer, a pooling layer, 

a fully connected layer and an output layer. The structure of the model was simplified for the 

purpose of confirming applicability of deep learning. Details of the model were set with 

reference to past literature etc 
11）･12）･13）. The parameters of the model are shown below. 

 

· Activation function (output value・output layer): RelU ･ softmax 

· Calculation of the weights : back propagation (mini-batch , Adam) 
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· Epoch : Trial calculation (Specify the number of times ) 

 

For reference, the Machine's spec used in this study is shown in Table 1. 

 

 

Fig. 1: Outline of judgment on corrosion damage degree by deep learning 

 

 

Fig. 2: Structure of deep learning model (example of 4 classes) 

 

Table 1 : Specification of the machine used for this study (reference) 

OS Windows (R) 10 Pro 64bit 

Memory 64GB 

CPU Intel (R) Core (TM) i7-7700 

GPU NVIDIA (R) GeForce GTX 1080 Ti 

 

2.2 Data Used for Deep Learning 

(1) Input/ Output: Types of Damage Degree of Corrosion 

Input and output of deep learning were classes of damage degree of corrosion. 

 

(2) Types of Damage Degree of Corrosion: 4 Levels (Range and Depth) 

There are 4 levels in the damage degree in this study, according to the inspection data. These 

stages are evaluated based on the extent and depth of corrosion. This degree of damage (a · b · c 

· d and e) refers to Manuals on Bridge Inspection (Japan's Ministry of Land, Infrastructure and 
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Transport Road Bureau, June 2014). The data (degree of damage) used in this study was judged 

by an engineer qualified as Professional Engineer (Civil Engineering: Materials and Structures) 

and Inspector of a road bridge. Table 2 shows the definition and image of corrosion damage 

degrees used in this study. 

 

(3) Data (Number of Pictures): 255 (Photographed Area: Hokuriku Region of Japan, 

Photographer: Author) 

Data (number of pictures) used in this study was set to 255, which were taken by the authors at 

the site of Hokuriku Region in Japan. Table 3 shows the number of photos used for learning · 

judgment of deep learning. Details of the data used are as follows. 

 

· Number of photos per class: similar number 

· Photo ratio (learning · judgment): 80% · 20% (Learning and judgment use different pictures) 

· Image size: Resize to the same size based on calculation conditions 

 

The photograph size varies depending on photographing conditions (type of cameras etc.). 

Therefore, in this research, all the images are resized corresponded to the number of nodes in 

input layer. 

 

(4) Input Unit: 1 Photo or Small Piece Image (Cut out from the Photo) 

The image size suitable for deep learning is related to the features (shape, range, mechanism, 

etc.) of the object. Corrosion is a phenomenon in which coating deteriorates, metal oxidizes 

when it contacts with air or water, and the metal turns into rust. In corrosion, small rust occurs 

(STEP 1), the range of rust is expanded (STEP 2), then the thickness of the metal decreases 

(STEP 3), and the range where the thickness decreases is expanded or pitting occurs (STEP 4 ). 

From this mechanism of corrosion, it is considered that the image size to be input to deep 

learning needs to be larger than size which can recognize spread of rust. 

 

(5) Image Processing: Masking (Removal of Unnecessary Images) 

Pictures photographed in a bridge inspection often include images other than the object to be 

targeted (sky, ground, river, etc.). In deep learning, images other than the subject of imaging are 

regarded as errors. Therefore, images other than the object to be photographed are removed in 

masking process for improving the judgment accuracy. 

 

Table 2 : Definition of damage degree of corrosion and image 

Degree of 

damage 

 Good                               

Bad 

No.1: a No.2: b No.3: c 
No.4: d and e 

d e 
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Photo 

(Case) 
     

Rust 

criteri

a 

Depth 
No rust 

Surface rust 
Deep rust or pitting 

corrosion 

Range Partial Overall Partial Overall 

 

Table 3 : Number of photos used for learning and judgment 

Degree of 

damage 

Number of photos 

(sheets) 

Learning Judgment 

No.1:a 64 16 

No.2:b 64 16 

No.3:c 62 16 

No.4:d and e 65 16 

Total 255 64 

 

3. Results 

In this study, a model capable of judging corrosion damage degrees by deep learning was 

constructed. In addition, the following four were examined for the purpose of improving the 

accuracy rate and expanding the scope of application. 

 

・ Study of optimum image size (size: 360 × 240, 120 × 120) 

・ Study on the effect of masking (masking: yes / no) 

・ Study on increase of class number (number of classes: 2 · 3 · 4) 

・ Study on optimum epoch number (Number of epoch: 1000 to 50000 times) 

 

Details of the results are shown in 3.1 to 3.4. 

 

3.1 Study of Optimum Image Size (Size: 360 × 240, 120 × 120) 

The pictures were compared for the following so as to examine the input image size with a high 

rate of correct answers. 

 

(A) Input image size: 360 × 240 pixels (size of one photo) 

 

(B) Input image size: 120 × 120 pixels (Size: about 1/2 of the photo, cutting method: move the 

center coordinates by 20 pixels each) 

 

(B) is extracted by cutting out while overlapping the cutout range. The correct rate of deep 
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learning is higher with greater number of input images. Therefore, (B) can be expected to be 

improved in the correct answer rate. The calculation conditions are as follows. 

 

· Type of damage (class): No. 1 (degree of damage a) and No. 4 (damage degree d and e)  

· epoch: 5,000 times 

 

Table 4 shows the number of images and calculation results. The average correct answer rate in 

the table is used to compare the results. As a result of the calculation, the average correct answer 

rate of (A) was 71.4%, and that of (B) was 86.5%. The accuracy is higher than (A) with smaller 

size in (B), for the following reasons. 

 

･ Image size: The size of (B) is to express corrosion characteristics more than (A). 

･ Number of images: (B) has more images than (A). 

 

Table 4 : The number of images and the calculation result (3.1. Study of optimum image size) 

Degree of damage 

Number of images(Sheet) Correct answer rate 

(A)360×240 (B)120×120 (A) 

360×240 

(B) 

120×120 Learning Judgment Learning Judgment 

No.1:a 31 6 4,032 882 85.7% 91.6% 

No.4:d and e 32 6 4,158 882 57.1% 81.3% 

Total number 63 12 16,128 3,528 － － 

Average accuracy rate － － － － 71.4% 86.5% 

 

3.2. Study on the Effect of Masking (Masking: Yes/ No) 

Masking potentially improves the judgment's correct answer rate. Therefore, the following two 

were compared. 

 

(B) Masking: None (same as 3.1. (B)) 

(C) Masking: Yes 

 

The calculation conditions are as follows. 

・Damage degree type (class): No.1 (degree of damage a) and No. 4 (damage degree d and e) 

・epoch: 5,000 times 

・Image size: 120 × 120 

 

Table 5 shows the number of images and calculation results. The average correct answer rate was 

86.5% in (B) and 96.8% in (C). Masking improved the accuracy rate since images judged as 

errors were reduced by masking. The effect is greater than that obtained by reduction in the 

number of images due to masking. 
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Table 5 : Number of images and calculation results (3.2. Study on the effect of masking) 

Degree of damage 

Number of images Correct answer rate 

(B) No masking (C) With masking (B) No  

masking 

(C) With  

masking Learning Judgment Learning Judgment 

No.1:a 4,032 882 934 276 91.6% 100.0% 

No.4:d and e 4,158 882 1,314 416 81.3% 93.5% 

Total number 16,128 3,528 2,248 692 － － 

Average accuracy 

rate 
－ － － － 86.5% 96.8% 

 

3.3 Study on Increase of Class Number (Number of Classes: 2 · 3 · 4) 

Masking potentially improves the correct answer rate of judgment. Therefore, the following two 

were compared. In particular, it is difficult to judge corrosion damage degrees (d or e). Since this 

study is a basic study, "d" and "e" are combined into one category. In addition, in this study, the 

following three were compared in order to confirm the influence degrees of the increase / 

decrease of class number. 

 

(C) 2 classes (degree of damage a and d and e) , Same as (C) of (2) 

(D) 3 classes (degree of damage a, c and d and e) 

(E) 4 classes (degree of damage a, b, c and d and e) 

 

The calculation conditions are as follows. 

・Damage degree type (class): No. 1 (degree of damage a) and No. 4 (damage degree d and e) 

・epoch: 5,000 times 

・Image size: 120 × 120 

・Masking: Do 

 

Table 6 shows the number of images. Table 7 and Fig. 3 are calculation results. The average 

correct answer rates were 96.8% in (C), 72.2% in (D) and 55.7% in (E). A decrease in the 

average correct answer rate indicates an increase in the difficulty level of judgment. This is 

because the number of classifications based on image features has increased with an increase in 

classes. The correct rates of damage degrees b · c are lower than degrees of damage a · d and e. 

This is because the characteristics of damage degrees a · d and e are considered to be easily 

judgeable. Characteristics of each damage degree are shown below. 

 

・Degree of damage a: In a healthy state (a state where there is no rust color pattern of corrosion 

on the painted surface) 
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・Damage degree b · c: Damage degree between a and d and e 

 

・Damage degree d and e: Unhealthy condition (corrosion advances, the range of rust color and 

pattern is wide, rust is deep) 

 

The calculation result indicates that the goal of this study (average correct rate of 80% or more, 

in case of 2 classes) has been achieved. Five classes of judgment are necessary to actually use 

this model in bridge inspection. Therefore, it is necessary to improve the accuracy rates in the 

future. 

 

Table 6 : Number of images (3.3. Study on increase of class number) 

Degree of damage 

(C) 2 classes (D) 3 classes (E) 4 classes 

Learning 
Judgmen

t 
Learning 

Judgmen

t 
Learning Judgment 

No.1:a 934 276 934 276 934 276 

No.2:b － － － － 365 220 

No.3:c － － 597 122 597 122 

No.4:d and e 1,314 416 1,314 416 1,314 416 

Total number 2,248 692 2,845 814 3,210 4,244 

 

Table 7 : Calculation result : correct answer rate (3.3. Study on increase of class number) 

Degree of damage 
(C) 2 

classes 

(D) 3 

classes 

(E) 4 

classes 

No.1:a 100.0% 96.0% 87.7% 

No.2:b － － 25.9% 

No.3:c － 38.5% 32.0% 

No.4:d and e 93.5% 82.0% 77.4% 

Average accuracy rate 96.8% 72.2% 55.7% 

Target correct answer rate 80.0% 63.0% 55.0% 

 

 
Fig.3 : Calculation result : correct answer rate (3.3. Study on increase of class number) 
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3.4 Study on Optimum Epoch Number (Number of Epoch: 1000 to 50000 Times) 

One of the methods for improving correct rates of deep learning model is to change epoch 

numbers. Average correct answer rates were confirmed by changing the epoch numbers from 

1,000 times to 50,000 times. 

 

The calculation conditions are as follows. 

・Types of damage (class): No. 1 (degree of damage a) and No. 4 (damage degree d and e) 

・epoch : 1,000 to 50,000 

・Image size: 120 × 120 

・Masking: Do 

・Number of classes: 4 classes 

 

Table 8 shows calculation results. The number of images is omitted since it is similar to Table 6 

(class number: 4). Table 8 shows that correct answer rates rise with an increase in epoch numbers 

and tend to decrease after 10,000 times. The maximum percentage of correct answers was 58.7% 

when epoch number was 10,000 times. The accuracy rates were improved by approximately 

3.0% (58.7% -55.7%) by changing the epoch numbers from 5,000 times to 10,000 times 

improved. 

 

Table 8 : Calculation result : correct answer rate(3.4. Study on optimum epoch number) 

Degree of damage 
Learning frequency 

1,000 2,000 3,000 4,000 5,000 10,000 15,000 20,000 50,000 

No.1:a 87.7% 81.2% 81.2% 87.0% 87.7% 81.9% 76.8% 87.3% 79.0% 

No.2:b 25.9% 21.8% 29.5% 30.5% 25.9% 42.3% 30.0% 33.6% 25.5% 

No.3:c 32.0% 35.2% 32.0% 32.8% 32.0% 32.8% 41.8% 35.2% 18.0% 

No.4:d and e 77.4% 87.5% 83.2% 76.4% 77.4% 77.9% 79.1% 77.9% 78.4% 

Average accuracy rate 55.7% 56.4% 56.5% 56.7% 55.7% 58.7% 56.9% 58.5% 50.2% 

 

 

Fig.4 : Calculation result : correct answer rate(3.4. Study on optimum epoch number) 
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3.5 Review of Results and Future Issues 

In this study, a model for mechanically determining the corrosion degrees from the photograph 

of the main girder by deep learning was constructed. As a result, the highest correct rate of 

96.8% (2 classes: 96.8%, 3 classes: 72.2%, 4 class: 55.7%) was obtained. This result suggests 

that this algorithm is applicable as one piece of information to support the judgment by 

engineers.  

 

On the other hand, since a bridge is judged by 5 classes in an inspection and the accuracy of 

judgment by engineers is 80%, it is necessary to improve correctness rates of the model in the 

future. The future research subjects are as follows. 

 

(1) Increase, Quality Improvement of Data 

Deep learning depends greatly on the number of data. Therefore, it is important to increase the 

number of data. 

 

(2) Consideration of Model of Information Affecting Damage Degree (Construction Year · 

Environmental Information etc.) 

The extent of corrosion damage varies depending on construction years and years when they 

were painted. Besides, it depends on material of the paint and the environment in which the 

bridge is built (the distance from the sea, whether the anti-freezing agent is sprayed on the road, 

etc.). 

 

These pieces of information are reference information when an engineer makes a judgment. 

Correct answer rates of the model are improved if such information is taken into consideration. 

 

(3) Change of the Hyper Parameter of the Model of the Deep Learning 

In addition to the epoch numbers, hyper parameters of the deep learning model include the 

number and type of layers, the number of channels, and the like. Correct answer rates are 

improved by finding the optimum value of these parameters by trial calculation or the like. 

 

For the purpose of improving efficiency, labor saving and quality improvement in the bridge 

maintenance, this study will promote practical application of judgment on corrosion damage 

degrees by deep learning in the future. 
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Abstract 

The organic Rankine cycle (ORC) has great potential to recover the waste heat from low 

temperature heat source and produce useful work because of the low boiling temperature 

working fluids. In this study, to overcome the fixed thermodynamic performances of the 

pure-component working fluids, R236fa/R245fa/R1336mzz(Z) mixture is selected and employed 

as the working fluids in power cycle to overcome the limitations of thermodynamic properties of 

the pure one in phase changing processes. The aim of this study is to investigate the effects of 

mixture concentration for ORC system to enhance the thermodynamic performance. The results 

indicate that the ORC operated with R236fa/R245fa/R1336mzz(Z) behaves higher 

thermodynamic performance than operated with pure R236fa, pure R245fa or R1336mzz(Z).  

 

1. Background/ Objectives and Goals 

To recover the waste heat resource, the organic Rankine cycle (ORC) system has been widely 

employed to obtain useful power or electricity. However, the pure components of organic 

working fluids have the restriction of the thermodynamic properties during saturated evaporation 

and condensation in the ORC. These restriction of the thermodynamic properties in saturated 

state lead to the decrease of the heat energy conversion because the minimal temperature 

between waste heat source and working fluid are required. To break through the limitations of 

thermodynamic and heat transfer performances of the pure component, the mixtures of organic 

fluids have been evaluated and employed as the working fluids of the ORC.  

 

The thermal efficiency and exergy loss of an ORC system, at a certain mixture ratio, zeotropic 

mixtures did have higher thermal efficiency and lower exergy loss than the pure-component 

working fluids. Moreover, the concentration of the mixed working fluid is an important factor to 

influent the thermodynamic performance significantly. Suitable mass proportions of the 

components in the mixture behave appropriate temperature glides in heat exchangers of the ORC 

and perform higher power output than the pure component. Therefore, this study is to investigate 

the thermodynamic performance of an  ORC operated with R236fa/R245fa/R1336mzz(Z). 

 

2. Methods 

Figure illustrates the relationships between temperature and entropy of the mixed working fluid 

and its pure components in the ORCs. 
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To depict the concentration in triple-components mixture briefly, the mass fraction each 

component R236fa, R245fa and R1336mzz(Z) is defined as 

 

R236fa

R236fa R245fa R1336mzz(Z)

m

m m m
 

 
                             (1) 

R245fa

R236fa R245fa R1336mzz(Z)

m

m m m
 

 
                             (2) 

 

3. Conclusion 

Obviously, the triple-components mixture, R236fa/R245fa/R1336mzz(Z) with one third 

concentration perform most favorable behavior in thermodynamics. Moreover, the highest value 

of Wnet for R236fa/R245fa/R1336mzz(Z) is 253.2 kW and is higher than those of pure R236fa, 

R245fa and R1336mzz(Z) by 6.37%, 12.59% and 14.12%, respectively. 

 

 

 

Keywords: mixture, organic Rankine cycle, thermodynamic, performance, waste heat recovery 
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Abstract 

In this paper the problem of surface waves generated by sea bottom movements is studied, and 

an analytic solution in the time domain is presented. Using the present solution, typical results of 

waves generated by the sea bottom with a finite width and a finite movement in a finite time are 

presented. Time evolution of surface waves as generated and propagated away can be observed. 

The present solution can be further applied to investigate characteristics of generated surface 

waves in relating to scales of width and movement of the sea bottom variations. 

 

Keywords: surface waves, bottom variation, time domain, analytic solution 

 

1. Introduction 

Evolution of surface waves with time can provide magnitudes of growing wave heights as well 

as dynamic process of wave developing with time. With the aid of current science technology, 

tsunami generation events have been detected and measured with better reliability. However, the 

basic mechanism of sea bottom movements and related generated surface elevation still need 

further investigation (Tsuchiya et al., 2013; Fuentes et al., 2016). In this paper, an analytic 

solution is presented to describe generations of surface waves induced by variations of the sea 

bottom. As far as the analytic solution is concerned, an analytic solution of the transient wave 

generation was proposed by Lee et al.(1989), in which the Laplace transform was used to resolve 

the time-dependent function and the boundary-value problem was solved. Chang and Lin (2009) 

examined the solution proposed by Joo et al. (1990), and presented physical explanations to the 

solution. The fundamental scheme in their solution depends on a particular solution to the 

nonhomogeneous mathematical problem. In this research, a new solution is developed which 

could be applied for various kinds of problems. The present results show some characteristics of 

generated surface waves in related to scales of width and movement of the sea bottom variations. 

 

2. Problem and Solution 
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The problem considered in this study is shown in Fig. 1. The water depth is constant, and surface 

waves are generated due to movements of the bottom. By using the potential wave theory and the 

small amplitude assumption. The governing equation is the Laplace equation, 

 

2 ( , , ) 0x z t                    (1) 

 

The free surface and bottom conditions are, respectively, 
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The two sides of the problem domain are total reflection condition. Furthermore, the free surface 

is initially still. The displacement of the bottom is specified as 
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where,  is the width of the problem domain, a  is the size of the displaced bottom and is 

centered at / 2 . While ft  is the ending time of the movement and s  is the displacement.  

 

   

Fig. 1: Definition sketch of waves induced by bottom variations. 

 

The solution strategy to the problem in this study is innovated by inspection of previous 

solutions. In the solution, the horizontal coordinate is expressed using the Fourier cosine 

transformation, and the function of the vertical coordinate is obtained by solving the 

nonhomogeneous differential equations. The time dependent function is obtained from the free 
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surface and bottom boundary conditions. And finally, the initial conditions are used to determine 

integration constants of the time function. At this stage the analytic solution of the problem is 

completely determined. The free surface elevation calculated from the wave potential using the 

Bernoulli equation, and can be expressed as 
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3. Results and Discussion 

Typical results of surface waves generated by bottom upward movement are shown in Fig. 2. 

Surface elevations for time t=4.2sec, 10.6sec, and 29sec are indicated. The results show that at 

t=4.2sec one peak is generated, and at t=10.6sec two peaks are split and are moving away from 

each other with lower amplitudes. At t=29sec waves are moving further away, and smaller 

trailing waves are generated following the leading waves. To mention about surface waves 

generated by the sea bottom, it can be expected that having the same scale of bottom movement, 

the deeper the water depth the lower the wave height, but the wider the extent of the surface 

waves. Figure 3 indicates the results of three different water depths: 300m, 500m, and 1000m. 

The result shown in Fig. 2 which is the case of 100m can also be referred. For the wave height: 

the 100m depth is 0.5m, 300m depth is 0.3m, 500m depth is 0.2m, and 1000m depth is 0.1m. 

The decreasing tendency of generated wave height along with the increasing water depth is 

obvious.  

 

 

Fig. 2: Variations of surface waves with time induced by upward movement of the sea bottom. 
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Fig. 3: Scales of generated surface waves at different water depths 

 

One can also observe from Fig. 3 that the deeper the water depth, the larger scale of the surface 

hump is generated. It is reasonable that this phenomenon can be produced, as at a deeper location 

the bottom movement seems to release its power in a diverse way through the water body. 

However, a complete picture of the surface evolution can be obtained by using a more accurate 

data computation so to plot the figure within a certain accuracy. 

 

 

Fig. 4: Height and speed of generated surface waves at different bottom velocity 

 

Figure 4 shows surface elevation generated by different bottom movement velocity. The sea 

bottom is displaced 10m at different time interval, 1.25sec, 2.5sec, and 3.75sec. As shown in the 

result, the water surface is displaced up to 0.9m, 0.8m, and 0.7m, respectively. The higher the 

bottom velocity the higher the water surface displaced. The results are acceptable as the bottom 

boundary condition is specified by the velocity. Also, it can be observed that for faster velocity 

of the bottom movement, the time required for water surface to reach the highest level becomes 

shorter. 

 

The analytic solution specified by Eqs. (5a) and (5b) can be applied to calculate some other 
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different surface variations induced by the sea bottom change. Other variation of parameters, e.g., 

width of the bottom change and amplitude of bottom movement can also be considered. It is 

likely to be gestured that for bigger amplitude of bottom movements, there should be 

accompanied with higher generated surface waves. Over all speaking, the present analytic model 

can calculate reasonable surface wave scales generated by the sea bottom movements. 

 

4. Conclusion 

The problem of surface waves generated by the sea bottom movement is considered in this paper. 

The focus to this problem is the time-domain analytic solution. Under the assumption of 

potential wave and small amplitude wave theory. A new analytic solution is presented. The new 

solution is used to calculate some typical results, which show physically reasonability and 

acceptability. The present analytic solution can be further applied to investigate more 

characteristic properties of evolution of surface waves generated by the sea bottom movements. 

 

5. Acknowledgements 

Financial support to the present research is partially assigned by the Ministry of Science and 

Technology (MOST), Taiwan, under Grant number MOST-107-2221-E-006-084, and is hereby 

appreciated. 

 

6. References 

[1] Chang, Hsien-Kuo and Lin, Shi-Chuan (2009) An Analytical Linear Solution of Transient 

Waves Generated by a Piston-Type Wave-Maker in a Finite Flume, Journal of Coastal and 

Ocean Engineering, Vol 9(1), pp. 25-41. 

[2] Dean, R. G. and Dalrymple, R. A. (1984) Water Wave Mechanics for Engineers and 

Scientists, Prentice-Hall Inc., Englewood Cliffs, New Jersey.  

[3] Fuentes, M., Riquelme, S., Hayes, G., Medina, M., Melgar, D., Vargas, G., Gonzalez, J., and 

Vilillalobos, A. (2016) A study of the 2015 Mw8.3 Illapel Earthquake and Tsunami: 

Numerical and Analytical Approaches, Pure and Applied Geophysics, 173, pp.1847-1858. 

[4] Joo, S.W., Schultz, W.W. and Messiter, A.F. (1990) An Analysis of the Initial-value 

Wavemaker Problem, Journal of Fluid Mechanics, Vol. 214, pp. 161-183.  

[5] Lee, J.F., Kuo, J.R. and Lee, C.P. (1989) Transient Wavemaker Theory, Journal of hydraulic 

research, Vol. 27 (5), pp. 651-663. 

[6] Tsuchiya, S., Satou, Y., Matsuyama, M., and Tanaka, Y. (2013) The Effect Generated by 

Calculation Method of the Sea Bottom Displacement on Tsunami Estimation – 

Three-Dimensional Sea Bottom Crustal Movement Analysis, Journal of Japan Society of 

Civil Engineers, Ser.B2, Vol.69, No.2, pp.I_441-I_445.  

 

  



 

249 

ACEAIT-0262 

Comparison of Frequentist and Bayesian Inference for Interval Estimation on 

the Process Loss Index with Asymmetric Tolerances 

 

Chao-Zhen Liu
a,*

, Chien-Wei Wu
b 

Department of Industrial Engineering and Engineering Management, National Tsing Hua 

University, Hsinchu, Taiwan 
a,*

E-mail address: knockball99@gmail.com 

 
b 

E-mail address: cweiwu@ie.nthu.edu.tw 

 

1. Background 

Researches had applied traditional frequentist approach to measure the process performance 

based on the process loss index for asymmetric tolerances eL . However, the complicated 

sampling distribution of the estimated eL  and the unknown parameter in sampling distribution 

will significantly increase the complexity to establish the exact upper confidence bound of eL . 

Therefore, an alternative Bayesian approach is considered and the corresponding literature has 

been proposed by some scholars. Unfortunately, the posterior distribution in Bayesian approach 

is also complicated and then it is hard to establish the exact upper credible limit of eL . Due to 

this reason, we integrate the Markov chain Monte Carlo technique into Bayesian approach for 

constructing the upper credible limit of eL  in this study. In order to evaluate the performance 

between traditional frequentist approach and the Bayesian approach integrated with Markov 

chain Monte Carlo technique, a series of simulations are conducted. 

 

2. Methods 

In this study, there are two methods selected to construct the upper confidence bound and upper 

credible limit of eL , respectively. The first method is frequentist distribution approach. Given 

the sample of size  the significance level  the estimated eL  and the estimated value of 

unknown parameter  , we can obtain the upper confidence bound of eL  by using numerical 

integration technique with iterations to solve a complicated integration equation. Since it is so 

hard to solve a complicated integration equation, the Bayesian approach is considered naturally. 

Unfortunately, the posterior distribution in Bayesian approach which used to generate the 

,n ,
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parameter is also complicated, so we propose an approach that integrate the Markov chain Monte 

Carlo technique into the Bayesian approach to solve this problem. About our proposed approach, 

we must decide the posterior distribution in Bayesian model first before applying the Markov 

chain Monte Carlo technique. After that, the empirical posterior distribution for the parameter we 

interest could be obtained when the iteration number is given. Finally, we can solve the upper 

credible limit of eL  which is decided by the significance level  . Since the methods for 

constructing the upper confidence bound and upper credible limit of eL  are feasible and 

practical, we could evaluate them with some measurements by conducting a series of 

simulations. 

 

3. Conclusion 

In this study, we conduct a series of simulations to compare the performance between frequentist 

distribution approach and the proposed Bayesian approach integrated with Markov chain Monte 

Carlo technique in terms of coverage rate and the average value of upper confidence bound and 

upper credible limit. Note that the coverage rate is the probability that an upper confidence 

bound or upper credible limit is bigger than the actual interesting parameter. The simulation 

result shows that the accuracy of Bayesian approach integrated with Markov chain Monte Carlo 

technique is superior to traditional frequentist approach in most cases. Thus, the Bayesian 

approach integrated with Markov chain Monte Carlo technique can be considered as a reliable 

alternative approach for assessing the process performance in the view of process loss. 

 

Comparing to process yield, process loss provides another view for assessing the process 

performance because it can be used to distinguish the quality level of different products even 

though within the specification limits. Some researches had applied traditional frequentist 

approach to measure the process performance based on the process loss index for asymmetric 

tolerances eL . However, the complicated sampling distribution of the estimated eL  and the 

unknown parameter in sampling distribution will make the interval estimation of eL  unreliable. 

Therefore, an alternative Bayesian approach is considered. If the formula of posterior 

distribution is also complicated, the Markov chain Monte Carlo technique could be used to 

obtain the upper credible limit of eL . Finally, the upper confidence bound for the traditional 

frequentist approach and the upper credible limit for the proposed Markov chain Monte Carlo 

technique could be obtained successfully. 

 

Based on the simulation results, the Bayesian approach integrated with Markov chain Monte 

Carlo technique has better performance than traditional frequentist approach no matter what the 
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sample size is and has usually smaller average value of interval estimation in terms of upper 

credible limit which can provide more precise information. As a result, we can conclude that the 

Bayesian approach integrated with Markov chain Monte Carlo technique is a reliable alternative 

method for estimating and assessing the process loss. 

 

Keywords: process loss, asymmetric tolerances, Bayesian approach, Markov chain Monte Carlo, 

coverage rate 
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Abstract 

We show the use of a smart phone camera as a spectrometer that measures sucrose concentration, 

as a possible application to polymerase chain reaction (PCR) at biologically relevant 

concentrations, when used in conjunction with some simple optics, through a smartphone CMOS 

cameras provide spectral data comparable to laboratory instruments. 

 

When the light source passes through the lens and the sample passes through the slit to reach the 

grating and is diffracted to the CMOS camera, the color can be discriminated to discriminate the 

concentration change, wherein the discrimination reading is the light intensity change and the 

drift change of the liquid sample. 

 

Keywords: Smart phone, Spectrometer, Cylindrical lens, Sensing sensitivity. 

 

1. Background 

Since the increasing popularity of sensors and smart phones, many cumbersome experimental 

devices have been replaced by portable devices, and the field of medical spectrometry is no 

exception [1]. Optical spectrometers can clearly observe biological samples, but high-sensitivity 

spectrometers are cumbersome and expensive, which is not conducive to spectral measurements 

in the medical field, especially in the absence of medical equipment [2]. A small portable 

spectrometer connected to a smart phone, with a smart phone as a display and a data processing 

device, is relatively inexpensive, and is expected to promote the popularization of spectrometry 

and open a possibility that has never been seen before [3]. 

 

The portable spectrometer weighs only 140 grams, 3.5 cm in diameter and 9 cm in length, and 

can detect substances as small as 400-700 nm. The light source comes from a series of LED 

bulbs, and can also be connected to the ready-made optical tube on the market. The user can 

directly carry the device and scan directly on the item or human body. 

 

In the future, the portable spectrometer can detect the oxygen saturation of human blood, 

determine whether the supermarket meat is fresh, or judge whether the maturity of the fruit is 

sufficient, and the application range is wide [4-5]. 
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2. Methods 

2.1 Optical Setup 

The instrument is designed to use the rear camera of the phone as a sensor with the Sony XA2 

(23 MP CMOS sensor, 1/2.3 inch Exmor RSTM for mobile image sensor). Align the necessary 

optics with the phone camera to enable the camera to act as a spectrometer. A schematic diagram 

of the smartphone detection system is shown in Figure 1. 

 

 

Fig. 1. Schematic of the smartphone-based absorption detection system 

 

Using four different wavelength sources (LED: Red(630nm) / Green(528nm) / Blue(465nm) / 

white(550nm), field type: lambertian ), the light passes through the cylindrical lens (focal length 

= 6 mm) and passes through the sample through the second lens into the slit (diameter = 400 um) 

and passes through an angle of 20.1 degrees. The grating (1600 grooves/mms) is used to diffract 

light onto the CMOS sensor of the smartphone. 

 

The wavelength component of the light is split by the grating, which distributes the light onto the 

pixels of the camera, and a bright rainbow band appears near the center of the screen of the 

smartphone. The camera resolution (1920 x 1080 pixels) combined with the dispersion of the 

grating provides a spectral resolution of 0.366 nm/pixel (green) along the spectral axis of the 

resulting image. The system can observe wavelengths ranging from approximately 400 to 700 

nm.  

 

2.2 Digital Image Analysis 

The post-processor program is achieved by APP under Android operation system and is used to 

convert the original image into a spectrum of wavelengths of relative intensity. 

 

First, automatic thresholding is performed to crop non-data pixels from the analysis by removing 

pixels with zero intensity, reducing the resulting image to ~1100 x 100 pixel blocks. The peak 

intensity change and the peak drift change are determined by discriminating the excitation 

fluorescence and setting a wavelength range and discriminating the measurement in the range. 
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Fig. 2 Measurement APP operation interface 

 

3. Results 

3.1 The Digital Spectrum Transformation 

Through visible spectrum measurements, portable cell phone spectrometers can analyze a variety 

of imaging spectroscopy, including fluorescent chemical compounds, conventional dyes, and 

complex biological fluids that preferentially absorb or emit light of various wavelengths. In this 

paper, the sucrose aqueous solution is used for measurement. In this paper, the sucrose aqueous 

solution is used for measurement. The light intensity measurement system measures the light 

penetration intensity corresponding to the sensing aqueous solution of different refractive 

indexes, and then calculates the sensing sensitivity.  

 

When the light source passes through the lens, the light of different wavelengths will be 

dispersive due to the different exit angles, and the continuous or discontinuous colored light strip 

will be projected and imaged on the mobile phone. Figure 3 is the original fluorescent image 

through APP. Fig. 4 shows the original fluorescent image converted into a graph of relative 

intensity corresponding pixels, and obtained the change of peak intensity of each concentration, 

the calculated sensitivity and its R-Square can be obtained. The measured intensity is relative 

intensity (RI) is the pixel brightness value after spectral imaging, ranging from 0 to 255.  
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Fig. 3 Sucrose solution measurement 

fluorescence picture(green) 

Fig. 4 Wavelength corresponding pixel 

spectrum 

 

3.2 Figures and Tables 

In this paper, a sucrose aqueous solution was used as a sample for measuring the sensitivity of 

sensitivity. The sucrose and deionized water (DI Water) were prepared by weight concentration 

method to prepare different concentrations of sucrose aqueous solution, and by a digital 

refractometer (PALα, Atago, Inc. ) to confirm the concentration of the corresponding refractive 

index, the range is 1.333 to 1.345 RIU, the concentration of sucrose aqueous solution is shown in 

Table 1. Figs. 5-8 show the original spectral images detecting by four different light source. Figs. 

9-14 show the measurement results of sensing slope and coefficient of determination. Figs. 12-14 

show the measurement results detected by white light source with specific wavelength red (630 

nm), green (528 nm),and blue (465 nm) are chosen as relative intensity. 

 

Tables 1 Sucrose solution concentration table 

Sucrose solution Inedx(RIU) 

0% 1.333 

1% 1.334 

5% 1.339 

10% 1.345 

 

  

Fig. 5 Sucrose solution measurement 

fluorescence picture(blue) 

Fig. 6 Sucrose solution measurement 

fluorescence picture(green) 
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Fig. 7 Sucrose solution measurement 

fluorescence picture(red) 

Fig. 8 Sucrose solution measurement 

fluorescence picture(White) 

  

Fig. 9 Refractive index corresponding to 

relative intensity change (blue) 

Fig. 10 Refractive index corresponding to 

relative intensity change (green) 

  

Fig. 11 Refractive index corresponding to 

relative intensity change (red) 

Fig. 12 Refractive index corresponding to 

relative intensity change (blue peak) 

  

Fig. 13 Refractive index corresponding to 

relative intensity change (green peak) 

Fig. 14 Refractive index corresponding to 

relative intensity change (red peak) 
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Tables 2 Detailed results of sensitivity (RI/RIU), slope and coefficient of determination for 

different detecting light 

   LED  

 

 

Blue 

(465 

nm) 

Green 

(528 

nm) 

Red 

(630 

nm) 

W/blue 

(465nm) 

W/green 

(528nm) 

W/red 

(630nm) 

Sensitivity 143.33 540.0 425.83 212.5 117.5 276.67 

Slope 
0.1502 0.6163 0.4652 0.2357 0.1292 0.3379 

R-Square 
0.8193 0.9575 0.9064 0.9270 0.9445 0.9244 

 

The portable spectrum detector of this study, combined with smart phone and spectrometer, was 

measured in different concentrations of sucrose solution. The conclusions obtained by the 

experimental measurement results are as follows:  

 

(1) The light intensity system can be used to measure the intensity and drift of the peak at the 

same time by using the smart phone camera as a spectrometer. When combined with some 

simple optical components, it is more convenient and faster than traditional instruments. 

 

(2) The above results show that the sensing sensitivity has good results at each wavelength, and 

the best sensing sensitivity measured at low concentration of sucrose solution is 540.0 RI/RIU of 

green light, and the coefficient of determination is 0.9575.  
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1. Background 

The rectifying inspection is a well-known quality control technique which can improve the 

average outgoing quality (AOQ) during the sampling plan and is especially useful to be 

implemented between successive stages of production line. In conformity with the traditional 

attributes rectifying sampling plans, we attempt to develop the variables rectifying sampling plan 

based on the process capability index (PCI) which is more suitable when the quality 

characteristic is in continuous scale. Moreover, to make it more economic in terms of average 

total inspection (ATI), we considered the proposed variables rectifying inspection plan with 

repetitive group sampling (VRRGS) rather than variables rectifying inspection plan with single 

sampling (VRSS). 

 

2. Methods 

To find out the relationship between the actual process performance and the process specification. 

The index pkC  is chosen in this article for three main reasons. First of all, it can not only sense 

the overall process variation relative to the manufacturing tolerance but also give an assessment 

of process centering. Second, it is considered as a yield base index since it provides bounds on 

the yield for a normally distributed process. Last but not the least, the exact and explicit form of 

the CDF of its estimator was already proposed. Furthermore, to develop the economic rectifying 

program, we integrate the concept of variables repetitive group sampling (VRGS) plan with 

rectifying inspection. Thus, the variables rectifying inspection plan with repetitive group 

sampling based on the index pkC  are proposed. For the proposed plan, 100% inspection should 

be carried out when the lot is rejected, and all the nonconformities will be replaced by qualified 

items. In this case, the ATI of the proposed plan will dramatically increase, which means that the 

inspection cost will become very high. As a consequence, we construct the optimization model 

by minimizing ATI and specify two points on the OC curve as constraints which are AQL( ,1- )c   
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and LTPD( , )c   to provide the desired protection to the right of both consumer and producer. 

 

3. Conclusion 

With the development of manufacturing technology, the process defect rate is extremely reduced 

and the producing process becomes highly complicated. The yield of the previous stages will 

directly affect the output of the latter stages. In response, variables rectifying inspection plan 

with repetitive group sampling based on the pkC  index is proposed in this paper. It can be used 

to enhance the outgoing quality of submitted lot when the quality characteristic follows a normal 

distribution and has two-sided specification limit. For the purpose of practical application, the 

parameters of the proposed plan under various conditions and the operation procedure is 

provided in this paper. Besides, the performance of the proposed VRRGS is discussed and 

compared with VRSS in terms of ATI, OC curve and AOQ. The result shows that VRRGS is 

superior to VRSS in all three aspects and is further discussed as below: firstly, given the same 

protection for producer and consumer, VRRGS required smaller ATI which can reduce the 

inspection cost effectively. Secondly, by investigating on the OC curve, we observe that the 

proposed VRRGS has apparently better OC curve, which is closer to the idealized OC curve 

shape. This means that the proposed VRRGS plan has better discriminatory power compared to 

VRSS. Lastly, by conducting the intensive research on AOQ, we find out that when the 

submitted lot has very bad quality level, the AOQ will equal to 0 since the 100% inspection is 

performed and all the defective items are replaced by qualified items. Moreover, we find out that 

the VRRGS is more powerful in reducing the percent defective especially when the quality of the 

submitted lot is at an intermediate level which is difficult for practitioners to make a judgment. 

In conclusion, the proposed VRRGS is more efficient and economic compared to VRSS in many 

aspects, and it would be useful for product acceptance determination when the nonconformities 

are highly unacceptable and need immediately action to enhance the outgoing quality. 

 

Keywords: Acceptance sampling, process capability index, rectifying inspection, average 

outgoing quality, average total inspection 
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1. Background/ Objectives and Goals 

Acceptance sampling plan has been a practical technique in the field of quality control nowadays. 

It provides the manufacturers and retailers a general criterion for making a decision on lot 

disposition. Repetitive group sampling (RGS) plan, one type of acceptance sampling plans, 

offers extra chances for resampling. However, it may trap into a cycle with resampling many 

times that might exceed the single sampling (SS) plan if the lot’s quality is between acceptable 

quality level (AQL) and rejectable quality level (RQL). Therefore, the aim of this paper is to 

design a multiple stage sampling plan based on the Taguchi capability index (Cpm ) to overcome 

the RGS plan’s disadvantage.  

 

2. Methods 

The purposed plan is designed by limiting maximum resampling times that could be determined 

by executors. It can be applied to normally distributed processes with double sided specification 

limits. The operating characteristic (OC) function of this plan is derived based on the exact 

sampling distribution of the estimated Cpm instead of approximation methods. The determination 

of plan parameters is tabulated by solving a non-linear programming problem with minimizing 

average sample number (ASN) as an objective function. Examiners can refer to the provided 

tables with various quality levels and allowable risks to know the required sample size and the 

associated criterion for lot sentencing under given resampling times.  

 

3. Expected Results/ Conclusion/ Contribution 

In this study, the performance of the multiple stage sampling plan is evaluated and compared 

with traditional sampling plans in terms of OC curve and ASN. OC curve which sketches the 

probability of acceptance for different defective proportions shows the discriminatory power of 

the sampling plan. ASN is an expectation of sample units from a lot for making decisions. The 

outcome indicates that the proposed plan is superior to RGS plan since it provides the same 

discriminatory power with a smaller ASN when the quality level is ambiguous. Moreover, the 
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ASN curve of designed plan is always lower than the SS plan. As a result, the inspection cost and 

time can be greatly saved by utilizing the designed plan. On the other hand, multiple stage 

sampling plan is generalization of SS plan and RGS plan. Through adjusting resampling times 

flexibly, it is able to transform to desired plans depending on quality levels. Finally, one case is 

presented step-by-step instructions to illustrate the applicability of the proposed plan. 

 

Keywords: Acceptance sampling plan, process capability index, lot sentencing. 
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Abstract 

Rice husks are a resource of silica because an abundant amount of silica is contained in them. 

Physical characteristics of silica change under exothermal and endothermic reactions. 

Amorphous silica becomes crystalline silica under high temperatures. Crystalline silica is a 

carcinogenic substance; therefore, it is very important to know the amount and the physical 

characteristics of silica in rice husk ash. To evaluate whether silica is amorphous or crystalline in 

rice husk, a parameter of solubility of silica was employed in this study instead of X-ray 

diffraction analysis because of its cheap cost and usefulness; and its prospective application as a 

fertilizer. The amorphous form of silica is elevated in rice husk ash with its higher solubility, 

subsequently increasing its use as a fertilizer. As seen from the results, silica in rice husk displays 

many physical characteristics: soluble-amorphous, insoluble-amorphous, insoluble-crystalline, 

and soluble-crystalline. Further research is needed to reveal the relationship between solubility 

and crystallinity of the silica in rice husks. 

 

Keywords: Rice husks, silica, solubility, crystalline  

 

12. Background/ Objectives and Goals 

Rice husks have been burned in paddy fields in the past in Japan and returned as rice husk ash 

into them. These practices were accepted agriculturally and socially. Before Clean Air Act has 

been in effect since 1977 in Japan, famers are permitted to burn rice husks in their paddy fields. 

Since then, rice husks are required to be burned in incinerators. It was considered a smart way of 

energy recovery by society by generating electricity or producing hot water through rice husk 

burning. A lot of trials for recovering energy were made; however, the society started realizing 

that using rice husks for energy production was not an easy task because of the two following 

reasons: generation of large amount of burning ash and crystallization of silica in rice husks. 

Burning rice husks leaves 20% of ash in weight, mostly silica, which is a far larger amount when 

trees are burned in comparison to the percentage, 1% left in weight (JIE, 2002). This fact put a 

tremendous burden on the farmers. Moreover, explosions of furnaces were also experienced by 

them as the exhaust pathway was sometimes clogged by crystalline silica. Crystalline silica is 

also hazardous a material. Since then, rice husks have become unwanted materials and farmers 

have to a pay a high cost for rice husk treatment. Tateda et al (2016) had devised a skillful 

method to produce amorphous silica in the ash in an actual field scale furnace and the ash now is 
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promised of a bright future in recycling. To know if silica in the ash is in amorphous or 

crystalline form, an X-ray analysis is the best and most reliable method. But, the X-ray method is 

very expensive in terms of capital, running, and maintenance costs. Instead, solubility of silica in 

ash is a very simple, cheap, and useful parameter to determine the status of silica in ash. It can be 

stated that the state of amorphous silica in the ash is better if the solubility is larger and vice 

versa. The parameter of solubility is, however, not a perfect one. The solubility shown in some 

cases is in a very low percentage while an X-ray analysis showed amorphous silica.  

 

The purpose of this study was to find a relationship between solubility and crystallinity of silica 

in the rice husk ash. After revealing the relationship, safe and reliable use of the ash can be 

established and, then the further industrial/domestic use of the ash can be promoted. 

Consequently, rice husks will no longer be an unwanted material and will eventually become a 

real and precious resource of silica. Furthermore, rice husks are a bio-ore of silica (Tateda, 

2016).  

2. Amorphous and Crystalline Silica 

Fig. 1 a) and b) show the appearance of crystalline and amorphous forms of silica. In rice husks, 

silica occurs naturally in amorphous state but under high temperature changes its state to 

crystalline polymorphs such as cristobalite, tridymite, quartz, etc.  

 

 

a)                          b) 

Fig. 1: a) Crystalline silica, b) Amorphous silica 

 

Crystalline silica has been designated as one of most carcinogenic substances by International 

Agency for Research on Cancer (WHO, 1997). As shown in the figures, it is impossible to 

determine crystalline or amorphous states of silica in rice husk so that an X-ray analysis or 

solubility measurement of silica in the ash must be performed.  

 

3. Materials and Methods 

3.1 Rice Husks 

Koshihikari (Oryza sativa L.) rice husks, a popular variety of rice cultivated in Japan was used 

for this study. In Japan, rice is harvested annually in September.  
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3.2 Rice Husk Calcination 

Rice husks were calcinated in electric furnaces; Koyo (KBF794N1) at 500 C – 1100 C and 

Koyo (Lindberg) at 1,500 C, after washing with 5% concentration of an organic acid. 

 

3.3 Analytical Methods 

Japanese standard methods were used for measuring the solubility of silica in fertilizers (4.4.1.c) 

(FAMIC, 2015). Method 4.4.1.c pertains to silica that can be dissolved in acids and alkali. Total 

silica contained in rice husk was also measured by Method 4.4.1.d. The amorphous or crystalline 

state of silica in the rice husk ash was determined using X-ray diffraction analysis (XRD: 

MultiFlex 40 kV, 30 mA, RIGAKU, CuKα, 2θ:5-80 °C). Contents of fix carbon, ash, volatiles, 

and water were measured following Japan Industrial Standard Method (JIS M8812: 2006) (JIS, 

2006). Wavelength Dispersive X-ray Spectroscopy (WDX) (PW2440, Spectris) was used for 

element analysis in the ash.  

  

4. Results and Discussion 

To avoid misleading the experiments, it should be reminded that rice husks used here were 

calcinated after washing with an acid and not otherwise. 

 

 

Fig. 2: Solubility and calcination temperatures 

 

From the result shown of Fig. 2, the values of solubility of silica in rice husk at calcination 

temperatures, 500 C – 900 C were almost the same and were in the range 92–94%. At 1000 C, 

the solubility drastically decreased to below 40%. At 1100 C and 1500 C, the values of 

solubility were single digit values. Fig. 3 showed XRD curves at the calcination temperatures in 

the range 1000 C – 1500 C. At 1000 C, silica was not crystalized although solubility 

decreased drastically. Crystals and cristobalite were detected at 1100 C and 1500 C, 

respectively.  
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Fig. 3: XRD curves at a) 1000 C, b) 1100 C, and c) 1500 C 

 

Table 1 describes the results of comparison of the percentages of soluble SiO2 and total SiO2 in 

rice husk ash. Solubility measures the percentage of the soluble SiO2 in the total SiO2 contained 

in rice husks. According to the table, values of WDX seemed lower than those of manual 

measurement and inaccurate when the values of the soluble SiO2 were taken into consideration, 

i.e., much lower than those of soluble SiO2. WDX values were supposed to be equal to or more 

than the values of the soluble SiO2 since they were the values of total SiO2 in the rice husk 

burning ash. Therefore, the values obtained from manual analysis might be much more reliable 

than those obtained from WDX. Comparison of the results of manual analysis for both soluble 

and total SiO2 shows that soluble and total SiO2 were almost the same and that all silica in the 

ash could be soluble. At 800 C, a small gap between soluble and total SiO2 was initiated and the 

gap became large at 900 C, with the soluble SiO2 having occupied a small percentage after 1000 

C. The silica at 1000 C was not crystalline (Table 1) but a soluble portion of it became very 

low. This portion might be not amorphous but crystals of extremely small size according to Iker 

(1979).  

 

Table 1: Solubility (% of Soluble SiO2) and Total SiO2 in a rice husk 

Samples Solubility = Total SiO2 (%) 
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Soluble SiO2 (%) 

 Manual Manual WDX 

500 C sample 94.4 93 88.8 

600 C sample 94.7 94 87.5 

700 C sample 94.2 93 89.4 

800 C sample 94.0 96 90.2 

900 C sample 92.4 99 90.2 

1,000 C sample 35.3 98 90.2 

1,100 C sample 3.6 99 99.2 

1,500 C sample 0.6 98 98.9 

 

According to thermogravimetric analysis (TGA) conducted by Liu et al (2013), mass reduction 

of washed rice husks reached a low value at calcination temperature of 500 C. Rice husks were 

not burnt from a room temperature to 300 C and the mass was drastically reduced after 300 C 

until 500 C. Sekifuji et al (2017) reported that the content of the fixed carbon was almost 

negligible at and higher than 500 C calcination temperature and rice husk ash contained water, 

volatiles, and ash which consisted of total silica and other contents except silica, such as alkali 

metals.  

 

Total silica consists of amorphous and crystalline silica (Fig. 4). Crystalline silica is insoluble but 

some portion is soluble, which can be seen in Table 1. Amorphous silica is soluble but some 

portion is insoluble (Table 1). Those were diagramed also in Fig. 4. Further research is necessary 

to reveal the soluble portion in crystalline silica and the insoluble portion in amorphous silica by 

quantitative data, which has become a priority in order to deal with rice husk ash, without the 

concern of an exposure to crystalline silica, that is known to cause diseases such as 

mesothelioma.    

 

Fig. 4: A diagram of total silica in rice husk ash 

 

4. Conclusions 

Total Silica

Amorphous Silica Crystalline Silica
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Silica in rice husk shows many physical characteristics: soluble-amorphous, 

insoluble-amorphous, insoluble-crystalline, and soluble-crystalline. Solubility is not a major 

parameter to know the status of silica in rice husk ash but is very useful to determine the use it as 

a fertilizer. It is very easy if the silica in the rice husk ash could be grouped into amorphous and 

crystalline for soluble and insoluble silica, respectively. It is, however, more complicated than 

that because there is the existence of insoluble-amorphous and soluble-crystalline silicas. More 

quantitative experiments and analysis are needed to know a real physical status of silica. Silica in 

rice husks are a resource and should be accessible to everyone with a guarantee of quality for a 

safe use.  
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Abstract 

This study investigated a geopolymerization system that produces geopolymers with various 

silicon carbide sludge replacement levels (0–40%). In particular, it focused on the effects of 

solid–liquid ratio was 0.4–1.0. Replacing 40% of SCSMB geopolymer with SCS S/L ratios of 

1.0, the initial setting time increased from 134 min to 221 min and the final setting time 

increased from 180 min to 285 min. The results of flexural strength showed that the SCSMB 

geopolymers with S/L ratios of 0.4 increased rapidly during the early stage of curing (1–14 days), 

the strength increased from 1.31 MPa to 1.70 MPa. The SCSMB geopolymer with 10% to 40% 

SCS replacement, the peak of amorphous of Si–O–Si bonds in geopolymer at 524 cm
–1

 shift to a 

higher wavenumber of 527 cm
–1

. The results of 29Si MAS NMR showed that the SCSMB 

geopolymer with SCS replacement ratio of 10% increase S/L ratios from 0.8 to 1.0 (56 days), the 

fractions of Q
4
(3Al) (38.2%–38.4%), Q

4
(2Al) (28.7%–31.7%) and Q

4
(1Al) (13.7%–14.6%) 

increase, and the peak in 
29

Si NMR spectra shift to right side (higher frequency), indicating more 

aluminum tetrahedrons are coordinated to silicon tetrahedrons. The SCSMB geopolymers 10% 

silicon carbide sludge replacement and an S/L ratio of 1.0 yielded more favorable mechanical 

characteristics and microstructure, according to the flexural strength, FTIR, and NMR analyses. 

 

Keywords: Sapphire substrate, Silicon carbide sludge, Polish scrap, Polymerization, Alkali 

reaction 

 

13. Background 

Blue LEDs epitaxial wafer of substrate material were Sapphire and Silicon Carbide (SiC). GaN–

based LEDs are always grown on some foreign substrates, such as sapphire, SiC and Si [1]. 

Sapphire substrates are a favorable substrate possessing low–cost, high temperature stability, 

high hardness, good chemical stabilities, suitable for the growth of GaN–based blue LEDs. 

Sapphire substrates have been the poor performance for the blue LEDs because of it had low 

thermal conductivity and electrical conductivity properties. The major of raw material is silicon 

wafer for blue LEDs substrates, which is formed by silicon ingot to wafers through a wire saw. 

Substantial silicon slurry waste is formed during the cutting process from silicon ingot to wafers. 

In silicon wafer processing plants, nearly half of the silicon is lost as waste [2]. These substantial 

silicon slurry waste not only increase the cost of silicon wafer fabrication, but also environmental 
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pollution. Recycling of such waste materials is thus very important from resource re–utilization 

and environmental protection point of view. 

 

Geopolymer is a type of inorganic amorphous aluminosilicate materials with three–dimensional 

Si–O–Al frameworks that had high strength [3], better volume stability [4], chemical corrosion 

resistance [5], permeability resistance [6], high temperature resistance [7], and better durability 

[8], comparing with the traditional ordinary Portland cement (OPC). This accounts for the unique 

performance of geopolymers for potential applications as building materials, high strength 

materials, encapsulation materials [9], high temperature resistance materials [10]. The 

preparation process of geopolymers indicating that this new material could have an enormous 

potential to become an alternative to OPC [11]. Geopolymers are produced from aluminosilicate 

materials and are synthesized in a highly alkaline medium at room temperature. Geopolymers are 

reported to produce low CO2 emission and almost not production of oxides of nitrogen (NOx), 

sulfur dioxide (SOx) and CO [12– 13]. 

 

The main parameters which influence the properties of geopolymers include aluminosilicate 

materials, type of alkaline activator, concentration of the activator, the alkaline activator to 

aluminosilicate source ratio, and curing conditions were investigated in the available literature. 

Wang et al. [14] investigated the geopolymerization rate of the geopolymer are influenced by 

curing temperature, concentration of the alkaline solution, and initial solids content. Nie et al. 

15[17] research showed that the geopolymers derived from red mud before and after flue gas 

desulfurization (FGD) obtained a compressive strength of 15.2 MPa (2.5 M NaOH) and 20.3 

MPa (3.5 M NaOH), respectively. As an activator, Na2SO4 could increase the pH value, 

accelerate the dissolution of fly ash under alkaline environment [15]. 

 

This study investigated a geopolymerization system that produces geopolymers with various 

silicon carbide sludge replacement levels (0–40%), while simultaneously contributing towards 

the circular economy. In particular, it focused on the effects of SiO2/Na2O was 1.6, solid–liquid 

ratio was 0.4–1.0, and the extent to which silicon carbide sludge can be replaced with 

geopolymers given its flexural strength and setting time. The strength was evaluated in a 

laboratory, and the microstructures and geopolymerization reaction were characterized through 

FTIR, and 
29

Si MAS NMR and to simulate the energy status of SCSMB at various solid–liquid 

ratio, so as to elucidate the impact of Si and Al contents in the formation of geopolymers. 

 

14. Methods 

An alkaline solution that contained sodium silicate solution (Na2SiO3; SiO2 = 28.1%、Na2O = 

9.09%、H2O = 62.8%) and 10M NaOH, with the SiO2/Na2O ratio was 1.6 and Solid/Liquid (S/L) 

from 0.4 to 1.0, was adopted to activate the metakaolin and SCS. Metakaolin is mixed with SCS 

(0 wt. %, 10 wt.%, 20 wt. %, 30 wt.% and 40 wt.%), and alkaline solution for five minutes. The 

SCS geopolymer pastes are cast in cuboid moulds with dimensions of 40(L) × 30(W) × 10(H) 
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mm. The SCS geopolymer pastes samples were used to determine setting times using a Vicat 

apparatus according to ASTM C191 [16]. The flexural strength test is conducted at the age of 1, 

7, 14, 28 and 56 days based on ASTM C348 standard. The average strength value of the three 

specimens is presented. Fourier–Transform Infrared (FTIR) spectrometry was performed using 

the KBr pellet technique (in which 1 mg of powdered sample was mixed with 150 mg KBr), by 

employing a Bomem DA8.3 FTIR instrument, and scanning from 2000 to 400 cm
–1

. 
29

Si solid 

state NMR was characterized using Bruker AVANCE III spectrometer at 12 kHz, with 1s delay 

time. The coordination of Q
4
 (mAl) species (4Al, 3Al, 2Al, 1Al, 0Al) in SCSMB geopolymer 

was obtained by applying Seasolve PeakFit™ software and Gaussian peak deconvolution as 

reported elsewhere17 [17]. 

 

15. Results 

4.1 Effects of solid/liquid (S/L) ratios on setting time of geopolymer with Silicon Carbide 

Sludge 

The setting time of SCSMB geopolymer for different S/L ratios is shown in Fig. 1. It was found 

that increase in the partial replacement of SCSMB geopolymer with SCS resulted in increased 

initial and final setting times for S/L ratios of 0.4. When 40% of SCSMB geopolymer was 

replaced with SCS, the initial setting time increased from 146 min to 480 min and the final 

setting time increased from 210 min to 645 min (Table 2). It was also observed that by replacing 

10% to 40% of SCSMB geopolymer with SCS for S/L ratios of 0.6, the initial setting time 

increased from 154 min to 351 min and the final setting time increased from 225 min to 435 min 

(Table 2). Because the silicon carbide sludge itself mainly was not cementation, and the silicon 

carbide sludge will reduce the Si and Al ions which were initially dissolved in the system. It is 

led to the precursors content in the system decreased and the geopolymerization is delayed, thus 

prolonging the setting time. 

 

It can be observed from Fig. 1(c)– (d) that increase S/L ratios from 0.8 to 1.0 in the SCSMB 

geopolymer resulted in decreased initial and final setting times. Hadi et al. indicated the presence 

of high soluble initial solid content in geopolymer results in an increase in the reactivity of the 

geopolymer by forming an amorphously structured N–A–S–H gels [18]. Therefore, the SCSMB 

geopolymer with 10% SCS replacement, the initial setting time decreased from 135 min to 134 

min and the final setting time decreased from 195 min to 180 min, as shown in Table 2. Finally, 

replacing 40% of SCSMB geopolymer with SCS S/L ratios of 1.0, the initial setting time 

increased from 134 min to 221 min and the final setting time increased from 180 min to 285 min. 

From the test data, it can be seen that the initial setting time and the final setting were increasing 

with high SCS content compared to 10% SCS of SCSMB geopolymer. Thus, the setting time of 

geopolymer paste with high SCS content is led to the precursors content in the system decreased 

and the geopolymerization is delayed, prolonging the setting time. 
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(a) Solid/Liquid = 0.4                 (b) Solid/Liquid = 0.6 

  

(c) Solid/Liquid = 0.8                 (d) Solid/Liquid = 1.0 

Fig. 1. Setting time of SCSMB geopolymer for different Solid/Liquid ratios. 

 

4.2 Effects of solid/liquid (S/L) ratios on mechanical performance of geopolymer with 

Silicon Carbide Sludge 

Flexural strength curves obtained for the SCSMB geopolymers with SCS replacement levels of 

0%– 40% and different S/L ratios are presented in Fig. 2. Fig. 2 shows that the curing time 

increases the SCSMB geopolymers' flexural strength. It is indicated the flexural strength of the 

SCSMB geopolymers with S/L ratios of 0.4 increased rapidly during the early stage of curing 

(1–14 days), the strength increased from 1.31 MPa to 1.70 MPa. At the later stage of 56 days, the 

flexural strength of the SCSMB geopolymer with SCS replacement ratio of 0% (i.e., without 

silicon carbide sludge), which had strengths of 1.93 MPa (Fig. 2(a)). 

 

After 56 days of curing, the SCSMB geopolymer with 10% to 40% SCS replacement for S/L 

ratios of 1.0, the flexural strength decreased from 6.42 MPa to 3.45 MPa (Fig. 2(d)). Because the 

silicon carbide sludge itself mainly was not cementation, and the silicon carbide sludge will 

reduce the Si and Al ions which were initially dissolved in the system. It is led to the precursors 

content in the geopolymerization system decreased, thus decreasing the strength development. 

Furthermore, Kong et al. [19] illustrated the solids–to–liquids ratio affects the volume of voids 

and porosity in the pastes which directly influences the strength of geopolymer. 
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4.3 Effects of solid/liquid (S/L) ratios on FTIR spectroscopy of geopolymer with Silicon 

Carbide Sludge 

When the SCSMB geopolymer with replacement level of 10% and an S/L ratio of 0.6 for 1 day, 

the absorption peaks around 1683 cm
–1

 is H–O–H bonds, corresponding to adsorbed water in the 

gels [14]. SCSMB geopolymer showed two bands spectra at 755 and 498 cm
–1

, corresponding to 

asymmetric stretching of amorphous Al–O–Si bonds and Si–O–Si bonds. Karthik et al. [20] 

investigated the absorption band noted at 450 cm
–1

 was ascribed to Si–O–Si and O–Si–O 

bending vibration modes. The intensity of these two peaks reduces in the FTIR analysis of N–A–

S–H gels, indicating the reaction of metakaolin and SCS into N–A–S–H gels. At the later stage 

of 56 days, the peak of asymmetric stretching of Si–O–T (T=Al or Si) bonds in SCSMB 

geopolymer at 1037 cm
–1

 shift to a lower wavenumber of 1027 cm
–1

, attributed to the Si–O–T 

bonds are of high Al substitutions and nonbridging oxygen [21]. Further, the alumina dissolution 

is decisive in the formation of N–A–S–H gels when silicate is employed as alkaline solution 

[14]. 

 

After 56 days of curing, the SCSMB geopolymer with 10% to 40% SCS replacement for S/L 

ratios of 1.0, the peak of amorphous of Si–O–Si bonds in geopolymer at 524 cm
–1

 shift to a 

higher wavenumber of 527 cm
–1

. Because the silicon carbide sludge itself mainly was not 

cementation, the lack of the initial silicate in the solution which is known to be critical in 
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accelerating the dissolution of metakaolin particles and forming the geopolymeric networks [22]. 

Therefore, it was also observed that the peak of asymmetric stretching Al–O–Si bonds in 

geopolymer at 751 cm
–1

 shift to a higher wavenumber of 786 cm
–1

. 

 

 

 

 

Fig. 3. FTIR spectra of SCSMB geopolymer with Silicon Carbide Sludge. (Solid/Liquid = 0.6) 
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Fig. 4. FTIR spectra of SCSMB geopolymer with Silicon Carbide Sludge. (Solid/Liquid = 1.0) 

 

4.4 Effects of solid/liquid (S/L) ratios on 29Si NMR analysis of geopolymer with Silicon 

Carbide Sludge  

Fig. 5–6 shows the results of 
29

Si NMR spectra and deconvolution of SCSMB geopolymer with 

S/L ratios of 0.8 and 1.0, respectively. The results showed that increase S/L ratios from 0.8 to 1.0 

in the SCSMB geopolymer with SCS replacement ratio of 10% for 56 days, the fractions of 

Q
4
(3Al) (38.2%–38.4%), Q

4
(2Al) (28.7%–31.7%) and Q

4
(1Al) (13.7%–14.6%) increase. Wan et 

al. indicated the geopolymers with high compressive strength possess high fractions (>80%) of 

Q4(3Al), Q4(2Al) and Q4(1Al), which might be N-A-S-H gels [23], and the peak in 29Si NMR 

spectra shift to right side (higher frequency), indicating more aluminum tetrahedrons are 

coordinated to silicon tetrahedrons, as shown in Fig. 12. In the SCSMB geopolymer with SCS 

replacement levels of 40%, the contents of Q
4
(0Al) was higher than those of all SCSMB 
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geopolymers, and the high content of Q
4
(0Al) might suggest the formation of sodium silicate 

glasses from the unreacted Na2SiO3 activator [24]. Because the silicon carbide sludge itself 

mainly was not cementation, and the silicon carbide sludge will reduce the Si and Al ions which 

were initially dissolved in the system. It is led to the precursors content in the geopolymerization 

system decreased, thus increasing the Q
4
(0Al). 

 

 

 

 

Fig. 5. The Fraction of Q
4 

(4Al–0Al) silicion centers (%) of SCSMB geopolymer with Silicon 

Carbide Sludge. (Solid/Liquid = 0.8) 
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Fig. 6. The Fraction of Q
4 

(4Al–0Al) silicion centers (%) of SCSMB geopolymer with Silicon 

Carbide Sludge. (Solid/Liquid = 1.0) 

 

16. Conclusions 

(1) The flexural strength of the SCSMB geopolymers with S/L ratios of 0.4 increased rapidly 

during the early stage of curing (1–14 days), the strength increased from 1.31 MPa to 1.70 

MPa. After 56 days of curing, the SCSMB geopolymer with 10% to 40% SCS replacement 

for S/L ratios of 1.0, the flexural strength decreased from 6.42 MPa to 3.45 MPa. 

(2) After 56 days of curing, the SCSMB geopolymer with 10% to 40% SCS replacement for S/L 

ratios of 1.0, the peak of amorphous of Si–O–Si bonds in geopolymer at 524 cm–1 shift to a 

higher wavenumber of 527 cm–1. It was also observed that the peak of asymmetric stretching 

Al–O–Si bonds in geopolymer at 751 cm–1 shift to a higher wavenumber of 786 cm–1. 

(3) Increase S/L ratios from 0.8 to 1.0 in the SCSMB geopolymer with SCS replacement ratio of 
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10% for 56 days, the fractions of Q4(3Al) (38.2%–38.4%), Q4(2Al) (28.7%–31.7%) and 

Q4(1Al) (13.7%–14.6%) increase. 

(4) The SCSMB geopolymers 10% silicon carbide sludge replacement and an S/L ratio of 1.0 

yielded more favorable mechanical characteristics and microstructure, according to the 

flexural strength, FTIR, and NMR analyses. 
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Abstract 

In this study, the flotation response of discoloring impurities from Grade-C sodium feldspar 

using the reagent combinations was investigated. Fe2O3 and TiO2 were mainly emphasized as 

they are the chromophore oxides inducing tinted color in fired ceramics. Not only the chemical 

and mineral composition, but also the zeta potential of the ROM feldspar was determined. The 

amounts of Fe2O3 and TiO2 derived from hematite and rutile are 0.69% and 0.25% in respect. And 

the PZCs of hematite and rutile are about pH 4 and 5 respectively. Many acidic/neutral and 

neutral/alkaline conditions were undertaken to float the colored impurities with various 

collectors: petroleum sulfonate, oleic acid and hydroxamates (both AERO 6493 and 6494). The 

optimum flotation response was achieved in the neutral/alkaline condition using AERO 6494 and 

oleic acid at the dosages of 500g/ton and 1200g/ton respectively in the double-stage flotation 

scheme. The floated sodium feldspar having 0.10% Fe2O3 and 0.02% TiO2 can be used as 

premium glaze in white-ware ceramics.      

 

Keywords: Flotation, hydroxamates, oleic acid, petroleum sulfonate, sodium feldspar 

 

1. Background/ Objectives and Goals 

Feldspar is an alumino-silicate mineral consisting of major oxides of sodium, potassium and/or 

calcium in various contents. Albite (NaAlSi3O8) is sodium feldspar while orthoclase or 

microcline (KAlSi3O8) is potassium feldspar. Calcium feldspar which is rarely found in this 

mineral group is anorthite (CaAl2Si2O8). And the minor ones are iron and titanium oxides in the 

minerals of hematite (Fe2O3) and rutile (TiO2) in respect. Feldspar is commercially categorized 

as soda, potash and mix feldspar (Anon, 2018) depending on amounts of sodium oxide (Na2O) 

and potassium oxide (K2O). If the amount of Na2O is much higher than that of K2O, it is 

classified as soda feldspar, and vice versa for potash feldspar. Furthermore, mix feldspar is 

classified when it has approximately the same content of K2O and Na2O in its chemical 

composition.  

 

Feldspar is one of the basis minerals used to make various types of ceramics, e.g. tiles, sanitary 

wares, table wares, etc. It can be used as ceramic body and glaze in order to decrease firing 

temperature and to increase the degree of vitrification. Indeed, it is the main fluxing and 

vitrifying agents in ceramic processing. However, the premium white-ware ceramics need flux 
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with extremely low contents of iron and titanium-bearing minerals: Fe2O3 and TiO2. White flux 

of Imerys Ceramics is an example of the premium one used as glaze having chemical analysis as: 

73.1+1.5% SiO2, 16.5+1.5% Al2O3, <0.15% Fe2O3, 0.04+0.02% TiO2, 0.05% MgO, 0.3+0.1% 

CaO, 4.2+0.5% Na2O, 3.4+0.3% K2O and 1.1% LOI (Bourgy, 2016). 

 

In order to upgrade sodium feldspar, magnetic separation and froth flotation could be used to 

separate Fe and Ti-bearing minerals from low-grade feldspar (Bayraktar, et al, 1998). Very 

expensive high-gradient magnetic separators must be utilized to separate those paramagnetic 

minerals efficiently. Alternatively, reverse flotation can be used effectively with the proper 

reagent schemes. Malghan (1981) found that petroleum sulfonate can be used as collector to float 

Fe-bearing minerals in an acid circuit. And Ti-bearing minerals can be removed from feldspar 

ores by using hydroxamate as collector in neutral medium (Celik et al., 1998). Moreover, fatty 

acid and its salts are common collectors used to remove those colored-gangue minerals from 

feldspar (Aplan and Fuerstenau, 1962). Therefore the purpose of this research was to study about 

the reagent combinations used to float colored impurities reversely from Grade-C sodium 

feldspar. Ultimately, the finished feldspar can be used as premium glaze which is comparable to 

the White Flux of Imerys Ceramics.  

 

2. Methods 

2.1 Characterization 

The run-of-mine (ROM) sodium feldspar was sampled from Cermas Co. Ltd., Sam Ngao, Tak 

province, Thailand (1914536N 518439E, Sheet no. 4843 IV, Series L7017 of the Royal Thai 

Survey topographic map). This Grade-C ROM sample was characterized for its chemical and 

mineral composition, and electrokinetic property respectively. 

 

Chemical composition of the ROM and floated feldspar samples was analyzed using X-ray 

fluorescence (XRF) by Sinluang Co. Ltd. This is the biggest company doing business about 

mining, processing and exporting of sodium feldspar in Noppitam, Nakorn Sri Thammarat, 

Thailand. Only the chromophore oxides: Fe2O3 and TiO2 inducing tinted colors in fired ceramics 

are oxides of interested. Next the chemical analysis of the ROM feldspar was input to NormCalc: 

Feldspar Norm program written by Phuvichit (2014). This computer program uses the chemical 

composition data to make a normative calculation of the mineral composition in respect.  

 

The electrokinetic property of well-extracted hematite and rutile was measured using 

electrophoresis technique. The Zeta-Meter System 3.0+ shown in Figure 1 was employed to 

measure zeta-potential of the diluted and well-dispersed hematite and rutile at suspension pH 

ranging from pH 2-8. Hydrochloric acid (HCl) and sodium hydroxide (NaOH) with 

concentrations of 0.1 and 1 mol/L were used to adjust the suspension pH. The applied voltages 

were set to be 100, 200 or 300 V depending on observed velocity of the charged hematite and 

rutile particles. Then the zeta potential can be calculated from the applied voltage and the 
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velocity of the particles using Excel program. 

 

 

Fig. 1: The Zeta-Meter System 3.0+ 

 

2.2 Flotation 

Processing of the ROM feldspar was conducted by means of froth flotation. Mechanical flotation 

of this feldspar was performed in the chosen conditions. In short, the procedure of batch flotation 

(Test 1) using Denver D-1 machine, serial no.95671-1 was as followed: 

 1. Rod mill 1 kg of the ROM feldspar at 50% wt. solids for 12 min to the passing size of 

about 60 Tyler mesh. 

 2. De-slime at about 200 mesh by rinsing the suspended particles. 

 3. Adjust the ground pulp to 15% wt. solids. 

 4. Agitate the pulp in the laboratory cell at 1000 rpm with HCl to pH 2 and then add 

petroleum sulfonate as collector with dosage of 3000 g/ton ROM feldspar for 3 min. 

 5. Add methyl isobutyl carbinol (MIBC) as frother about 60 g/ton feldspar and condition for 

3 min. 

 6. Float Fe2O3 and TiO2 by means of acidic flotation for 3 min. 

 7. Condition the residual pulp at 1000 rpm for 3 min with NaOH to pH 7 and then add 

AERO 6493 (mixture of alkyl hydroxamic acids from Cytec Industries Inc.) as collector with 

dosage of 500 g/ton, and MIBC about 60 g/ton in respect. 

 8. Remove the remaining Fe2O3 and TiO2 by using neutral flotation for 3 min. 

 9. Filter, dry, weigh, and analyze the sink product (finished feldspar) by XRF technique. 

 10. Repeat double-stage flotation of the discoloring impurities from ROM feldspar with 

various combinations as follows: 

  (a) Test 2; at pH 7, add 500 g/ton AERO 6493 followed by 3000 g/ton petroleum 

sulfonate at pH 2. 

  (b) Test 3 and 4; at pH 2, add 3000 g/ton sulfonate followed by 500 g/ton AERO 6494 

(another alkyl hydroxamic acids mixture) at pH 7 and vice versa. 

  (c) Test 5 and 6; use alkaline flotation at pH 8 by adding 1200 g/ton oleic acid 

followed by 500 g/ton AERO 6493 at pH 7 and vice versa. 
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  (d) Test 7 and 8; at pH 8, add 1200 g/ton oleic acid followed by 500 g/ton AERO 6494 

at pH 7 and vice versa. 

  (e) Test 9, 10 and 11; at pH 7, add 500 g/ton AERO 6493 followed by 1200, 1400 and 

1600 g/ton oleic acid at pH 8 in respect. 

 11. Evaluate the flotation performance by using grade (%Fe2O3 and TiO2) and yield of 

sodium feldspar (%Y) as parameters. Calculate %Y by using two-product formula on the basis of 

product weights as: %Y = C/F*100 where C and F are weights of concentrate and feed 

respectively. 

 

More information regarding experimental procedure of feldspar flotation has been described at 

length by Rattanakawin et.al (2005). 

 

3. Results and Discussion 

3.1 Chemical and Mineral Composition 

Chemical analysis of the ROM feldspar (Table. 1) shows that Na2O (9.00%) is a major oxide 

while K2O (0.15%) is the minor one in this alumino-silicate mineral group. This feldspar can be 

characterized as sodium feldspar because the content of Na2O is much higher than that of K2O. 

And the amounts of chromophore oxides inducing tinted colors in fired ceramics are 0.69% 

Fe2O3 and 0.25% TiO2. This analysis is in accordance with mineralogical analysis normalized by 

NormCalc: Feldspar Norm shown in Fig. 2 in which albite (76.16%) is a major mineral, and 

hematite (0.69%) and rutile (0.25%) are the impurity ones. 

 

Table 1: Chemical analysis of ROM feldspar compared to those of Mix Feldspar, Mix Floated 

Feldspar and White Flux as commercial glazes used in ceramic industry (Bourgy, 2016) 

Sample SiO2 

(%) 

Al2O3 

(%) 

Fe2O3 

(%) 

TiO2 

(%) 

MgO 

(%) 

CaO 

(%) 

Na2O 

(%) 

K2O 

(%) 

LOI 

(%) 

ROM feldspar 71.7 15.4 0.69 0.25 0.63 0.74 9.00 0.15 1.25 

Mix Feldspar 68.0 17.5 0.25 0.1 0.16 0.44 6.70 6.05 0.80 

Mix Floated 

Feldspar 67.6 18.4 0.17 0.01 0.01 0.96 6.52 6.05 0.20 

White Flux 

 

73.1 

+1.5 

16.5 

+1.5 <0.15 

0.04 

+0.02 0.05 

0.3 

+0.1 

4.2 

+0.5 

3.4 

+0.3 1.1 
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Fig. 2: Mineralogical analysis of the ROM feldspar normalized from chemical analysis using 

NormCalc: Feldspar Norm program (Jumpa & Rattanakawin, 2014). 

 

To prepare the ROM sodium feldspar used as glaze as mix floated feldspar and White Flux, the 

total content of chromophore oxides must < 0.19% shown in Table 1. Bourgy (2016) also 

showed that the ceramic whiteness developed during a firing process gives White Flux at the 

same level as the Super Extra Sodium Feldspar of Imerys Ceramics. Therefore, various reagent 

combinations were used to eliminate these oxides from the Grade-C ROM sodium feldspar using 

froth flotation discussed later.  

 

3.2 Zeta Potential Measurement 

Differences in sign and amount of surface charges on mineral particles in a suspension affect a 

flotation system. It is also expected that an optimum flotation could obtain where there is a large 

difference in sign and charges on albite/quartz and hematite/rutile surfaces for collector 

adsorption physically. Figure 3 demonstrates the change in zeta potentials of the well-extracted 

hematite and rutile as a function of pH. From the zeta potential-pH plot, points of zero charge 

(PZC) of hematite and rutile are about pH 4 and 5 respectively.  

 

 

Fig. 3: Zeta potentials of Fe2O3 and TiO2 as a function of pH (Jumpa & Rattanakawin, 2014) 
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Fuerstenau, Miller and Kuhn (1985) indicated that PZCs of albite and quartz are about pH 2 

compared to those of hematite and rutile of about pH 4 and 5. Knowing the PZCs of those 

minerals, it is possible to design proper flotation schemes to separate the impurity minerals from 

albite effectively. Acidic, neutral and alkaline flotation was utilized to float those impurities with 

varieties of reagent combinations in the following section. 

 

3.3 Flotation 

3.3.1 Acidic/Neutral Flotation 

It is expected that flotation of hematite and rutile with petroleum sulfonate will occur at acidic 

pH. At the separating pH 2, albite is negatively charged while hematite and rutile are positively 

charged. The anionic collector such as sulfonate can physically adsorb on the positively-charged 

impurity minerals. Jumpa and Rattanakawin (2014) showed that the amounts of Fe2O3 and TiO2 

decrease from 0.69% and 0.25% to 0.24% and 0.09% with 57.4% sodium feldspar yield just in 

single-stage flotation. However, the total content of colored impurities is greater than 0.19% 

which does not conform to the White Flux grade. Therefore the alkyl hydroxamic acids mixtures 

(AERO 6493 and 6494) were used to float the remaining impurities, and vice versa in this study. 

It was found in Table 2 that sulfonate together with AERO 6493 and 6494 reduces the impurity 

contents and yields of feldspar in double-stage flotation. Celik et al. (1998) also found that 

AERO 6493 is effective at pH 6.5 for floating titanium impurity from albite via chelation action. 

Nonetheless, only concentrate 1 and 4 having the impurity content of 0.19% can be used as 

glazes in premium white-ware ceramics. 

 

Table 2: Chemical analysis of Feed, Concentrate 1, 2, 3 and 4 compared to that of White Flux  

 

Sample 

Fe2O3 

(%) 

TiO2 

(%) 

Yield 

(%) 

 

Test procedure description 

Feed 0.69 0.25  ROM sodium feldspar 

Concentrate 1 0.13 0.06 52.5 Sulfonate  AERO 6493  

Concentrate 2 0.16 0.10 55.7 AERO 6493  Sulfonate  

Concentrate 3 0.14 0.06 51.9 Sulfonate  AERO 6494  

Concentrate 4 0.13 0.06 52.9 AERO 6494  Sulfonate  

White Flux <0.15 0.04+0.02  Standard 

 

3.3.2 Neutral/Alkaline Flotation 

The fatty acid collector is normally used in neutral and alkaline flotation with effectiveness in 

most nonmetallic mineral circuits (Baarson et al., 1962). Jumpa and Rattanakawin (2014) also 

found that 1200 g/ton oleic acid can reduce the Fe2O3 and TiO2 contents to 0.17% and 0.06% 

with 57.5% yield in single-stage flotation of the same ROM sodium feldspar. This anionic 

collector adsorbs on negatively-charged impurity minerals by means of chemical adsorption. 

Indeed, the adsorption of oleate ion on metal sites of hematite and rutile is due to chemisorption 
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explained by Celik et al. (1998). Together with 500 g/ton AERO 6493 and 6494, oleic acid 

decreases the impurity contents and feldspar yields in double-stage flotation shown in Table 3. 

Aksay et al. (2009) also found that a straight tall oil fatty acid promoter (AERO 704) is more 

effective than AERO 6493 for the removal of both iron and titanium containing minerals at the 

same floating conditions. All the concentrates (5-8) from neutral/alkaline flotation using 

hydroxamates and oleic acid as promoters achieve much superior results than acid/neutral 

flotation using sulfonate and hydroxamates as collectors in term of lowering of the colored 

impurities.  

 

Table 3: Chemical analysis of Feed, Concentrate 5, 6, 7 and 8 compared to that of White Flux  

 

Sample 

Fe2O3 

(%) 

TiO2 

(%) 

Yield 

(%) 

 

Test procedure description 

Feed 0.69 0.25  ROM sodium feldspar 

Concentrate 5 0.10 0.05 45.2 Oleic acid  AERO 6493  

Concentrate 6 0.13 0.05 49.5 AERO 6493  Oleic acid  

Concentrate 7 0.11 0.04 39.4 Oleic acid  AERO 6494  

Concentrate 8 0.10 0.02 44.8 AERO 6494  Oleic acid  

White Flux <0.15 0.04+0.02  Standard 

 

3.3.3 Oleic Acid Dosages in Neutral/Alkaline Flotation 

The effect of oleic acid dosages on the neutral/alkaline flotation to remove the colored impurities 

is shown in Table 4. As the dosages increase from 1200 to 1600 g/ton, the contents of Fe2O3 and 

TiO2 decrease from 0.13% and 0.05% to 0.09% and 0.03% in respect. The feldspar yields also 

decrease from 49.5% to 41.7 as well. Not only Test 11 (Concentrate 11) gives the highest 

reduction in total impurity content of 0.12%, but also Test 8 (Concentrate 8). However, Test 8 

consumes less oleic acid but gives higher yield than Test 11. Test 8 seems to be the best 

floatation scheme to reduce the colored impurities in the Grade-C sodium feldspar studied. The 

chemical analysis of Concentrate 8 is 75.95% SiO2, 14.37% Al2O3, 0.10% Fe2O3, 0.02% TiO2, 

0.09% MgO, 0% CaO, 8.69% Na2O, 0.13% K2O and 0.28% LOI. And the CIE whiteness of 

Concentrate 8 fired at 1250
o
C is 86.75 analyzed by MRD-ECC, Thailand compared to that of 

White Flux about 64.3 (Bourgy, 2016). This finished product is better than White Flux in term of 

the whiteness. A slight improvement in the whiteness of the glaze can significantly increase its 

value in the ceramic’s marketplace.  

 

Table 4: Chemical analysis of Feed, Concentrate 9, 10 and 11 compared to that of White Flux  

 

Sample 

Fe2O3 

(%) 

TiO2 

(%) 

Yield 

(%) 

 

Test procedure description 

Feed 0.69 0.25  ROM sodium feldspar 

Concentrate 9 0.13 0.05 49.5 AERO 6493  1200 g/ton Oleic acid  
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Concentrate 10 0.10 0.03 47.4 AERO 6493  1400 g/ton Oleic acid 

Concentrate 11 0.09 0.03 41.7 AERO 6493  1600 g/ton Oleic acid 

White Flux <0.15 0.04+0.02  Standard 

 

3.4 Conclusions 

The reverse flotation of Grade-C sodium feldspar using the combinations of hydroxamate 

(AERO 6493, 6494) and petroleum sulfonate as collectors in the acid/neutral condition was 

achieved in reducing of the total chromophore oxides (Fe2O3 and TiO2) to 0.19%. In this 

condition, the highest yield of sodium feldspar is 52.9%. This result was compared to the 

neutral/alkaline condition using the combinations of the hydroxamate and oleic acid as 

promotors. In this condition, the combination of AERO 6494 and oleic acid results in the highest 

flotation performance. The total content of the discoloring impurities was reduced to 0.12%. 

However, lower yield of sodium feldspar was obtained at 44.8%. The effect of oleic acid dosages 

in this neutral/alkaline flotation to remove the colored impurities was also carried out. The 

results showed that the highest reduction of the total content to 0.12% when the dosage was 

increased from 1200 g/ton to 1600 g/ton. Therefore, it would be concluded that the optimum 

performance was achieved in the neutral/alkaline condition at pH 7 and 8 using the combination 

of AERO 6494 and oleic acid at dosages of 500g/ton and 1200g/ton respectively. The finished 

product from this optimum condition can be used as premium glaze in white-ware ceramics. Due 

to the huge reserve of Grade-C sodium feldspar in northern Thailand (Rattanakawin et al., 2005), 

it is suggested that this feldspar can be value-added via flotation technique for ceramic industries 

worldwide.  
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1. Background/ Objectives and Goals 

Anaerobic digestion of biodegradable wastes has been developed for several decades to produce 

the methane energy and simultaneously to reduce the pollution of environment. Also, the 

thermophilic anaerobic digestion has been proved to increase the gas production effectively and 

could be operated under a higher organic loading rate than mesophilic process. Besides, the 

co-digestion of biomass wastes with high carbon content and the livestock manure with high 

nitrogen content has become an important research field for producing more methane in recent 

years. The objective of this study is to evaluate the gas production performance of co-digestion 

of swine manure (SM) and vegetable wastes (VW) under both mesophilic and thermophilic 

conditions. 

 

2. Methods 

The experiment was tested using eight laboratory-scale CSTRs (continuously stirred tank reactor) 

with total volume of 5 L and working volume of 3 L, and temperature were controlled by two 

water baths at mesophilic (37±1°C) and thermophilic (55±1°C) conditions individually with four 

reactors each. The whole experiment was operated at an HRT (hydraulic retention time) of 5 

days.  

 

In mesophilic experiment, swine manure (5% TS) (total solids) were co-digesting with vegetable 

wastes (5% TS) at different mixing ratios (vegetable content: 0%, 20%, 25%, 33.3%, and 50%). 

While in thermophilic experiment, swine manure (8% TS) (total solids) were co-digesting with 

vegetable wastes (8% TS) at different mixing ratios (vegetable content: 0%, 25%, 33.3%, 50%, 

and 100%). Both experiments were operated semi-continuously, which the prepared influent 

were fed once a day, and influent and effluent were sampled and analyzed every two days. The 

parameters analyzed including pH, TS, VS, and COD. TKN and TOC were analyzed to 

determine the C/N ratio. Gas production was monitored and recorded everyday by using the wet 

test gas meter, and the gas component was analyzed using a TCD gas chromatograph. 

 

3. Expected Results/ Conclusion/ Contribution 

The results of mesophilic experiment showed, at 5-day HRT, the test of using 100% swine 
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manure (SM:VW is 1:0) had the best gas production performance with GPR, MPR and methane 

content of 1.70 L/L/day, 1.06 L CH4/L/day and 61.90%, respectively, and the COD, TS and VS 

removal efficiencies of 16.27%, 14.40% and 12.14%, respectively. In respect of adding vegetable 

wastes for co-digestion, the test of 4:1 (SM:VW) mixing ratio had the best gas production 

performance with GPR, MPR and methane content of 1.49 L/L/day, 0.77 L CH4/L/day and 

51.33%, respectively, and the COD, TS and VS removal efficiencies of 16.95%, 13.27% and 

11.73%, respectively. The results also showed to maintain the system working, the highest 

proportion of the vegetable wastes could be added was 33%, i.e. SM:VW of 2:1. The MPR of 

0.54 L CH4/L/day and TS removal efficiency of 10.87% was observed during this testing period. 

Beyond this adding ratio of vegetable waste, imbalance of reactor would be occurred due to 

inhibition. 

 

For the thermophilic experiment, within the tests mixed with the vegetable wastes, the test of 3:1 

(SM: VM) mixing ratio had the best gas production performance with GPR, MPR and methane 

content of 1.89 L/L/day, 1.07 L CH4/L/day and 56.64%, respectively. It was also observed that 

all the TS, VS and COD removal efficiencies were higher than 30%. 

 

Keywords: Anaerobic digestion, Co-digestion, Swine manure, Vegetable wastes, Methane, 

Mesophilic, Thermophilic. 

  



 

291 

ACEAIT-0316 

Fighting Fusarium Wilt of Banana with Frugal Technology: Soil Health 

Indicators for Future of Integrative Management 

 

Alexxandra Jane F. Ty
a
, Ian A. Navarrete

b 

Department of Environmental Science, School of Science and Engineering, Ateneo de Manila 

University, Philippines 

E-mail: alexxjanety@gmail.com
 a
, ian-navarrete@daad-alumni.de

 b
 

 

1. Background/ Objectives and Goals 

Banana (Musa spp), a multi-billion-dollar industry, is threatened by the dreadful disease 

Fusarium wilt due to the soil-borne fungus, Fusarium oxysporum f. sp. cubense (Foc). 

Interestingly, the incidence of Fusarium is observed to be faster in certain soils in comparison to 

other types, which preludes the significance of elucidating biotic and abiotic factors of soil. We 

hypothesize that soil properties can be used as indicators in predicting disease-conducive or 

disease-suppressive soils of Fusarium wilt in banana and propose a methodology to select these 

indicators.    

 

2. Methods 

In this paper, we collected data from various studies, and we tabulated the diversity of agronomic 

situations and soil properties used in the investigation of Foc in banana. Unlike previous studies 

which analyze variables separately, we used multivariate analysis. As Fusarium wilt is a 

multidimensional problem, techniques like Principle Component Analysis (PCA) and Hierarchal 

Cluster Analysis (HCA) consider the interactions between physicochemical and biological 

properties that determine soil’s receptivity to Foc. Identified variables were compiled in a 

minimum dataset (MDS), the least number of indicators that are universal to all soil quality 

assessments and sensitive to land management and climate changes. Moreover, studies on soil 

suppressiveness generally take two approaches: assessment of natural situations or the 

development of artificially-created situations. We also found visualization, direct observation, 

and quantification to be promising strategies to determine proper study sites.   

 

3. Expected Results/ Conclusion/ Contribution 

The study is significant in its contribution to the banana industry by presenting a methodology 

which is practical, affordable and effective in selecting soil health indicators for Foc in banana. 

We have hypothesized that soil attributes can be used as indicators of soil health, distinguishing 

whether a given area is disease-suppressive or disease-conducive to Fusarium. Many have 

preferred biotic factors as these are highly sensitive to disturbances in the soil and are readily 

involved in ecological processes. The competition for carbon and iron established by soil 

microorganism, for instance, has led to frequent use of biocontrol agents like Trichoderma spp. 

and fluorescent Pseudomonas spp. However, the physical and chemical parameters are just as 
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important, as the biological parameters emerge from them. The investigation also showed 

exchangeable Na and EC as the most important soil predictors, which has not been noted before. 

This is why we propose an integrated management program for Foc inclusive of an MDS 

composed of indicators which are universal, able to mitigate the effects of climate change and 

human activity and have a determined optimal range. In addition to these practices, scientists are 

moving towards the development of resistant banana varieties of banana to Panama disease by 

leveraging their genetic makeup. As critical as these interventions are, the reawakened interest in 

soil systems must not be ignored. We emphasize the maintenance of the soil system as 

foundational to sustainable agriculture, fighting Fusarium wilt and other plant disease, and, most 

importantly, the ultimate goal of food security.  

 

Keywords: Fusarium wilt, Panama disease, banana, soil properties, multivariate analysis  
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1. Objectives and Goals 

A quick switching sampling (QSS) is a two-plan system, which comprising a normal sampling 

plan and a tightened sampling plan. The normal sampling plan will be implemented firstly when 

the quality is found to be good, whereas the tightened sampling plan is applied after the quality is 

found to be declining.  

 

As for returning tightened inspection back to normal inspection, QSS system required only once 

acceptance, while QSS-r system requires consecutively r times acceptance. The QSS-r system 

has stronger discrimination power and provide more sufficient information to the inspection lot 

than QSS-1 system.  

 

Variable quick switching sampling (VQSS) system had been proposed for the inspection under 

normally distributed quality characteristics. In general, a VQSS T N( , , )n k k system, which is one 

type of VQSS system that adopting a higher threshold ( T Nk k ). Hence, the objective of this 

research is to derive the generalized model of acceptance probability of QSS-r system, and 

integrate the commonly used performance index 
pkC into QSS-r T N( , , )n k k system. Furthermore, 

the operation characteristic (OC) curve and average sample numbers (ASN) will be further 

applied to analyze for the influence of “r”.  

 

2. Methods 

The proposed VQSS-r system begins with normal inspection, and switching to tightened 

inspection when quality degraded. Extension is that the lot required to be successively accepted 

the inspection lots “r” times after the quality improved, then it could switch back to normal 

inspection. Supposed that quality characteristic follows a normal distribution and possessed 

two-sided specifications in following derivation. At first, we construct a 
pkC -based VQSS-3 
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system, as a 3r   special case for VQSS-r system. Then, we derive the Markov chain state 

transition matrix for VQSS-3 system from previous depiction. By induction, we later establish a 

generalized model of transition matrix in VQSS-r system. As the mathematical result that an 

irreducible Markov matrix has a steady state distribution, we sub the generalized model into the 

probability distribution equations. Last we successfully solve the long-termed probability of 

acceptance and rejection with several simultaneous equations. 

 

We construct the minimization model in VQSS-r T N( , , )n k k  system, which is formulated as 

minimizing the ASN at the benchmarking point for the quality level of the submission, and 

constrained with two points, 
AQL( ,1 )C  and

RQL( , )C  , on the OC function. This constrains 

controlled the probabilities of type I and type II errors, and the requirements of both the 

consumer and the producer can be satisfied. 

 

We also apply the OC curve and the ASN curve to investigate the influence of “r” in different 

quality level; the former curve plotting the acceptance probability, which is derived in the 

generalized model, and the latter curve depicts average sample numbers, which can be further 

derived with the acceptance probability and the value is directly considered with the cost.  

 

3. Conclusion 

A good variables acceptance sampling plan can firstly help both the buyer and the supplier to 

efficiently decide on the inspection lots based on the specification requirements, also it can save 

inspection cost from an all-units inspection. VQSS system is one of the simplest two-plan system 

for detecting the quality variance. Completing the generalized model is significant, since it 

elevates the scalability of VQSS system from different perspectives, either process capability 

index or other probability distributions.  

 

Investigation for “r” has been proposed for better discrimination power in proposed OC curve 

from both 
pkC -based VQSS-r T N( , , )n k k system, and also stronger leverage effect has been 

revealed, which provide more additional information when quality varies. Furthermore, we also 

proved that the conclusion of 
pkC -based VQSS-1 T N( , , )n k k  system also remained in VQSS-r

T N( , , )n k k system: First, when and/or  increase, the required sample size decreases; Second, 

under the same risk level, when
AQLC and

RQLC approaches each other, the required sample size 

increases; the higher is 
pkC  is, the curve is more likely to approach NVSS k . 
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The generalized model of VQSS-r system elevates the scalability of its system, since other 

process capability indices in different probability distribution can also be adopted and analyzed 

in the further search of it. Most importantly, 
pkC -based VQSS-r system still has big potential on 

further analysis for the selection of “r”, which can add value on some delay characteristic in 

quality variance.  

 

Keywords: acceptance sampling plan, process capability index, Markov chain transition matrix 
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1. Background 

Process capability indices (PCIs) have been widely used to provide numerical measures on 

process performance. Traditional PCIs should be used under the assumption of normal 

distribution. However, the lifetime of electronic components generally may not follow a normal 

distribution. In this study, we focus on the lifetime performance index LC  under gamma 

distribution. Since the explicit form of the sampling distribution of the estimated lifetime 

performance index under gamma distribution with two unknown parameters is difficult to derive, 

we use Markov Chain Monte Carlo (MCMC) techniques to construct the credible interval on the 

lifetime performance index. In order to evaluate the performance of MCMC technique, we also 

compare with that of bootstrap resampling methods. 

 

2. Methods 

Suppose that the lifetime of the products possesses a gamma distribution where the two 

parameters are shape parameter   and scale parameter  . In this study, we use MCMC 

technique to construct interval estimates of the lifetime performance index under gamma 

distribution. First we derive the posterior density by Bayesian approach, then integrate the 

MCMC technique into this Bayesian model. The Gibbs sampling is used to generate the scale 

parameter  , while Metropolis-Hastings (M-H) algorithm is implemented to generate the shape 

parameter  . Furthermore, we also construct the interval estimates by Bootstrap method. There 

are three common types of bootstrap confidence intervals we used, including the standard 

bootstrap (SB) confidence interval, the percentile bootstrap (PB) confidence interval, and the 

biased-corrected percentile bootstrap (BCPB) confidence interval. Last, we evaluate the 

performance of MCMC technique by comparing that of Bootstrap methods.  

 

3. Conclusion 

There are two common ways to evaluate the performance of different interval estimation 

methods, which are coverage rate (CR) and average width of the interval estimates. In our 

simulation, we consider the shape parameter 1, 2, 3, 5, 7, 9  , and the scale parameter 

0.5,1,1.5, 2   for the gamma distribution. Sample size 50,100,150, 200n   are drawn. 

According to CR, the result indicate that the CRs of the MCMC technique more closely 

mailto:cweiwu@ie.nthu.edu.tw
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approaches the nominal confidence level and have more CRs fell into the interval comparing to 

the three types of the bootstrap method. As for the bootstrap methods, SB bootstrap method is 

more reliable than PB and BCPB bootstrap method as the CRs of various process are inside the 

interval more. Furthermore, by calculating the average widths, we could find that the MCMC 

technique perform well with narrower widths comparing to the three types of the bootstrap 

method. And, when the sample size increases, the average width become narrower for all the 

methods. In general, in both coverage rate and average width, MCMC technique has great 

performance rather than the three kinds of bootstrap method. From above analysis, we can 

conclude that the MCMC technique proposed in this study perform better then bootstrap methods 

for assessing LC  values. Therefore, when the two parameters of gamma distribution are 

unknown and the explicit form of the sampling distribution of the estimate of LC  is difficult to 

derive, MCMC technique can be recommended to construct the interval estimate. 

 

Keywords: Markov Chain Monte Carlo, Bootstrap resampling, Lifetime Performance Index, 

Gamma distribution, Confidence intervals 
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1. Background 

Acceptance sampling plan provides decision rules for lot acceptance determination. A skip-lot 

sampling plan has been commonly used in practice to reduce the sample size required for 

inspection when the quality of a succession of products is good. However, applying a 

variable-type skip-lot sampling plan with process capability indices (PCIs) is not available in the 

previous literature. Therefore, this research attempts to propose a variable-type skip-lot sampling 

plan for unilateral specification limit based on the one-sided capability index. The operating 

characteristic (OC) function of the proposed plan is derived on the basis of exact sampling 

distribution and the plan parameters are determined by an optimization model which minimizes 

the average sample number (ASN) required for inspection and fulfills the quality and risk levels 

specified by the producers and the consumers. 

 

2. Methods 

Several PCIs such as , ,  and  have been developed in the manufacturing 

industry to measure the capability of a process to reproduce items within the specified tolerance. 

While  and  are appropriate measures for processes with two-sided specifications, 

 and  are designed specifically for processes with one-sided specification limit. 

Considering the quality characteristic of interest has one-sided specification limit and follows a 

normal distribution. According to the concept of skip-lot sampling plan, we develop a 

variable-type skip-lot sampling plan based on the one-sided capability index  and . 

Moreover, the proposed plan is designed based on two points on the OC curve. However, solving 

the plan parameters by two points equations might be multiple solutions for the proposed plan. It 

is noted that average sample number required for inspection has an effect on inspection cost, so 

minimizing ASN has be determined as our objective function. 

 

3. Conclusion 

Under the identical situation, the ASN of a variable-type skip-lot sampling plan with different 

pC pkC PUC PLC

pC pkC

PUC PLC

PUC PLC
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fraction value are all smaller than that of variables single sampling plan (VSSP), in other words, 

meaning that the proposed plan can make fair judgement on the submitted lot with a smaller 

sample size. In addition, the OC curve shows the probability of acceptance under different 

quality levels. It has been presented the discriminatory power for sampling plans. Compare the 

performance of VSSP and the proposed variables skip-lot sampling plan by OC curve, we can 

learn that a variable-type skip-lot sampling plan has a higher discriminatory power when the 

product quality is at good levels. In particular, the proposed plan with the smaller fraction of 

skipping lots displays the near-ideal OC curve. 

 

With rapid development of the manufacturing technologies, traditional sampling plans may not 

be suitable in today’s production environment, which demands a very low fraction of defectives. 

Hence, in this research, a variable-type skip-lot sampling plan for unilateral specification limit 

based on the one-sided capability index with exact sampling distribution is proposed. By 

minimizing ASN with two constraints, the sample size required for inspection and the criteria of 

accepting a lot are obtained, which can provide a rule to make decision on product acceptance 

while protect the risk levels that both the producers and the consumers can suffer. Tables of the 

plan parameters with regularly used risk levels and quality requirement are provided for quick 

application. Furthermore, in terms of ASN and OC curve, the proposed plan is more 

advantageous over the VSSP. Thus, when the inspection expenditure is expensive, a 

variable-type skip-lot sampling plan would be effective for product determination. 

 

Keywords: Acceptance sampling plan, skip-lot sampling plan, process capability index, 

operating characteristic curve, average sample number 
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Abstract 

The management of biological coastal environment is focused upon in this paper. The chemical 

pollutants including heavy metals were reviewed in the sedimentary components of the 

resourceful area in the coastal environment. However, the other two major components (social–

economy) cannot be separated in this critical review of proposing Sediment Watch for the 

management of biological coastal environment. Based on this study, it can identify two patterns: a) 

Chemical pollutants in the sediments are still widely reported in the literature in at least 13 

countries, and b) shortage of relationships of the pollutants between the humans and sediments. It 

can be concluded that Sediment Watch can solve many problems for an effective coastal 

management. However, it is intermingled and challenged with the integration of social, economy 

and environmental aspects which should be working hand in hand. The environmental aspect 

should be providing quantitative and qualitative valid monitoring data that can serve for the 

management of sustainable biological coastal resources. 

 

Keywords: Sediment, biomonitoring; chemical pollutants.   
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Epipactis flava Seidenf. is the only one species that was classified as a stream orchid (rheophytic 

orchid) which has been found only in Thailand, Laos and Vietnam. It requires a special habitat of 

a fast current stream, flooding area and flooding time. E. flava in Thailand is located in limestone 

areas along the path of waterfall at Tak and Kanchanaburi provinces, consequently becomes an 

endangered species. Therefore, population analysis and genetic diversity should be evaluated for 

appropriate conservation plan. More recently, sequence related amplified polymorphism (SRAP) 

markers have been developed, which are used to amplify DNA with primers targeting open 

reading frames. This technique has proven to be robust and highly variable and is attained 

through a significantly less technically demanding process. One hundred and forty four orchid 

samples were collected from five populations at Pa-Dang mine, Huay Hin Dang, Pa La Ta 

waterfall and Te Lo Su waterfall in Tak and Takian Tong waterfall in Kanchanaburi provinces in 

Thailand. Genomic DNA were extracted from fresh leaf samples by modified CTAB method and 

analyzed by SRAP markers. One hundred primer pairs were screened for analysis and 

combination of 8 primer pairs were successfully amplified all samples giving polymorphic 

bands. Binary code was used to construct the phylogenetic tree using NTSYSpc 2.2 with 

Jackard’s coefficient. Similarity index within population showed the highest of 0.88 at Pa Dang 

mine and the lowest of 0.72 at Takian Tong waterfall. Similarity indexes among populations was 

the highest of 0.86 between Pa Dang mine and Pa La Ta waterfall and the lowest was 0.61 

between Pa Dang mine and Takian Tong waterfall. The result indicated that genetic diversity 

within and among populations of E. flava was low especially populations in Tak province. The 

population in Kanchanaburi province was separated from the others which was coincided with 

the geographical distances.  However, the similarity coefficients within and among populations 

showed low genetic diversity. Therefore, this orchid was confirmed to be endangered species and 

conservation of E. flava in these two provinces should be considered. 

 

Keywords: Epipactis flava, stream orchid, rheophytic orchid, DNA marker, diversity  
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1. Background  

Rice is main crop of farmers of north east India. Owing to lack of resources and small size of 

field, rice is cultivated with traditional hand tools and equipment and thus use of human labour is 

more. Two comprehensive studies have been done on measurement of physiological cost of 

agricultural workers (Nag et al., 1980; Nag and Chatterjee, 1981) which have provided reference 

data for studies on physiological cost among agricultural workers in India. However, the physical 

characteristics of the farmers are different than the people of other regions of the country 

(Dewangan et al., 2008, 2010). Thus it is expected that physiological responses of the 

agricultural workers of northeast India is different than other regions of India. In this study, 

physiological responses of the twelve male agricultural workers of north east India were 

measured for fifteen different agricultural operations. An attempt has been made to compare the 

data obtained in the present study with those of published data. 

 

2. Methods 

Twelve agricultural workers who do not have a history of cardiovascular or respiratory problems 

or movement restrictions and have minimum of 5 years of field experience in rice cultivation 

were selected for the experiments. Approval of the experiments was obtained from ethical 

committee of NERIST. A total of 15 operations which are performed by the agricultural workers 

were identified for the experiments. The operations are broadcasting of seeds, bund forming, 

irrigating field, wet land ploughing, levelling of ploughed land, uprooting paddy seedlings, 

bundle making of uprooted paddy seedlings, transplanting of paddy seedlings, weeding (manual), 

spraying, harvesting (bending), carrying harvested paddy stalks, spreading paddy stalks for 

conventional threshing, separation of straw in conventional threshing and winnowing. Standard 

protocols followed for the measurement of physiological cost. Heart rate of the subjects was 

measured with the heart rate monitor (Polar Electro, Finland). Standard procedure was followed 

to measure heart rate of the subjects. Recorded data of the heart rate was downloaded every day 

at the end of experiment in the personal computer for analysis. Heart rate of all the subjects and 

different task were analyzed. The values obtained for all the subjects were averaged to get the 

mean values for a particular task.  

 

3. Results and Conclusions 
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Heart rate of agricultural workers for 15 agricultural operations varied from 81±4 to 130±8 

beats/min. Heart rate was minimum for the helping worker in pedal threshing while the heart rate 

was maximum for the wet land ploughing. Heart rate in ten operations were higher than 100 

beats/min and the operations are namely bund forming (125±15 beats/min), irrigating field 

(123±15 beats/min), wet land ploughing (130±8 beats/min), levelling of ploughed land (118±9 

beats/min), uprooting paddy seedlings (113±13 beats/min), bundle making of uprooted paddy 

seedlings (103±9 beats/min), weeding (manual) (101±12 beats/min), harvesting (bending) 

(103±8 beats/min), carrying harvested paddy stalks (121±5 beats/min), and winnowing (117±8 

beats/min). Heart rate for other five operations namely broadcasting of seeds (95±6 beats/min), 

transplanting of paddy seedlings (98±7 beats/min), spraying (88±7 beats/min), spreading paddy 

stalks for conventional threshing (99±7 beats/min) and separation of straw in conventional 

threshing (98±7 beats/min) were less than 100 beats/min. Inter subject variation in heart rate was 

relatively large in energy demanding operations. Inter-subject variation in the heart rate was 

minimum for broadcasting operations 

 

Keywords: Heart rate, farmers, physical strain, paddy cultivation,  
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Brahmi (Bacopa monnieri (L.) Wettst.) is a succulent perennial medicinal plant found in warm, 

wet and marshy areas. It is used in Ayurveda, the traditional system of medicine of India, widely 

used therapeutically in the orient and becoming increasingly popular in the west as a nootropic, 

improve memory and protect Alzheimer’s disease. Recent investigations revealed that bacoside A 

a major chemical component of Brahmi. Nutrient solution electrical conductivity (EC) is known 

to effect on growth and bioactive compounds of the varieties. The effect of EC on growth and 

bacoside A accumulation of Brahmi cultivated in a hydroponic system was investigated. Brahmi 

shoots were cultured in a recirculation system incorporating a deep-flow technique (DFT) 

nourished with Hoagland’s solution at 3 EC levels (1.0, 1.5 and 2.0 mS/cm) for six weeks. The 

results revealed that fresh weight, dry weight, plant height, shoot number, leaf number, total leaf 

area and chlorophyll content of Brahmi were highest in EC 1.5 mS/cm. However, Brahmi 

biomass was not significantly affected compared to EC 2.0 mS/cm. Bioactive compounds in 

bacoside A containing of bacoside A3, bacopaside II, bacoside X and bacopasaponin C were 

analyzed using high performance liquid chromatography (HPLC). The results showed that 

bacoside A3, bacopaside II and bacoside X in Brahmi were the highest in EC 2.0 mS/cm while 

bacopasaponin C of Brahmi was the highest in EC 1.0 mS/cm. Nevertheless, total bacoside A 

content in Brahmi were the highest in EC 2.0 mS/cm. These findings indicate that the EC 2.0 

mS/cm was optimal for Brahmi growth and high accumulation of bacoside A.  

 

Keywords: Brahmi, Electrical conductivity, Bacoside A, Hydroponics, Growth 
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1. Background/ Objectives and Goals 

Tilapia (Oreochromis niloticus) is one of freshwater fish that is popular among the 

communityand has promising business prospects. One of the common diseases that occur in 

Tilapia culture is MAS (Motile Aeromonad Septicemia) caused by Aeromonas hydrophila. The 

objective of this study was to determine the effect of squid ink extract powder (Loligo sp.) on 

survival rate, hematological, and bacterial density of Tilapia (O. niloticus) infected by 

Aeromonas hydrophila 

 

2. Methods 

(1) Squid ink was extracted and macerated using methanol and spray dried into powder 

 

(2) Fish were infected using A. hydrophila by immersion method  for 60 minutes with a density 

of 10
6
 cfu / ml (Olga, 2012). After infected with A. hydrophila for 60 minutes, the amount of 

bacterial density in the blood of tilapia was calculated beforeand after being treated with squid 

ink extract. 

 

(3) Squid ink extract powder was given based on  treatment A (52.5 ppm), treatment B (62.5 

ppm), and treatment C (72.5), negative and positive control; in aquarium with density of 15 fish 

per 9 L aquarium 

 

(4) Fish were reared and measured the survival rate at the seventh day using formula; 

 

𝑆𝑅 =  
𝑁𝑡

𝑁0
 𝑥 100% 

 

where: SR- Survivalrate (%), Nt = amount of fish at the end of research, No = amount of fish at 

the beginning. 

 

(5) Bacteria was counted from the fish blood using colony counter before and after treatments 

using  formula : 
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𝑁 =
∑𝐶

[(1 x n1) + (0.1 𝑥 𝑛2)] 𝑥 (𝑑)
 

 

where N= amount of bacteria (cfu/mL), ∑C = The number of colonies in all the plates calculated, 

n1: The number of plates in the first dilution was calculated, n2=the number of plates in the 

second dilution was calculated, d: the first dilution calculation. 

 

(6) Fish blood was taken on the day zero, fourth, and seventh for erythrocyte, leukocyte, and 

hemoglobin examinations.. 

 

(7) All data were analyzed using ANOVA (Analysis of Variance). 

 

3. Expected Results/ Conclusion/ Contribution 

The average survival rate of tilapia for treatment A (52.5 ppm) is 71.11%, B (62.5 ppm) 97.78%, 

C (72.5 ppm) 84.44%. This was evidenced by the form of a quadratic graph with the equation y 

= 115,804 - 3,866.65x + 30.4x2 with a coefficient of determination value R2 of 0.8181. The 

average density of A. hydrophila bacteria at the end of the study i.e. treatment A (52.5 ppm) was 

648,65x10
3
 cfu / ml, treatment B (62,5 ppm) was 435,44x10

3
, treatment C (72,5 ppm) was 

504,5x10
3
. The lowest density of A. hydrophila was in treatment B (62.5 ppm).  . The best 

treatment for erythrocyte obtained at treatment C with dose of 72,5 ppm showed result of 

erythrocyte value equal to 2,84 x 10
6
 cell / mm

3 
, leukocyte of  12,43 x 10

4
 cell / mm. and 

hemoglobin value equal to 7%. Whereas in leukocyte differential observation obtained the best 

dose on treatment C for lymphocyte and monocyte cell value, whereas the value of eusofil and 

neutrophil cells showed no significant different . The relationship between the dosage of squid 

ink extract powder against the density of A. hydrophila was a certain dose which will result in a 

low bacterial density value. This was evidenced by the form of a quadratic graph with the 

equation y = 1,348,458 - 45,617x + 368,7x2 with a coefficient of determination value R2 of 

0.7534. Conclusion of this study was squid ink extract powder has the best effect on increasing 

survival rate, hematological description and decreasing density of A. hydrophila in 72.5 ppm. 

 

Keywords : Squid, Aeromonas hydrophila, Hematology, Tilapia 
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Plant associated bacteria play many important roles in promoting plant health, enhancing soil 

fertility, suppressing pathogens, eliciting plant defense, and enhancing tolerance to abiotic stresses.   

Out of over 3,000 bacterial isolates, we identified and characterized numerous bacterial strains 

with multifaceted beneficial traits to plant hosts. These bacteria are able to fix nitrogen, solubilize 

inorganic phosphate, produce plant growth hormone or antimicrobials inhibiting plant pathogens 

(BMC Microbiology 2018). In line with the current demand for sustainable agriculture and 

environment, we are elucidating the molecular signaling mechanism and symbiotic relationships 

between plant hosts and bacteria in their habitat (molecular microbial ecology and microbiomes).    

We are also studying microorganisms for bioremediation, biodegradation and bioproducts from 

renewable source such as forestry and agricultural crop residues.  These include 

herbicide/glyphosate-degrading bacteria (bioremediation) for sustainable and resilient 

environment and ecosystem. In addition, we integrate environmental microbiology with civil and 

environmental engineering (electrokinetics) to promote bioremediation (Journal of Environmental 

Science and Health 2019).   To facilitate understanding the complex metabolic pathways and 

regulatory networks implicated in biodegradation and bioproduction, we are heavily involved in 

bacterial genome sequencing, assembly and analysis (BMC Genomics 2014, Frontiers in 

Microbiology 2015, BMC Micorbiology 2016, Genome Announcements). We are also keen on 

using systems approaches, synthetic biology and genetic engineering to rewire bacterial metabolic 

flux in order to enhance biodegradation and bioproducts directly from lignocellulosic biomass, 

thereby making biorefinery cost efficient and bioproducts economically viable. In this 

presentation, I will discuss our recent research progresses.  
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1. Background/ Objectives and Goals 

Patients with similar diagnoses and undergoing similar treatments in hospital are assigned to the 

same Diagnostic Related Group (DRG). DRGs are used in activity based funding systems, and 

so the misclassification of inpatient episode DRGs can have significant impacts on the revenue 

of health care providers. In a recent study, various weakly informative Bayesian models were 

used to estimate an episode's probability of DRG revision. These models produced a significant 

improvement in classification accuracy compared to maximum likelihood estimation, leading to 

substantial gains in the efficiency of clinical coding audits when put into practice at a major 

metropolitan health care provider in Melbourne, Australia. The present study proposes a new 

Bayesian approach which utilises a combination of informative priors derived from subject 

matter expertise and non-informative priors where subjective information is insufficient or 

inadequate. 

 

2. Methods 

A Bayesian approach has great potential to improve the predictive power of a model by tapping 

into subject matter expertise not directly captured in data and expressing it in the form of 

informative priors. To manage the quality of clinical coding and prevent loss of revenue, health 

care providers in DRG based payment systems often employ clinical coding auditors to check 

that episodes have been assigned the correct DRGs. These auditors possess a wealth of expertise 

about health information. The proposed methodology uses expert guesses elicited from a clinical 

coding auditor. In our proposed methodology, the probability guesses form the basis of Beta 

distributed informative priors for model coefficients. The Beta distribution is a suitable candidate 

for representing information about probability distributions elicited from experts. This proposed 

method's ability to correctly classify episodes requiring DRG revision is compared to benchmark 

weakly-informative Bayesian models and classical maximum likelihood estimates. 

 

3. Expected Results/ Conclusion/ Contribution 
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The aim of the prior elicitation process is to reflect the information contained in subjective 

predictions in the form of hyper-parameters of prior distributions, recognizing that these are 

expert, but not flawless, predictions. Our approach takes into account that expert predictions are 

more accurate for some predictor variables than others, using an Area under the Receiver 

Operator Characteristic (ROC) curve (AUC)-based criterion to force reversion to a 

weakly-informative Gaussian prior if there is evidence that, for a particular variable, the guesses 

have been poorly predictive (or are insufficient in volume to ascertain a reasonable assessment of 

their predictive accuracy). 

 

Despite its imperfections, the expert prior information added significant predictive power to the 

statistical model. Based on repeated 5-fold cross-validation, classification performance was 

greatest for the proposed hybrid prior model, which achieved best classification accuracy in 10 

out of 20 trials, more than any of the other benchmark models, and the highest overall average 

classification performance across all 20 trials, with a benefit of up to 10.6% in accuracy 

compared to maximum likelihood estimation. The incorporation of elicited subject matter 

expertise in the modelling approach produced a significant improvement in DRG error detection. 

 

Keywords: health informatics, statistical modelling, data mining, bayesian analysis 
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1. Background/ Objectives and Goals 

Low-temperature process (<150 
o
C) for ZnO preparation is required to enable flexible electron 

transporting layers (ETLs) in perovskite solar cells. However, crystallization of ZnO usually 

requires higher temperature process to obtain efficient crystalline ZnO films with high electron 

mobility [J. Am. Chem. Soc. 2007, 129 (10), 2750−2751.]. One simple method to improve its 

electron mobility is to incorporate Sn atoms into the ZnO crystal at atomic percentage of 4-6 % 

[J. Electro. Soc. 2009, 156 (6) H424-H429]. In this work, tin-doped zinc oxide (TZO) thin films 

were prepared by sol-gel method at various annealing-temperature of lower than 200
o
C. It was 

applied as ETL in perovskite solar cells. Its properties and relevant photovoltaic properties were 

reported.  

 

2. Methods 

A TZO thin film on an indium tin oxide (ITO) glass substrate was prepared by spin coating a 

ZnO precursor solution with 5% atom Sn doping. The as-prepared film was annealed at various 

temperatures (120, 140, 160 or 180
o
C) for 1 hour. After that, PCBM film was coated on the TZO 

layer. A MA0.6FA0.4PbI3 perovskite layer was prepared via two-step sequential deposition. First, a 

PbI2 solution in N,N-dimethylformamide (DMF) was deposited on the TZO/PCBM film in a 

N2-filled glove box. In the second-step, a mixture of FAI (HN = CHNHI) and MAI (CH3NH3I) in 

isopropanol was used to react with the PbI2 film to form perovskite layer. 

Poly(3-hexylthiophene-2,5-diyl (P3HT) as hole transporting layer (HTL) was deposited by 

spin-coating. Finally, Au metal electrode was coated by thermal evaporation on the P3HT layer. 

 

UV−Vis absorption and transmission spectra were recorded to investigate the optical properties. 

X-ray photoelectron spectroscopy (XPS) was conducted to confirm the elements in the films. 

Field emission scanning electron microscope (FE-SEM) was carried out to observe and 

characterize perovskite morphology. X-Ray diffraction spectroscopy (XRD) was used to analyze 

perovskite crystallinity. Photocurrent-voltage measurement under solar light AM 1.5 at 100 

mW/cm
2
 was carried out to characterize photovoltaic properties of perovskite solar cells. A 
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photomask with area of 0.038 cm
2
 was used to define irradiated active area.  

 

3. Expected Results/ Conclusion/ Contribution 

The existence and the oxidation state of elements in the TZO films was confirmed by XPS 

analysis. XPS spectra peaks of Sn
4+

 state and O banded to metals were found in the films 

prepared at 140, 160 and 180
o
C. These observations imply that the precursor film was converted 

to TZO film by annealing at these temperatures. This implication is also supported by the 

relatively higher absorbance in the UV region in comparison to the films annealed at 120 
o
C. The 

conversation to TZO film prepared at 120
o
C may not be complete because this annealing 

temperature is lower than the boiling point of 2-methoxyethanol, which is a solvent of the 

precursor.  

 

The perovskite solar cells with structure of ITO/TZO/PCBM/ MA0.6FA0.4PbI3/P3HT/Au (as 

shown in Figure 1) were fabricated and characterized. It was found that the perovskite solar cell 

using TZO film prepared at 160
o
C (TZO-160 device) provided the power conversion efficiency 

(PCE) of 4.42%, which is higher than that of the device using ZnO film prepared at 160
o
C 

(3.16%). This improvement may be attributed to the enhanced shunt resistance, which refers to 

better interface contact between TZO and perovskite layer. In addition, the open circuit voltage 

(Voc) of the TZO-160 device (0.94 V) is higher than that of the ZnO-160 device. This may be 

caused by the change in conduction band edge of TZO film upon Sn doping.  

 

Moreover, it was found that the device using TZO film prepared at 140
o
C achieved comparable 

PCE (4.37%) to that of the TZO-160 one. This result suggests that TZO film can be prepared at 

annealing temperature of lower than 150
o
C (but should be higher than 120

o
C), enabling for 

flexible solar cell fabrication.  

 

 

Figure 1. Schematic  

 

Keywords: Tin-doped ZnO, Perovskite Solar Cells, Low-temperature process 
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Abstract 

The TiO2 particles were synthesized by sol-gel method. The effect of polymeric precursors (PVP, 

PEG, and Tween 60) on the band gap, crystalline structure, morphology and size of TiO2 

particles were studied. The samples were characterized by scanning electron microscopy, Raman 

spectroscopy, X-ray diffraction, UV–visible spectrometry and Fourier transform infrared 

spectroscopy. After the calcination, the removal of the PVP, PEG, and Tween 60 was found to 

leave the irregular shape of TiO2 particle. The band gap, morphology and size of particle 

significantly changed upon type of the polymeric precursor in titania solutions. The 

photocatalytic performance of TiO2 samples were evaluated though the photodegradation of 

methylene blue (MB) under visible light. As the results, the TiO2 particles prepared from Tween 

60 showed the highest photodegradation of 98 % within 240 min. 

 

Keywords: PVP; PEG; Tween 60; TiO2; Sol-gel 
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1. Background/ Objectives and Goals 

In reliability theory, the concept of the new better than used distributions, denoted by NBU 

distributions, is used for the maintenance policies of a coherent system. Some authors extend the 

concept of NBU distributions to multivariate new better than used distributions in some ways, 

please see [ M. Rausand A. Høyland (2004), System Reliability Theory: Models, Statistical Methods, 

and Applications, Second Edition] for the definitions. We denote the multivariate new better than 

used classes as MNBU classes. Since the coherent structures play the center role of the reliability 

theory, it is crucial to take into account the coherent structures while defining a class of MNBU 

distributions. In this poster, we will extend the concept of NBU distributions to a multivariate 

new better than used distributions by taking the coherent structures into account. Given a 

coherent system h, we will define a MNBU distribution corresponding to h, denoted by 

h-MNBU. We will show that if two multivariate random variables have h_1-MNBU, h_2-MNBU 

distributions respectively, then their joint distribution will be both max(h_1 h_2)-MNBU and 

min(h_1 h_2)-MNBU. 

 

2. Methods 

Following [ M. Rausand A. Høyland (2004), System Reliability Theory: Models, Statistical Methods, 

and Applications, Second Edition], we have definitions and notations as follows. Consider a binary 

system (C, h) composed of n components, where C = {1, 2, . . . , n} denotes the set of the n 

components, and h: {0,1}^n →{0,1} denotes the structure function of the system. The state x_j 

of component j is defined by x_j = 1 if component j is functioning; x_j =0 if component j is failed. 

Similarly, the state h of the system is a deterministic binary function of the state vector x= (x_1, 

x_2, ..., x_n) of components, defined by h(x) = 1 if the system is functioning h(x) =0 if the 

system is failed. A component j is relevant to h if its failure will cause the failure of h i.e. h(x) 

=1 and h(x) will be 0 by replacing x_j=1 with x_j=0 for some x.  

 

Definition 1: A binary coherent system is a binary system (C, h) such that (i) h(x) is 

nondecreasing in each component, (ii) each component j in C is relevant to h.  

 

Let P be a subset of C and x be a vector such that x_j=1 for all j in P, x_j=0 for all j not in P and 

h(x) =1, then x is called a path set. Moreover, for the path set P and the above x if replacing any 

x_j=1 with j in P with x_j=0 will make h(x) =0, then P is called a min path set.  
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Given the joint distribution of the life time T_1, T_2,...,T_n of components x_1, x_2,...,x_n the 

followings are the three kinds of multivariate survival functions having been introduced:(i) 

P{ (T_1,...,T_n) > (t_1,...,t_n)}.(ii) P{ (T_1,...,T_n) in U}, where U is an upper set.(iii) 

P{ (T_1,...,T_n) in U} where U is an open upper set. 

  

Now, we introduce a new version of survival functions by considering how the components work 

together. Example: Given a coherent function h (x_1, x_2, x_3) = min{x_1, max {x_2, x_3}} 

which means the system h works if x_1 works and {x_2 works or x_3 works}. That is, x_2, x_3 

are parallel; x_1, x_2 are series and x_1, x_3 are series. Intuitively, we say, (T_1, T_2, T_3 ) 

greater than ( t_1, t_2, t_3 ) corresponding to h if and only if [T_1 > t_1] and { ( T_2 > t_2 ) or 

(T_3 > t_3), denoted by (T_1, T_2, T_3 ) >_h ( t_1, t_2, t_3 ). We observe that the event {(T_1, 

T_2, T_3) >_h ( t_1, t_2, t_3 ).}= [{T_1 > t_1} intersect { T_2 > t_2 }] union [{T_1 > t_1} 

intersect {T_3 > t_3}]. Following formula (3.12) in page 131 of[ M. Rausand A. Høyland (2004)] , 

let P_1, P_2, …, P_p be all the min path of h(x), then h(x) can be written as h(x)=max of k from k=1 to 

k=p of [multiplication of all x_j for j in P_k]. Similarly be have the following definition. 

 

Definition 2. Given a coherent function h(x) and the multivariate life T of x, we define {T >_h 

t}=Union from k=1 to k=p of [intersection of all {T_j>t_j} for j in P_k]. Also, a multivariate 

distribution of T corresponding to h is defined by P{T >_h t}. We say T has h-MNBU 

distribution if and only if 

P{ T >_h s + t } < P{ T >_h s } P{T >_h t }, for all s, t in R^n. 

 

3. Expected Results/ Conclusion/ Contribution 

We will give a practical example to justify our definition. Also, we will mathematically prove the 

following theorem which has intuitively meaning of combining two systems. 

. 

Theorem. Let T^1 and T^2 be m and n dimensional random vectors, and they have h_1-MNBU, 

h_2-MNBU distributions respectively. Let u=max( h_1, h_2) and w=min( h_1 , h_2) if T^1 and 

T^2 are independent, then the joint distribution of T^1 and T^2 is both u-MNBU and w-MNBU. 

 

Keywords: Coherent systems, Survival functions, New better than used distributions. 
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1. Background/ Objectives and Goals 

The multimode waveguide is combined with a linear tapered waveguide on silicon on insulator (SOI) 

chip. As the TE0 mode is transmitted to a linear tapered waveguide combined with a MMI, TE0 

mode component ratio of 97.87%, TE2 and the other higher-order modes component ratio of 2.13%, 

so TE0 mode is an adiabatic state. This linear tapered waveguide is obtained to the shortest length 

and the maximum divergence angle. The maximum divergence angle is expressed by θ  

2tan
-1

[(0.35Wmmi-0.4)/(0.172Lmmi)]. The output power of a 1x1 multimode waveguide combined 

with the maximum divergence angle of a linear tapered waveguide is at least 0.95 above. 

 

2. Methods 

The cross section of a SOI chip structure is shown in Fig. 1. The thickness of the upper-cladding 

SiO2 layer is 2 µm, and the Si layer is deposited a height, hco of 220 nm on a 2 nm-thick buried 

oxide layer based on a Si substrate. The refractive index of Si and SiO2 is nSi = 3.475 and nSiO2 = 

1.444, respectively. Multimode waveguide couplers have higher tolerance to dimension changes 

in fabrication process, easier fabrication process than other couplers, low inherent loses, large 

optical bandwidth and low polarization dependence. Multimode waveguide is excited a lot of 

modes depended by its width and depth. The width of a fixed step-index multimode waveguide, 

Wmmi is generally referred to N x M MMI coupler. Where N and M individual indicate input and 

output ports. For high-index contrast waveguides, the penetration depth is very small so that We 

~ Wmmi. 

 

nr is the effective index of the slab waveguide from which a 1x1 multimode waveguide coupler is 

made and We is the effective width of the MMI waveguide and Lmmi is the exact imaging length 

Lmmi=(3/4)Lπ 

 

The geometric shape of a basic 1x1 MMI coupler is shown in Fig. 2(a). A single-mode ridge 

waveguide with a width, Ws of 0.4 µm, a length, Ls of 100 µm and a depth of 2.22 µm is 

calculated to the effective refractive index, nr of 2.509 and the cladding refractive index, nc of 

2.372. As the width of a 1x1 multimode waveguide, Wmmi is individual 12 µm, so the beat length 

Lπ is obtained by 342.9 µm at an operating wavelength of λ0 = 1.55 µm. However, the exact 

image length of a 1x1 multimode waveguide, Lmmi is achieved by 257.1 µm. A linear tapered 
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waveguide combined with a 1x1 MMI coupler is shown in Fig. 2(b). The linear tapered 

waveguide is inserted between single-mode waveguide and multimode waveguide. Wt is in width 

and Lt in length of a linear tapered waveguide. The divergence angle, θ of a linear tapered 

waveguide is a tapered angle. A half angle of the divergence angle is defined by: 

tan
2 2

t s

t

W W

L

  
 

 
         (1) 

 

The simulation analysis utilizes the film mode matching method (FMM) solver in the 

FIMMWAVE software. The length Lmmi of a 1x1 multimode waveguide and Wmmi of 12 µm in 

width scanned from 255.2 µm to 259.2 µm with a step of 0.2 µm. The maximum output power is 

0.41 at the length Lmmi of 257.2 µm. So the length, Lmmi of a basic 1x1 MMI, Wmmi of 12 µm in 

width is 257.2 µm. The device loss of a 1x1 MMI is 3.87 dB, respectively. The device loss is 

very significant. 

 

3. Linear Tapered Waveguide Analysis 

When the divergence angle of a linear tapered waveguide is set at θ = 1∘, the tapered 

waveguide loss can be ignored. This linear tapered waveguide with a divergence angle of 1∘ is 

combined with the three different widths of a 1x1 MMI, Wmmi of 12 µm respect to the exact 

imaging length, Lmmi of 257.2 µm. As the ratio of Wt / Wmmi is increased from 0.1 to 1 with a step 

of 0.05, so the range of the output power is from 0.68 to 1 as shown in Fig. 5. The output power 

of a 1x1 multimode waveguide coupler combined with the linear tapered waveguide is 0.95 

above when the ratio of Wt / Wmmi is set to 0.35 above. 

 

Figure 4 shows the effective refractive index, neff of eight TE modes including TE0, TE1, TE2, TE3, TE4, 

TE5, TE6 and TE7 is distributed with the width of a linear tapered waveguide from 0.4 µm to 4.5 µm. 

When the effective refractive index, neff of the slab waveguide is 2.509, the eight TE modes including TE0, 

TE1, TE2, TE3, TE4, TE5, TE6 and TE7 are respect to the width of the linear tapered waveguide, Wt . The 

width of a 1x1 MMI, Wmmi of 12 µm is obtained to the minimum width of a linear tapered waveguide, Wt 

of 4.2 µm. As TE0 mode is transmitted from a single-mode waveguide with a width of 0.4 µm into the 

linear tapered waveguide, the width, Wt of 4.2 µm is excited for TE0, TE1, TE2, TE3, TE4, TE5 and TE6. 

When the geometric shape of the device is symmetry, the other odd modes are not existence. 

 

The single-mode waveguide with the width, Ws of 0.4 µm is combined with the width of the linear 

tapered waveguide, Wt of 4.2 µm. TE mode component ratio is distributed with the divergence angle of a 

linear tapered waveguide scanned from 1∘ to 45∘ as shown in Fig. 3. When the higher-order even 

modes of TE2 and TE4 and the higher-order odd modes of TE1, TE3 and TE5 except TE0 mode are 

suppressed in the linear tapered waveguide, the maximum divergence angle, θ of the linear tapered 

waveguide is 8, respectively respect to a 1x1 MMI with the width, Wmmi of 12 µm. The TE0 mode 

component ratio is 97.87% and TE2 mode component ratio of 1.97% and the other high-order modes of 

less than 0.1%. This linear tapered waveguide is achieved to the TE0 mode adiabatic state as TE0 mode 
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component ratio is necessary to 97.87%, TE2 mode and the other higher-order modes component ratio of 

2.13%. 

 

The 1x1 MMI with the width, Wmmi of 12 µm is combined with the width of the linear tapered waveguide, 

Wt θ of a linear tapered 

waveguide scanned from 1∘ to 45∘ with a step of 1∘. A maximum divergence angle, θ is obtained to 

8∘, respectively under the condition of output power of a 1x1 multimode waveguide coupler combined 

with a linear tapered waveguide is at least 0.95 above as shown in Fig. 5. The output power of three 

different width of a 1x1 MMI individual linked with the maximum divergence angle, θ of 8∘ of a linear 

tapered waveguide is 0.95 when the ratio of Wt / Wmmi is equal to 0.35. The divergence angle, θ of a linear 

tapered waveguide of 8∘ respect to the width of a 1x1 MMI, Wmmi of 12 µm is individual taken into Eq. 

(1), the length of a linear tapered waveguide Lt is calculated by 27.2 µm. From the length of a linear 

tapered waveguide to the length of a 1x1 MMI is expressed as Lt / Lmmi ≧ 0.086. 

 

The expression Eq. (2) and (3) are demonstrated under three different width of a 1x1 MMI 

coupler combined with a designed linear tapered waveguide. 

0.35t mmiW W         (2) 

0.086t mmiL L        (3) 

where Wt is the width of the linear tapered waveguide, Lt of the length of the linear tapered 

waveguide, Wmmi of the width of a 1x1 MMI and Lmmi of the exact imaging length of a 1x1 MMI. 

When the width of the single-mode waveguide, Ws of 0.4 µm and Eq. (2) and Eq. (3) are taken 

into Eq. (1), the maximum divergence angle, θ is expressed as equation (4). 

1 0.35 0.4
2 tan

0.172

mmi

mmi

W

L
   

  
 

     (4) 

 

A 1x1 multimode waveguide combined with a linear tapered waveguide device loss is shown in table 1. 

As the width of a 1x1 multimode waveguide, Wmmi of 12 µm combined with a maximum divergence 

angle, θ of a linear tapered waveguide of 8∘ respects to the width of a linear tapered waveguide, Wt of 

4.2 µm, so the linear tapered waveguide loss is obtained by 0.035 dB. The output power of a 1x1 MMI 

combined with the maximum divergence angle of a linear tapered waveguide is 0.95 (0.22 dB). A 1x1 

MMI device loss with a linear tapered waveguide is reduced by 3.65 dB than a 1x1 MMI device loss 

without a linear tapered waveguide. This device loss is a significant reduction. 

 

4. Conclusion 

A 1x1 multimode waveguide combined with a linear tapered waveguide on a SOI chip. When 

TE0 mode from a single-mode waveguide is transmitted to this designed linear tapered 

waveguide linked with a 1x1 MMI, TE0 mode component ratio of 97.87%, TE2 mode and the 
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other higher-order modes component ratio of 2.13% below, TE0 mode is presented an adiabatic 

effect. The designed linear tapered waveguide is achieved the shortest length and the maximum 

divergence angle. 

 

Under the condition of a 1x1 multimode waveguide coupler combined with the designed linear 

tapered waveguide, the maximum divergence angle is demonstrated by θ ≤ 2 tan-1 [(0.35 Wmmi - 

0.4)/(0.172 Lmmi)]. As the width of a 1x1 MMI, Wmmi is 12 µm and the length, Lmmi of 257.2 µm, 

∘. 

 

To compare a 1x1 MMI with the width, Wmmi of 12 µm combined with the maximum divergence angle 

linear tapered waveguide to without tapered waveguide, the device loss is reduced to 3.65 dB and the 

linear tapered waveguide loss of 0.035 dB. When the output power of a 1x1 multimode waveguide 

combined with the divergence angle of a linear tapered waveguide is 0.95 above, the maximum 

divergence angle, θ is achieved at 8。. As the higher-order modes except TE0 mode are suppressed worse, 

so the maximum divergence angle of linear tapered waveguide is smaller. 
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TABLE 1: A 1x1 multimode waveguide combined with a linear tapered waveguide device loss 

Pout 

(Devices Loss (dB)) 

Wt( m) 
Max. Divergence 

Angle(degree) 

Linear Tapered 

Waveguide Loss(dB) 

0.95 

(0.22 dB) 
4.2 8 0.035 

 

Figures 

 

Figure 1 The cross section on a SOI structure is depicted. 
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Figure 2 (a) A basic 1x1 MMI coupler is combined with the input/output single-mode waveguide. 

Ws is 0.4 µm in width and Ls 

between single-mode waveguide and MMI coupler. Wt in width, Lt in length and θ in the 

divergence angle is a linear tapered waveguide. 

 

 
Figure 3 he effective refractive index of the distributed state of six TE modes with the width of a 

linear tapered waveguide increased from 0.4 µm to 4.5 µm. The thickness of this linear tapered 

waveguide, hco is 220 nm and the operating wavelength is 1550 nm. 
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Figure 4 The width of a linear tapered waveguide Wt = 4.2 µm, Wmmi = 12 µm, then divergence 

angle (θ) of a linear tapered waveguide is scanned from 1∘to 45∘The maximum divergence 

angle linear tapered waveguide is achieved at θ = 8∘ respect to Wt = 4.2 µm. 

 

 
Figure5 As Wt / Wmmi is set at 0.35, so a 1x1 MMI coupler with Wmmi = 12 µm achieves the 

minimum widths of linear tapered waveguide at Wt = 4.2 µm, respectively. The divergence angle 

(θ) of a linear tapered waveguide is scanned from 1∘ to 45∘with the step of 1∘and a 

maximum divergence angle θ = 8∘ is obtained, respectively under the constraint of Pout ≥0.95. 
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Abstract 

In this article, we proposed a new a three-term recurrence algorithm for calculating generalized 

Zernike moments, a variant of Zernike moment. The proposed method excels in speed through 

the usage of the symmetries operated by the Dihedral group of order eight. The experimental 

results show that calculating the top 90-order generalized Zernike moments of an image with 512 

by 512 pixels took 0.226 seconds. Moreover, by cautiously choosing the parameter α as 26, the 

proposed method enhances the accuracy remarkably, normalized mean square error of 0.0159714, 

as compared to the usual Zernike moments calculation methods.  

 

Keywords: Zernike Moments, Generalized Zernike Moments, Recursive Formulae, Image 
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1. Zernike Moments and Generalized Zernike Moments  

Zernike polynomials are introduced by the physicist F. Zernike (Zernike, 1934). These Zernike 

polynomials form a basis for the Hilbert space 𝐿2(D) over the unit disc D. For a function 𝑓 in 

𝐿2(D), the coefficients of the inner product of 𝑓 with Zernike polynomials are called Zernike 

moments(Teague, 1980).  

 

Some variants of Zernike moments are applied in face recognition such as generalized 

pseudo-Zernike moments introduced in (Xia, Zhu, Shu, Haigron, & Luo, 2007). The Zernike 

polynomials are highly correlated with the Jacobi polynomials. The Kintner's method (Kintner, 

1976) and the Prata-Rutsch's method (Prata & Rusch, 1989) are mainly based on the recurrence 

formulae. These formulae can be regarded as the derivation of the Jacobi polynomial recursive 

formula for calculating the Zernike moments.  

 

In Wünsche's paper(Wünsche, 2005) and Janssen's e-print(Janssen, 2011), the definition of a 

generalization for the Zernike polynomials, i.e. generalized Zernike polynomials, are given. For 

computational aspect, some modifications for the definition is undertaken and the computations 

the generalized Zernike moments are discussed in our paper (Deng & Gwo, 2018).  

 

Let 𝑃∙
(∙,∙)

(∙) denote the Jacobi polynomial. Let the moment order n the repetition m be the 
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integers satisfying (mod  2)m nº  and m n . Given a real number 1a > - , the generalized 

Zernike radial polynomial is given by 

 | | ( ,| |) 2

| |

2

( ) (2 1)  for  0 1.m m

nm n mR r r P r r 

     (1) 

When 0  , ( ) ( )nm nmR r R r   becomes the usual Zernike radial polynomial. The generalized 

Zernike polynomial is the product of the radial polynomial and the exponential function 𝑒𝑖𝑚𝜃, 

i.e. 

 ( , ) ( ) im

nm nmV r R r e      (2) 

 

Due to the orthogonal property for the generalized Zernike polynomials with respect to the 

weight 𝑤(𝑟, 𝜃) = (1 − 𝑟2)𝛼, the generalized Zernike moment 𝑍𝑛𝑚 
𝛼 is defined as follows: 
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where the coefficients 
nm

C a
 can be computed by the following recurrence: 
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Let N be an even number for simplicity. A given image with N × N pixels is projected into the 

unit disc U, where the data of the image pixels can be listed as a two-dimensional table 

𝐹(𝑠, 𝑡)where𝑠, 𝑡 = 0, 1, … , 𝑁 − 1. For a pixel(𝑠, 𝑡) ∈ 𝐹(𝑠, 𝑡), 𝐴𝑠𝑡 represents the corresponding 

grid with the center on (𝑥𝑠, 𝑦𝑡) = 𝜂(𝑠, 𝑡) = (
2𝑠−𝑁+1

𝑁√2
,

2𝑡−𝑁+1

𝑁√2
) and the width as √2/𝑁. This 

results in the corresponding image function 𝑓(𝑥, 𝑦)  over the square 𝐴 =∪ 𝐴𝑠𝑡 ⊆ 𝑈  and 

𝑓(𝑥, 𝑦) = 𝑓(𝜂(𝑠, 𝑡)) = 𝐹(𝑠, 𝑡) . The discrete form of the generalized Zernike moments in 

Equation (3) formulates as follows. 
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where (𝑟𝑠𝑡, 𝜃𝑠𝑡) is the polar coordinate of the pixel (𝑠, 𝑡). Let  
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      (7) 

for m=n, n-2,…,1(or 0),…,-n+2, -n. Since the image function ( )f x, y is piecewise constant, the 

function ( , )Mf x y  is convergent to ( )f x, y  in the sense of L
2
 as M   , the image 

reconstruction function is chosen to be ( , )Mf x y  for some large M. The normalized mean square 

error (NMSE) is calculated in order to measure the difference between an image defined over A 

and its reconstructed image from the generalized Zernike moments up to maximal order M.  
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2. Recurrence among Generalized Zernike Polynomials 

In this section, we state a new three-term recurrence for computing the generalized Zernike 

radial polynomials. 

 

Theorem A. For a real 1a > - , non-negative integers n, m with (mod  2)m nº , the 

following recurrence among generalized Zernike radial polynomials holds: 

 
1 1, 1 2 2,

( ) ( ) ( )  for  2, 3, ...
nm n m n m

R r K rR r K R r n m ma a a

- - -
= + = + +   (9) 

where the constants are given as follows: 

 

1

2

2( )
if 0

2 ,
2( )

otherwise

( 2 )
if 0

.2
1 otherwise

n
m

n mK
n

n

n m
m

K n m

a

a
a

a

a

ìï +ï >ïïï + += í
ï +ïïïïî
ìï - - +ï >ïï= ? +
ïïïïî

  (10) 

Proof. We give a proof sketch. In the case of 𝑚 > 0, one recurrence among the Jacobi 

polynomials is used (Lozier): 
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Using the substitutions of z ← 2𝑟2 − 1, 𝑛 ←
𝑛−𝑚

2
− 1, 𝛽 ← 𝑚 − 1 into the last recurrence will 

yield the result given in Eq. (9) for m > 0. The validity for the case of m = 0 follows Theorem 

B in (Deng & Gwo, 2018) as a special case. Q.E.D. 

 

It is worth mentioning that the recurrence computing generalized Zernike moments given in 

Theorem A generalizes the recurrence computing Zernike radial polynomials given by Prata and 

Rusch (Prata & Rusch, 1989). To start the algorithm computing generalized Zernike moments, 

one needs the initial conditions: 

 ( )  for 0,1,2,n

nnR r r n   K   (12) 

The computations for 𝑟 𝑛 can proceeded via a linear recurrence: 

 1n nr r r    (13) 

The calculations for the complex exponential function 𝑒𝑖𝑚𝜃 can be performed in a recursive 

way: 
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3. Acceleration by the Dihedral Group Action 

The elapsed time reduces by using the symmetry operated through the Dihedral group as in 

(Deng, Wei, & Gwo, 2016). Let   denote the isometry on image square A, which is either a 

rotation or a reflection transform. The symbol 𝜏𝜃  denotes the rotation angle   

counterclockwise with respect to the origin ( , ) (0,0)x y  , and 𝜄𝜃 is the reflection over the line 

/ 2 . The dihedral group D4 consisting of 4 reflections and 4 rotations is given by 

 4 { , | 0, / 2, ,3 / 2}D         　  (15) 

Let  

  ( ) | 0H x,y A x y, y      (16) 

be the triangle within the square A, i.e. the fundamental domain of A acted by the dihedral group 

D4. Then the image set A is divided into eight parts,  

 
4

, (where { ( , ) | ( , ) }).
D

A H H x y x y H


  


     (17) 

The discrete formula in Equation (6) for computing generalized Zernike moments can be 
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modified as 
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  (18) 

Utilizing this formula to compute the generalized Zernike moments, the elapsed time reduces to 

just an eighth of the time required for the method based on the Equation (6).  

 

4. Experiments and Results 

 

 

Fig 1. The test image 'Lena'  

 

4.1 Experimental Setup 

These experiments are performed on a personal computer with 32 GB of RAM, 8 MB cache and 

Intel i7-6700K quad-core 4.0 GHz central processors. All algorithms were implemented in 

C/C++ code using the GCC 4.9.2 64-bit C/C++ release compiler with O2 optimization under the 

Windows 7 operating system. The language program operates in 64-bit double-precision 

floating-point format and runs in serial way. The test image is with the size of 512×512 'Lena' as 

shown in Fig 1.  

 

4.2 Numerical Accuracy  

For error analysis, the difference between the reconstructed image of generalized Zernike 

moments and the original image is evaluated at different maximum orders between 0 and 90, 

where α = -0.99, 0, 10, 26. The results are shown in Fig. 2. To evaluate the performance of 

numerical accuracy between different   values, experiments were designed to compute the 

generalized Zernike moments of an image and use those moments to reconstruct the original 

image. The computed discrepancy between these two images, the NMSE 휀2 in Equation (8), 

reveals the reconstruction quality. The lower the NMSE 휀2, the better the quality of recovery. 

The reconstructed images and their corresponding numerical results are presented in Table 1. At 

low maximal order, i.e. m ≤ 15, using generalized Zernike moments with negative parameter α 
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is more likely to obtain the better recovery image than using the usual Zernike moments. For 

those greater than medium moment order, i.e. M≥30, the generalized Zernike moments with 

negative   give similar NMSE as the usual Zernike moments. At maximal order m = 45, the 

NMSE 휀2 = 0.0298738 by using the generalized Zernike moments with α = 10, whereas the 

NMSE 휀2 = 0.0341473 by using the usual Zernike moments. At maximal order m = 90, it is 

suggested to use the generalized Zernike moments with α = 26 to compute which attains the 

NMSE 휀2 = 0.0159714 , whereas the NMSE 휀2 = 0.0185875  by using usual Zernike 

moments.  

 

 

Fig. 1: The logarithmic plots for the normalized mean square errors 휀2 between f and Mf for 

generalized Zernike moments via Algorithm A with 𝛼 = −0.99, 0, 10,26  

 

Table 5. The NMSE 휀2  of the recovered image from generalized Zernike moments up to 

maximal order M and their reconstructed images using distinct on the image 'Lena'. 

Order   
The value of    

-0.99 0 10 26 

10 

 

휀2= 0.109643 

 

휀2= 0.110862 

 

휀2= 0.104518 

 

휀2= 0.232678 
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30 

 

휀2= 0.050379 

 

휀2= 0.0496545 

 

휀2= 0.0425506 

 

휀2= 0.0556761 

45 

 

휀2= 0.0355373 

 

휀2= 0.0341473 

 

휀2= 0.0298738 

 

휀2= 0.0340379 

90 

 

휀2= 0.0187169 

 

휀2= 0.0185875 

 

휀2= 0.0169086 

 

휀2= 0.0159714 

 

4.3 Comparison with Q-Recursive Methods for Zernike Moments 

For comparison, we also implement the algorithm based on the q-recursive method computing 

the usual Zernike moments (Chong, Raveendran, & Mukundan, 2003), denoted as method Q. Let 

method A+ denote the method based on Theorem A with speed-up of D4-conjugation. The 

experimental results are listed in Table 2. Our proposed method A+ is probably eight times faster 

than the q-recursive method when computing the usual Zernike moments. In additions, the 

NMSE 휀2 for method A+ is slightly smaller than that of method Q. 

 

Table 2. Comparison between method A+ and method Q applied to the image 'Lena'. 

order Elapsed time  

for A+ 

휀2 for A+ 

 with α = 0 

휀2 for Q Elapsed time 

 for Q 

Speedup 

5 0.0075 0.139103 0.139587 0.057 7.600  

10 0.008 0.110862 0.111091 0.067 8.375  

20 0.016 0.066518 0.066631 0.128 8.000  

30 0.024 0.049655 0.049737 0.228 9.500  

40 0.047 0.037569 0.037631 0.387 8.234  

50 0.078 0.0313 0.031346 0.57 7.308  

60 0.101 0.026511 0.026549 0.82 8.119  

70 0.1325 0.023617 0.023649 1.131 8.536  

80 0.187 0.020543 0.02057 1.497 8.005  



 

337 

90 0.226 0.018593 0.018605 1.936 8.566  

Unit of time: second 

 

4.4 Conclusion 

The experimental results show that the generalized Zernike moments as image features work 

well, better than q-recursive method for computing Zernike moments. Since the definition of the 

generalized Zernike moments has an extra parameter α, there is more choice to compute 

moments.  

 

At low maximal order, i.e. m ≤ 15, using generalized Zernike moments with negative parameter 

α is more likely to obtain the better recovery image than using the usual Zernike moments. For 

those greater than medium moment order, i.e. M≥30, the generalized Zernike moments with 

negative   give similar NMSE as the usual Zernike moments. The proposed method can 

enhance the accuracy remarkably compared to the usual Zernike moments. Its normalized mean 

square error is 0.0159714 when α is chosen to be 26 and the top 90-order moments are used to 

reconstruct the image whereas the NMSE is 휀2 = 0.0185875 by using usual Zernike moments. 
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Abstract 

In this work, we investigate the photoluminescence properties of undoped and Mn-doped 

Mg2SnO4 (MTO) powder phosphors via a sol–gel process. The intrinsic luminescence of MTO 

exhibits green-light emission under UV excitation. Significant enhancement in emission intensity 

was demonstrated for the MTO:Mn phosphors. 

 

1. Background/ Objectives and Goals 

Magnesim stannate (Mg2SnO4, MTO) is a wide bandgap semiconductor (Eg ~4.5 eV) with 

inverse spinel structure, and has potential for a wide range of applications, such as microwave 

elements, gas and humidity sensors, capacitors, and anode materials for lithium batteries. 

Recently, the luminescence of MTO has also been studied intensively but usually prepared with 

traditional solid-state reaction methods [1]. In the present work, we investigate the 

photoluminescence properties of undoped and Mn-doped MTO powder phosphors prepared by a 

sol–gel process. Effect of activator concentration on the structure and photoluminescence (PL) of 

the powders are investigated.  

 

2. Methods 

Magnesium stannate powders were prepared by a sol–gel process using magnesium and tin 

chloride as precursors. The precursors were first dissolved in alcohol, and then the desired 

amount of manganese activator and a small content of deionized water were added for doping 

and hydrolysis. The doping levels (x) of Mn were varied with x = 0–0.5 mol%. The obtained 

xerogel powders were annealed at 1200
o
C for 2 h. The powders were characterized using X-ray 

diffraction (XRD), X-ray photoelectron spectroscopy (XPS), scanning electron microscopy 

(SEM), PL and photoluminescence excitation (PLE) spectra. 

 

3. Results and Discussion  

XRD results show that MTO is the dominant phase with average grain sizes of 69.5–80 nm, 

depending on the doping concentration. XPS spectra exhibit that the Mn-doped samples result in 

an increase in the concentration of oxygen vacancies. SEM reveals the powders with granular 

agglomeration. Under UV excitation at 277 nm, PL spectra of undoped sample reveal an intense 

green emission around 450–550 nm with a peak at 500 nm. The PLE and PL intensity are 

dependent on the doping content. The intrinsic luminescence of MTO exhibits green-light 
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emission under UV excitation, originating from the F centers. The Mn
2+

 ions also play the role of 

luminescence centers. Significant enhancement in emission intensity was demonstrated for the 

MTO:Mn phosphors. 
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Fig. 1 PLE and PL spectra of MTO:xMn powders. 

 

 

Fig. 2 CIE color coordinates for MTO:xMn powder phosphors. 

 

4. Conclusion 

Nanocrystalline undoped and Mn-doped magnesium stannate phosphors have been synthesized 

via a sol–gel process. The processed phosphors reveal intense green emission with peaking at 

500 nm. The PL intensity is dependent on the doping content. The results demonstrate that 

MTO:Mn powder has potential applications for the display devices and LEDs. 
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Abstract 

This study utilized cathodic arc deposition system to synthesis the TiAgN and TiCuN ternary 

coatings onto AISI 304 stainless steel, and TiN film was also deposited for comparison. The 

coating characteristics containing structure, composition, adhesion, and water contact angle were 

all analyzed. Moreover, the methods of salt spray test and antibacterial test were carried out to 

explore weatherability and antibacterial behavior of these films. The results showed that the small 

amount of Ag and Cu nanoparticles separately doped in TiAgN and TiCuN structures were 

amorphous types. All the coatings had a well adhesion, moreover TiCuN presented larger water 

contact angle to assess the best hydrophobic property. Under the salt spray environment, the order 

of corrosion resistance was TiCuN>TiAgN>TiN. In antibacterial property, the ternary films of 

TiAgN and TiCuN could effectively provide the resistance to Escherichia coli (E. coli). 

Particularly, the TiCuN film obtained in the study displayed the best antibacterial property. 

 

Keywords: Cathodic arc deposition, TiAgN, TiCuN, Weatherability, Antibacterial 

 

1. Background/ Objectives and Goals 

It is well-known that metallic materials required characteristics in various applications are 

diversified with the progress of engineering technology. In other words, any popular material 

should have more than one outstanding performance. Recently, research on antibacterial 

materials has become being an attention topic due to the common awareness of environmental 

protection and health concept. For instance, 304 stainless steel usually needs to possess 

antibacterial property since it is widely used in people's livelihood and medical products. There 

are reports [1-6] to point out that some metallic elements have antimicrobial function in nature, 

such as silver, copper, titanium, and zinc, where both silver and copper possess a strong 

antibacterial activity. In view of this advantage, some related studies directly added Ag and Cu 

into stainless steels for promoting their antibacterial ability [7-10]. Besides the method of 

alloying addition, surface coating is also an important technique to increase the antibacterial 

property of stainless steels. Most the studied coatings were mainly focused on exploring 

antibacterial and mechanical properties [11-14]. In addition, it is also noticed that the 

weatherability is an affecting factor for the service life of stainless steels. However, there is still 
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a lack of information about how to simultaneously improve both antibacterial and corrosion 

resistance of stainless steels by the ways of surface modification [15]. 

 

Therefore, the present work aimed to synthesize the two TiAgN and TiCuN ternary coatings on 

AISI 304 stainless steel using cathodic arc deposition (CAD) technology. And also TiN film was 

deposited as comparative one in the study. Composition, microstructure, adhesion, and water 

contact angle of the coatings were all analyzed. Furthermore, the weathering salt spray tests and 

antibacterial tests were conducted for understanding the weatherability and antibacterial 

properties of these coated specimens. 

 

2. Materials and Methods 

In the study, the substrates were made of AISI 304 austenitic stainless steel to be machined into 

plate specimens of 20mm20mm1.2mm in size. Chemical composition of the steel analyzed 

using a grow discharge analyzer contains 0.08%C, 1.0%Si, 1.85%Mn, 0.04%P, 0.03%S, 8.0%Ni, 

18.0%Cr, and balanced Fe. Prior the CAD treatment, the substrates were mechanically ground 

and polished to an average surface roughness of about 0.04 m. After undergoing thorough wet 

cleaning in an ultrasonic alcohol bath, the specimens were then fixed on a chamber holder and 

subjected to Ar+ bombardment at bias of 810
2
 V for 10 min to ensure good adhesion of the 

deposited films. The three kinds of target, Ti-5wt%Ag, Cu(99.9wt%), and Ti(99.9wt%), were 

used to react with N2 gas for obtaining the TiAgN, TiCuN, and TiN coatings, respectively. Table 

1 lists the detail of CAD processing parameters in the study. 

 

Table 1: Processing parameters for the coatings in this study 

Parameter Value 

Target (wt%) Ti99.9, Ti95-Ag5, Cu99.9 

Cathode current (A) 75 for Ti and Ti-Ag, 45 for Cu 

Working pressure (Pa) 2.7 

Ar+ Bombardment (V/min) 800 

Substrate bias (V) 150 

Substrate temperature (
o
C) 180200 

Rotation rate (rpm) 4 

Reaction gas (sccm) N2 (50) 

Depositing time (min) 40 

 

A field emission scanning electron microscopy (FESEM, LEO1530) was used at an accelerating 

voltage of 15 kV to observe surface morphology and cross-sectional view of the coated 

specimens. A glancing incidence X-ray diffractometer (XRD, Riguku TTTRAXIII) was 

employed to identify the coating structure with a Cu-target K radiation at 40 kV and 30 mA 

and a glancing angle of 2
o
, the scanning angular (2) ranging from 20

o
 to 80

o
 at 2

o
/min. A 
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transmission electron microscope (TEM, Philips TECHNAIG-2F20) was used to further confirm 

the constituent phases in the films. The chemical compositions of the coatings were determined 

by the quantitative electron probe micro-analysis (EPMA, JEOLJXA-8200). A surface roughness 

analyzer (Mitutoyo SV-400) was applied to measure the average surface roughness (Ra value) 

for each specimen. Adhesion strength quality (ASQ) of the coatings was evaluated by 

Rockwell-C indentation testing with a load of 1471N. The damage to the coatings was compared 

with a defined ASQ basis, where the grade of HF1-HF4 was acceptable adhesion and HF5-HF6 

represented insufficient adhesion (HF is the German short form for adhesion strength) [16]. The 

water contact angle between the water drop and the specimen's surface was calculated using a 

contact angle meter (Model Eram G-1, Japan). According to the specification of ASTM G85 [17], 

the salt spray test of each specimen was conducted to simulate the weatherability of AISI 304 

stainless steel with and without coatings in a salt spray atmosphere. After corrosion of 96 hours, 

the specimens were removed and ultrasonically washed with acetone, dried, and then measured 

the weight loss of each specimen. In antimicrobial test, the antibacterial activity of the coatings 

was explored against the Escherichia coli (E. coli, ATCC 8739) bacteria. Before the testing, all 

the coated specimens were sterilizing at 120 
o
C for 30 mins. Then 0.5 ml bacteria solution with a 

concentration of 110
6
 CFU/ml was dripped on the surface of each coated specimen. The 

bacteria on the specimen's surface were incubated at 37 
o
C for 24 hours. After the incubation, the 

bacteria were washed with 0.5 ml of phosphate buffer solution in sterilized dish. And then 0.1 ml 

of each bacteria suspension was spread on a nutrient agar plate to count the surviving bacterial 

colonies. The reduction percentage of bacteria to represent antibacterial ability was calculated 

according to the following equation [18]. That is, reduction (%) = [(o  t)/ o]  100%, where 

t is the number of viable bacteria for ternary coatings after a designated contact time and o is 

the number of viable bacteria for the compared one (TiN) after incubation of 24 h. 

 

3. Results and Discussion 

3.1 Coating Composition, Morphology and Structure 

In the study, three coatings, TiAgN, TiCuN and TiN were separately deposited onto AISI 304 

stainless steel substrates. The results of coating composition analyzed by using EPMA are listed in 

Table 2. 

 

Table 2: The compositions and properties of the coatings in the study 

Specimen 

Element (at%) Coating 

thickness 

 (m) 

Ra 

value 

(m) 

ASQ 
Water contact 

angle (degree) Ti N Ag Cu 

TiN 51.1 48.9 --- --- 1.56 0.63 HF1 57.1 

TiAgN 52.7 45.2 2.1 --- 1.62 0.67 HF2 66.7 

TiCuN 54.4 42.1 --- 3.5 1.28 0.71 HF1 89.0 
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Comparing the amount of various elements in the ternary films, it was found that the addition of 

Ag and Cu resulted in the increase of Ti content while the decrease of N content. We speculated 

that both Ag and Cu hindered the combination of Ti with N during the depositing process. So there 

were the more Ti atoms falling onto the specimen’s surface to govern the higher Ra values (see 

Table 2). It implies that the surface roughness of the coatings is mainly dependent upon titanium 

amount. Comparing the Ra values of these coatings (Table 2), TiCuN had higher Ra value than 

that of both TiN and TiAgN. The Ra values were 0.63 m for TiN, 0.67 m for TiAgN, and 0.71 

m for TiCuN, respectively. We also found that the Ag (2.1 at%) content in TiAgN was less than 

that of Cu (3.5 at%) in TiCuN. This was because the study used a Ti-Ag alloy with a low content of 

5%Ag as the target. 

 

 

Fig. 1: FESEM cross-sectional view of the coated specimens: (a) TiN, (b) TiAgN, and (c) TiCuN 

 

Fig. 1 shows cross-sectional view of the coated specimens observed using FESEM. From the 

observation, we could see that the TiN film had an obvious columnar-crystal structure (Fig. 1 (a)). 

Further observing both TiAgN and TiCuN films as shown in Figs. 1 (b) and (c), their columnar 

morphologies were not visible, especially TiCuN film. In addition, the averaged thickness of each 

film was TiN = 1.62 μm, TiAgN = 1.56 μm, and TiCuN = 1.28 μm, respectively. The result 

showed that both the TiAgN and TiCuN films in thickness were slightly thinner than that of TiN. 

Fig. 2 shows the SEM surface morphologies of the coated specimens. We could see that some 

micro-particles and voids existed on the coating surfaces. The formation of the droplet was usually 

caused by the cathodic arc deposition. The target melted at high temperature and sputtered larger 

neutrals and ions, which was caused by the difference in thermal expansion coefficients between 

the substrate and the film, shrinking as the coated specimens cooling, resulting in the droplets 

bouncing off the coating surfaces caused by the phenomenon [19]. The result of observation was 

consistent with the Ra values of the coated specimens as aforementioned (Table 2). Namely, the 

coated specimens had higher surface roughness than that of uncoated one (Ra = 0.63-0.71 m vs. 

0.04 m). The structures of the coatings analyzed by using XRD, the obtained XRD patterns are 

depicted in Fig. 3. It could be found that the TiAgN coating had diffraction peaks at 36.7
o
, 42.6

o
, 

61.9
o
, and 74.1

o
 respectively, to display (111), (200), (220), and (311) crystal planes. From the 

JCPDS analysis, the result showed that the characteristic peaks were equivalent to those of TiN 

phase; there was no diffraction peak of Ag in this graph. Similarly, the TiCuN pattern mainly had 

the diffraction peaks of TiN crystal planes as mentioned above, which had no the peak of Cu 

observed in the pattern. Fig. 4 further shows TEM micrographs and SAD images of the two ternary 

(c) 

TiCuN 

(a) 

TiN 

(b

TiAgN 
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coatings to confirm their structures. It was found that only the TiN diffraction rings presented in 

the SAD images of Figs. 4 (a) and (b). It also appeared a few Ag and Cu nanoparticles in the 

micrographs. Therefore, we speculated that the Ag and Cu elements separately doped into the 

TiAgN and TiCuN films to be amorphous nanostructures. 

 

 

Fig. 2: SEM surface morphologies of the coated specimens: (a) TiN, (b) TiAgN, and (c) TiCuN 

 

 
 

 

Fig. 4: TEM micrographs and SAD patterns of the ternary coatings: (a) TiAgN, and (b) TiCuN 

 

3.2 Coating Adhesion and Water Contact Angle 

According to the German VDI3198 specification [16], the adhesion tests were performed to 

examine adhesion strength of the coatings in the study. An indentation was applied to the film by a 

Rockwell hardness tester (HRC) and then the degree of cracking around indentation was compared 

using the specification to determine its ASQ. The examined results are showed in Fig. 5 and Table 

2. From the comparison among these specimens, we could see that the circumferential cracks 

formed by the indentations of TiN and TiCuN were not obvious (Figs. 5(b) and (c)), so both of 

(b) (c) (a) 

( (
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them belonged to the grade of HF1. Also for the TiAgN, the distribution of cracks around the 

indentation was slightly larger than that of HF1, being classified as HF2 (Fig. 5(a)). In order to 

understand the difference in hydrophilicity and hydrophobicity of the coatings, a fixed volume of 

water droplets was dropped on the surface of the coated specimens. And the angle between the 

water droplet and the specimen’s surface was observed to determine the water contact angle of the 

coatings. Each coated specimen was measured three times to obtain the average water contact 

angle as listed in Table 2. From the experimental results, it was found the order of water contact 

angle to be TiCuN(89.0
o
)>TiAgN(66.7

o
)> TiN(57.1

o
). It implied that the addition of Ag or Cu to 

TiN film could increase hydrophobicity of the coatings. Such the result had an impact on the 

subsequent weatherability and antibacterial property, the related content was discussed as follows. 

 

3.3 Analysis of Weatherability 

In order to simulate weatherability of the coatings under marine environment, the salt spray tests 

for the coated and uncoated specimens were conducted according to the ASTM G85 specification 

[17]. After a period of 96 hours, the weight loss of each specimen was measured and compared as 

shown in Fig. 6. It could be clearly seen that the weight loss of all the coated specimens was less 

than that of uncoated one. Moreover, the weight loss for TiCuN specimen was the smallest, 

followed by TiAgN, and then TiN. Namely, both the ternary coatings were more resistant to salt 

spray corrosion than the TiN, where TiCuN showed the best performance in weatherability. This 

was because TiCuN had a dense non-columnar structure and the best hydrophobicity among the 

three coatings as aforementioned. 

 

 

Fig. 5: Fractured morphology of coated specimens for adhesion determination: (a) TiN, (b) TiAgN, 

and (c) TiCuN 

 

(b) (c) (a) 
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Fig. 7: Comparison of E. coil colonies formed on Petri dishes for the coatings after antimicrobial 

test (a) TiN, (b) TiAgN, and (c) TiCuN 

 

3.4 Analysis of Antibacterial Behavior 

In this experiment, Gram-negative Escherichia coli (ATCC 8739) were selected as the testing 

strain. After the bacterial culture on each coated specimen for 24 hours in a 37
o
C incubator, the 

specimen's surface was washed with phosphate buffer solution into a petri dish. Corresponding to 

TiN for a comparison, the antibacterial ability of the coatings was calculated by using the related 

formula as mentioned previously. The experimental results are showed in Fig. 7. Comparing 

bacteria number in the photos of Fig. 7, we found that TiN-doped Ag or Cu became a ternary film 

to have a notable effect on the improvement of antibacterial ability. Particularly, the number of 

bacteria in TiCuN coating had a large reduction as compared to the TiN case. The antibacterial rate 

could be up to 99.6%. This result showed that the TiCuN had the best antibacterial performance, 

presumably because of its excellent hydrophobicity and the strong antibacterial nature of copper. 

So TiCuN had a good anti-Escherichia coli property. 
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1. Background/ Objectives and Goals 

Mineral trioxide aggregates (MTA) are widely used on dental treatments such as lateral 

perforation sealing and root canal filling. MTA typically consists of 75% Portland cement, 20% 

bismuth oxide, and 5% other oxides. Bismuth oxide serving as the radiopacifying agent within 

MTA may induce prolonged setting, handling difficulties, and color variation after long-term 

filling. In order to improve the performance of MTA, zirconium oxide, commonly used in oral 

cavity and full ceramic crown, was used to replace part of bismuth oxide. In the present study, 

zirconium ions were added to partially substitute bismuth in MTA by a one-pot spray pyrolysis 

process. The effects of different zirconium additions and spray pyrolyzed temperature on the 

crystalline structure, powder morphology, solidification characteristics, and radiopacifying 

performance were investigated. 

 

2. Methods 

In the present study, bismuth/zirconium composite oxide powders were prepared by spray 

pyrolysis process where bismuth nitrate (Bi(NO3)3．5H2O) and zirconyl nitrate (ZrO(NO3)2) were 

used as precursors. By controlling the pyrolyzed temperature (550, 650, and 750
o
C) and adding 

zirconium with different concentrations (10 to 20 mol.% at an interval of 2.5), 

bismuth/zirconium oxide composite powder were obtained. The as-prepared powders were 

examined by X-ray diffraction, scanning and transmission electron microscopy to investigate the 

structural and morphological characteristics. In addition, the MTA-like cements were prepared 

by mixing Portland cement/composite/gypsum (75/20/5 wt.%) using a benchtop ball mill 
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machine. Each cement was mixed at a powder-to-liquid ratio of 2, loaded into specimen molds, 

and set at 37
o
C for 24 h. The initial and final setting times of the cement were measured 

according to ASTM C187-04 by a Vicat apparatus. Whereas, the radiopacity was determined by 

using a dental X-ray system. The specimens are positioned on occlusal radiographic films and 

exposed along with an aluminium step-wedge with variable thickness (from 2 to 16 mm in 2 mm 

increments). The mean gray values of each step of the aluminium step wedge and the specimens 

are measured by outlining a region of interest using the equal-density area tool of the imaging 

processing software. 

 

3. Expected Results/ Conclusion/ Contribution 

X-ray diffraction results show that the pristine powder exhibited β-Bi2O3 (JCPDS card No. 

27-0050) phase after spray pyrolyzing at 550-750
o
C. The powder crystallinity increased with 

increasing processing temperatures. With adding zirconia concentrations, similar trend can be 

observed. However, the composite powder exhibited major β-Bi7.38Zr0.62O12.31 (JCPDS card No. 

43-0445) phase. Gradual transition from β-Bi2O3 to β-Bi7.38Zr0.62O12.31 can be noticed with 

increasing zirconia concentrations. SEM images of the pristine and composite powders show a 

similar behavior where numerous small particles (few tens nanometer) agglomerated to form 

large shell-like spherical ones (up to ~ one m). The crystalline phase and powder morphology 

of spray pyrolyzed powders were confirmed by transmission electron microscopy.  

 

The solidification characteristics of MTA-like cements were compared with a couple of 

counterparts. Portland cement without bismuth oxide (coded as PC) exhibited initial and final 

setting times of 75 and 135 minutes, respectively. The initial and final setting times for Portland 

cement with commercial bismuth oxide powder (coded as B) increased to 105 and 150 minutes, 

respectively. Whereas, MTA-like cements prepared with spray pyrolyzed powder did not show 

large differences with the counterparts. Bismuth oxide powder spray pyrolyzed at 750
o
C (coded 

as SPB_7) exhibited initial and final setting times of 90 and 135 minutes. Those for 

bismuth/zirconium oxide powder with 15 mol.% zirconia addition spray pyrolyzed at 750
o
C 

(coded as SPBZ15_7) were 87 and 120 minutes, respectively. 

 

The radiopacities for MTA-like cements, however, were significantly different from those of PC 

and B. The radiopacity for PC was 0.8 mmAl and significantly increased to 4.46 mmAl for 

sample B. The 550, 650, 750
o
C spray pyrolyzed bismuth oxide powder exhibited a radiopacity of 

4.43, 4.88, and 4.96 mmAl, respectively. The radiopacities for 550
o
C spray pyrolyzed composite 

powder was lower than the counterpart one (sample B). The radiopacity was 3.55, 3.87, 4.34, 

4.17, and 4.12 mmAl for 10, 12.5, 15, 17.5, and 20 mol.% zirconia addition. This may be 

attributed to the low crystallinity of 550
o
C spray pyrolyzed composite powders. Significant 

improvement in radiopacity can be noticed for composite powder spray pyrolyzed at high 

temperatures (i.e., 650 and 750
o
C). A maximum radiopacity of 5.16 mmAl was obtained for 

SPBZ15_7 prepared MTA-like cement. As a general trend, the radiopacity increased with 
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increasing spray pyrolyzed temperature. Whereas for zirconia addition, the radiopacity increased 

to a maximum at 15 mol.% addition and decreased thereafter.  

 

Keywords: spray pyrolysis, bismuth oxide, zirconium oxide, radiopacity 
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1. Background/ Objectives and Goals 

Nitrogen oxides (NOx; NO and NO2) generated by combustion facilities and automobiles are 

known to be extremely harmful to the human nerves and are also a main cause of photochemical 

smog and acid rain. NO2 is highly toxic so that it is important to sense extremely low 

concentrations of ground-level NO2 (0~150 ppb). In this work, an attempt is made for fabricating 

a NO2 gas sensing system which utilizes a NO2 gas sensor that was made of multi-walled carbon 

nanotubes/tungsten oxide (MWCNTs/WO3) nanocomposite by combining the one-pot polyol 

process with metal organic decomposition (MOD) method, and further periodically irradiated the 

gas sensor using UV light-emitting diode (LED) to improve the sensitivity of the NO2 gas sensor 

at low gas concentrations under room-temperature. 

 

2. Methods 

Tungstic acid (H2WO4) (6.0 g), 0.11 g of the as-prepared surface-oxidized MWCNTs and 0.11 g 

of the as-prepared precursor solution of iron oxide were added to 20 g of glycerol and the 

solution was heated to 190 C for 1 h with vigorous magnetic stirring. The solution was 

continuously stirred until a stable suspension was obtained. The blue precursor was spin-coated 

on an alumina substrate with a pair of comb-like electrodes. Then, it was dried by heating to 170 

C in air for 2 h; MOD was then performed in a furnace at 500 C for 4 h in the ambient 

atmosphere to form a film of MWCNTs/WO3. Therefore, a gas sensor based on MWCNTs/WO3 

film was obtained.  

 

The designed NO2 sensing system included a device manager (CPU). The UV-LED sensing 

module was coupled to CPU for periodically controlling UV-LED on/off. The pulse width 

modulators (PWM) are used to control light intensity of the applied LED. The electrical and 

sensing characteristeristics of the portable gas-sensing system were measured using a bench 

system at room temperature. The desired NO2 gas concentrations, obtained by mixing a known 

volume of standard NO2 gas (1000 ppm) with air, were injected into the chamber. The gas inside 

the chamber was uniformly distributed using a fan. All experiments were performed at room 

temperature, and controlled the relative humidity to 50 RH%. 

 

3. Conclusion 

The sensor that was based on MWCNTs/WO3 nanocomposite film integrated UV-LED was used 
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to fabricate a NO2 gas-sensing system. The NO2 gas-sensing system with UV-LED (365 nm) 

illumination had a stronger response than that without radiation. The NO2 gas-sensing system 

exhibited a strong response even at low concentration of NO2 (50 ppb), good linearity between 

50 and 1000 ppb, unobvious cross-response effect because of the ease and low cost of its 

fabrication and using UV-LED. 

 

Keywords: NO2 gas sensor system, UV-LED, nanocomposite material. 
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1. Background/ Objectives and Goals 

Supercapacitors have been extensively investigated because of their potential application as 

power storage devices. Recently, graphene has been considered as a very promising electrode 

material for supercapacitors. However, the poor control of the dispersion of graphene and the 

limited way of electrode preparation process make it difficult to get higher power performance. 

On the other hand, carbon quantum dots (CQDs) have attracted tremendous research interest due 

to the unique properties associated with both graphene and quantum dots. In our present study, 

carbon quantum dots (CQDs) were synthesized and added to improve the dispersion of carbon 

material and increase the capacitance of supercapacitors. Glucose was used as raw material in 

our experiment to prepare carbon quantum dots by hydrothermal method which is a simple and 

no pollution method. 

 

2. Methods 

CQDs was synthesized through hydrothermal carbonization method using glucose and boron 

acid as precursors. Different content of glucose was dissolved in deionized water with the aid of 

stirring, and then transferred into a 200 mL Teflon-lined stainless steel autoclave and further kept 

at 200°C for different time. The monolithic samples were obtained by filtering the solution to 

remove large, biomass-based aggregates and dried at 90 C. Fluorescence spectra were collected 

through a photoluminescence (PL) of wavelength 254 nm. The characteristics of CQDs were 

investigated using e TEM, Raman, FTIR and XPS analysis. The make the electrode for 

supercapacitor, the slurry for electrode fabrication was prepared with CQDs monolith mixed 

with graphene and carbon black were in water. The electrode was made by coating the slurry on 

aluminum foil with scraper and then was heated to carbonization at 300°C in the air. The 

supercapacitor was composed of the electrode, polymer isolation membrane and 0.1 M K2SO4 

electrolyte. The electrochemistry behavior of the cell was examined by the cyclic voltammetry with 

conventional three-electrode system using the electrochemical tested system (Electrochemical station 

5000 Jiehan). 

 

3. Expected Results/ Conclusion/ Contribution 

The existence of CQDs was confirmed by photoluminescence (PL) and showed its concentration 

increased as the reaction time increased. The samples were analyzed by FTIR and showed that 
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the as-prepared CQD assembly contains oxygen-containing groups, such as C-O (alkoxy,), C-O 

(epoxide/ether), C = O (carboxyl/carbonyl), -OH (hydroxyl).   Binder-free supercapacitors are 

successfully developed by using CQD-anchored grapheme and carbon black. The results show 

that as-made supercapacitor has superior rate capability up to 500 V·s-1, excellent power 

response, and excellent cycle stability. In this structure, CQDs function as a spacer that prevents 

the restacking of graphene layers. With the combined advantages of graphene and CQDs 

assembly yield an excellent gravimetric specific capacitance up to 180 F g
–1

 at 0.5 A g
–1

 and 

retains 92% of their initial capacitance after 1000 cycles. These results suggest that the 

characteristics of CQDs provide a good block link with graphene nanosheets to obtain a high 

capacitance performance. It is expected that more carbon quantum dots will be beneficial to the 

increase of capacitance.  

 

Keywords: Glucose, Carbon Quantum Dots, hydrothermal, Supercapacitor  
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1. Background 

Electrical double layer capacitors (EDLC) with carbon materials are extensively studied recently 

due to their superior properties on energy storage. However, it is essential to have highly porous 

carbon with large specific surface area to obtain higher energy density. In our present study, we 

mesoporous carbon materials were obtained through the sol-gel template technique.  

 

2. Methods 

Organic-inorganic hybrid gels were prepared by the sol-gel method with poly(methyl 

methacrylate (PMMA) and tetraethoxysilane (TEOS). Different volume ratio of PMMA to TEOS 

are mixed in the ethanol and THF solution and react with H2O with catalyst HCl. The solutions 

were heated at different temperature from 50~100C to form monolithic gel. The gels were dried 

at 70C for 10 hours and then carbonized at 700C in pure N2 atmosphere for 1 hour.  The 

porous carbon samples were obtained by dissolved the SiO2 in the boiled KOH aqueous solution 

for 1hour and this process was repeat twice. The surface area of the sample was measured using 

a BET analyzer. The structure of the samples were investigated by using SEM, TEM, and Raman. 

The slurry for electrode of supercapacitor was prepared with the as made carbon powder and 

N-Methyl-2-Pyrrolidone (NMP) and 5 wt% carbon black. The electrode was obtained by coating 

the slurry on the Al foil by doctor blade method and dried at 90C for 24 hours. The electrolyte is 

0.1M K2SO4 solution with 5 wt% PVA. The electrochemistry behavior of the cell was examined by 

the cyclic voltammetry with conventional three-electrode system using the electrochemical tested 

system (Electrochemical station 5000 Jiehan). 

 

3. Expected Results 

The results shows that the gelation time decreased as the reaction temperature and the amount of 

HCl increased. However, the dispersibility of PMMA in the gel was poorer with shorter gelation 

time. The carbon samples showed three main bands: G-
 -1

 , D-

1339 cm
 -1

 , and 2D-
 -1

 of Raman spectra. The intensity of the G band is 

about twice of D band for the samples with shorter gelation time. Furthermore, the intensities 

and G and D bands are about equal for the sample under a very slow reaction. That is to say that 

the structure of the carbon sample is more like few-Layer grapheme. It is found that the sample 

with shorter gelation time had much higher specific surface area than that with longer gelation 

time. The he supercapacitor made with the carbon samples can yield an excellent gravimetric 
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specific capacitance. 

 

Keywords: Porous carbon; sol-gel; supercapacitor, Organic-inorganic 
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1. Background/ Objectives and Goals 

Due to the unique layer-wise production method, additive manufacturing (AM) or 3D printing 

have been widely adopted in rapid prototyping and tooling field. In 3D printing, 

Stereolithography (SLA) simply uses light to draw solids and to cure photosensitive resin in one 

layer at a time. SLA is appropriate for printing many tiny and complex project at once. In this 

study, the Al2O3 nanoparticles were first doped with SiO2 according to the percentage by weight, 

then mixed with photosensitive resins, and later performing photocuring experiments. The goal is 

to prepare high-solids and low-viscosity ceramic pastes, which is one of the current problems.  

 

2.Methods 

Al2O3 nanoparticles were mixed with photosensitive resin from 20 to 60 vol%. Moderate amount 

dispersant oleic acid (OA) was used to increase the dispersion of Al2O3 in photosensitive resin. 

In addition, 10 vol% SiO2 was added to each sample. Samples of 8mm in diameter and 1mm in 

height made by using SLA curing machine are for dielectric properties measurement. On the 

other hand, rectangular pieces of 70mm x10mm x 10mm were used for mechanical properties 

test. The samples made by SLA were then post cured to finalize the polymerization process and 

stabilizes their mechanical properties. The surface topographies of the samples were investigated 

using an optical microscope (OM) and a scanning electronic microscope (SEM). Impedance 

analyzer (MICROTEST 6630) was used to measure the dielectric properties of the samples. 

Four-point bending test was used to record the bending strength. 

 

3. Expected Results/ Conclusion/ Contribution 

The formability of the samples made by SLA was promoted by the addition of Al2O3 up to 20 

vol%. The formability without disintegration with the Al2O3 additives is further enhanced by 

adding SiO2 powders due the increase of the transmittance. Thermogravimetric analysis (TGA) 

and differential scanning calorimetry (DSC) showed increasing thermal stability with increasing 

the amount of Al2O3 nanoparticles. The hardness of the samples are also improved by adding 

Al2O3. The bending strength of the samples increased and as the volume fraction of Al2O3 

nanoparticles increases. The highest bending strength was found on the sample with 40 vol % 

Al2O3. The dielectric constant of the sample can be also significantly improved by adding Al2O3 

nanoparticles.    
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1. Background/ Objectives and Goals 

Electrochemistry of MnOx electrodes has been widely studied as originated from their 

application for active materials in catalysis, primary batteries, electrochromic and supercapacitor. 

Typically preparation of Manganese oxides electrode by galvanostatic electrolysis, chemical 

vapor deposition, thermal decomposition, and electron beam evaporation have been proposed. In 

our study, the nanocomposite thin films were obtained by electrodeposition with potentiostatic 

method.  

  

2. Methods 

The samples were prepared by electrodepostion of the electrochromic thin films with KMnO4 

and Ag(C2H5COO) aqueous solution on ITO glass substrate. The concentration of potassium 

permanganate was kept as 0.01M and the molar ratio of the Au/Mn in the solution varied from 0 

to 1.6%. The thin films were cathodically electrodeposited on the ITO glass substrate with -0.7V 

v.s. open circuit for 200s at room temperature. The morphology of the samples was studied using 

a field emission scanning electronic microscope (FESEM, Hitachi S-4700) and a Transmission 

Electron Microscopy (TEM, JEOL JEM-1200EX). The states of the ions were investigated by 

X-ray photoelectron spectroscopy (XPS, VG ESCA Scientific Theta Probe) with Al Kα 

(1486.6eV) and the X-ray spot size is 15μm. The electrochromic behavior of the cell was 

examined by the cyclic voltammetry with conventional three-electrode system using the 

electrochemical tested system (Electrochemical station 5000 Jiehan). The measurement of cyclic 

voltammetry (CV) was conducted from 0 to 1.0 V with scan rates of 20 mVs−1 and the 

electrolyte was 0.1M KNO3. 

 

3. Expected Results/ Conclusion/ Contribution 

The effects of varying deposition potentials on the microstructure and the electrochromic (EC) 

properties of the films were investigated. The thin films were composed of MnO2 and Ag2O 

nanoparticles. The population and the size of the particles on the surface of the thin film 

increased as Ag content in the solution increased. The average size of Ag2O nanoparticles is 

about 50 nm. The mechanism of the EC process, by which the color change between brown and 

light yellow occurs, could be explained in terms of the transformation between these two oxygen 

groups in Mn–O–H and Mn–O–Mn, accompanied by the change in valence of Mn. In addition, 

the color change between black and light yellow was attributed to the valence change of Ag. 

Characterization of films by X-ray diffraction and X-ray photoelectron spectroscopy (XPS) 
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analyses revealed that two distinct potential regions (lower and higher than 0.5 V vs. Ag/AgCl) 

for the electrochromic switching conditions. The mechanism for the Electrochemistry of the thin 

films as suggested based on the changing of the valence of the nanoparticles. 

 

Keywords: Electrochromic, MnO2, Ag2O, nanocomposite, thin film, electro-deposition 
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1. Background/ Objectives and Goals 

Excessive residual stress will reduce the stress that the material can withstand and accelerated 

the destruction of the material. Finally, how to optimize the internal stress of the material is an 

important technology. Heat treatment process and vibration stress relief (VSR) technology were 

widely used to relieve the stress of the material. However, this study expects to integrate the 

advantages of heat treatment and vibration, and to explore the microstructure and mechanical 

properties of cast iron parts through vibration stress relief process at different heat treatment 

temperatures. Finally, this investigation combines the results to find out the optimal temperature 

and vibration process parameters. 

  

The waveform can be decomposed into a main wave (lower frequency) and a second wave 

(higher frequency). The physical meaning of the main wave was the vibration wave caused by 

the external force. The physical meaning of the secondary wave was the spontaneous fluctuation 

of the material. Results showed that the amplitudes of secondary wave for the high-frequency 

waves were the largest in all conditions. Therefore, the waveforms with high-frequency 

characteristics are used to perform the vibration stress relief process at different heat treatment 

temperatures in this investigation. 

 

2. Methods 

The cast iron alloy with 3.6%C-1.0%Si was melted by induction furnace and controlled the 

temperature of 1350
o
C. Then, the molten cast iron was poured into a CO2 sand mold to solidify 

by synchronous vibration process. As the solidified temperature of cast iron part dropped to 400, 

300, 200, and 100
o
C, the vibration stress relief technology was executed. 

 

The waveform used in this experiment was a high frequency wave, and the frequency and 

amplitude of the high frequency wave can be known by Fast Fourier (FFT) in Labview. The 

eccentric circulation motor of TSM-02H used in this vibration system can generate the 

high-frequency waveforms with a main wave vibration frequency of 38.6 Hz. The excitation 

force of 38.6 Hz high-frequency wave was low. The frequency and amplitude obtained by 

Fourier transform (FFT) were indicated. 

 

3. Expected Results/ Conclusion/ Contribution 

The microstructure characteristic is composed of white cast iron zone and graphite eutectic zone 
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at the process of vibration-free and synchronous vibration. The new phase zone, which is formed 

by VSR with 200 °C and 400 °C, possesses the lowest carbon content in all conditions. The 

maximum residual stress of 197Mpa is generated in the synchronous vibration process. As the 

temperature of VSR increases to 200
o
C, the residual stress decreases to 92Mpa. As the 

temperature of vibration stress relief increases, the hardness obviously decreases, from 43.7HRC 

with vibration-free to 26.1HRC with 400
o
C of VSR. As the vibration process condition is 

synchronous vibration and 200 °C vibration stress relief, the cast iron part possesses the most 

uniform hardness distribution, low stress property and suitable surface hardness. 

 

Keywords: Vibration, Microstructure, Stress  
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1. Background/ Objectives and Goals 

High energy ball milling has been widely used to induce phase transformation of starting 

materials. In the present study, bismuth oxide and tantalum oxide were mechanically milled by a 

high energy ball mill. Solid-state phase evolution as a function of milling time was investigated. 

The composite bismuth/tantalum oxide powder will be used as the radiopacifier for mineral 

trioxide aggregates (MTA) consisting of 75% Portland cement, 20% Bi/Ta oxide composite 

powder, and 5% other oxides. The effects of various tantalum oxide additions on the phase 

transformation and radiopacifying performance were investigated. 

 

2. Methods 

Commercially available bismuth oxide (Bi2O3) and tantalum oxide (Ta2O5) powders were used as 

the starting materials for mechanical milling using a SPEX 8000D high energy ball mill. The 

phase evolution of (Bi2O3)100-x(Ta2O5)x (x ranged from 5-20 wt.%) composite oxide powders 

throughout the 3h ball milling process were investigated by X-ray diffraction (XRD), scanning 

electron microscopy (SEM), and differential scanning calorimetry (DSC). Heat treatments of 

composite powder at selected temperatures were performed to reveal better the phase 

transformation. In addition, MTA-like cements were prepared by mixing Portland 

cement/composite/gypsum (75/20/5 wt.%) and adding deionized water (with a water-to-powder 

ratio of 3). A dental X-ray system was used to obtain the radiopacity of MTA-like cement 

prepared by using composite powders. An aluminium step-wedge with variable thickness (from 2 

to 16 mm in 2 mm increments) was used as the reference.  

 

3. Expected Results/ Conclusion/ Contribution 

X-ray diffraction results show that, after 30 min. of milling, the (Bi2O3)95(Ta2O5)5 powder 

exhibited monoclinic -Bi2O3 phase, same as the starting Bi2O3 powder. Whereas, tetragonal 

β-Bi7.8Ta0.2O12.2 phase can be observed with 10 and 15 wt.% Ta2O5 addition. (Bi2O3)80(Ta2O5)20 
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powder, however, exhibited tetragonal β-Bi2O3 phase. Prolonged milling up to 3h, 

(Bi2O3)95(Ta2O5)5 presented β-Bi7.8Ta0.2O12.2 phase and the others exhibited cubic -Bi2O3 phase. 

It is suggested that β-Bi7.8Ta0.2O12.2 (or β Bi2O3) phase was the transient stage for -to-β-to- 

Bi2O3 phase transformation. Increasing Ta2O5 addition or prolong milling will lead to the 

formation of high temperature β- or -Bi2O3 phase.  

 

In order to reveal further the phase evolution, (Bi2O3)80(Ta2O5)20 powder at various milling 

stages were examined by X-ray diffraction. The results showed that monoclinic -Bi2O3 

transformed into tetragonal β-Bi2O3 phase at the early stage of milling (5-15 mins.). -Bi2O3 

phase became dominant after 30 mins. of milling thereafter. SEM cross-sectional examination of 

as-milled powder revealed that Ta2O5 powder became small pieces compared to those of Bi2O3 

particles. With increasing milling time, the fragmented Ta2O5 particles embedded into Bi2O3 

matrix and gradually induced solid state transformation of -to-β-to- phase.  

 

The thermal stability of the 3h as-milled composite powder was examined by DSC where an 

exothermic peak at 280.5
o
C can be noticed. XRD of heat-treated composite powder revealed the 

formation of minor β-Bi3TaO7 phase. The -Bi2O3 phase is the major phase for composite 

powder with high Ta2O5 addition or prolonged milling. It is suggested that bismuth/tantalum 

oxide composite powder with high temperature metastable -Bi2O3 phase can be obtained by 

high energy ball milling process. 

 

The radiopacity was 0.90 mmAl for Portland cement and increased to 3.05 mmAl with Bi2O3. 

Significant improvement can be noticed when the 3h as-milled composite powders were used to 

prepare MTA-like cements. The radiopacities was 4.93 mmAl for (Bi2O3)95(Ta2O5)5 powder and 

slightly decreased with higher Ta2O5 addition. The radiopacity was 4.72, 3.39, and 3.63 mmAl 

for 10, 15, and 20 wt.% Ta2O5 addition. This may be attributed to the differences in crystalline 

structures. Post heat treatment at 400
o
C for 2h was attempted for 3h as-milled composite 

powders. Similar trend can be noticed for 400
o
C heat-treated powders. MTA-like cement 

prepared by 400
o
C heat-treated composite powder with 5, 10, 15, and 20 wt.% Ta2O5 addition 

exhibited a radiopacity of 5.00, 4.86, 3.53, and 3.49 mmAl respectively. The cement prepared by 

400
o
C heat-treated 3h-milled (Bi2O3)95(Ta2O5)5 powder exhibited a radiopacity of 5.00 mmAl 

was the highest among the cements investigated in the present study. 

 

Keywords: mechanical milling, phase transformation, bismuth oxide, tantalum oxide, radiopacity 
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Abstract 

Background and Aim 

The need to procure solution to infertility caused by chemotherapy motivated this study. Impact 

of feeding omega-3 fatty acids (O3FA) on fertility of female albino rats treated with 

cyclophosphamide (CPP) was evaluated.  

 

Methods 

There was two experimental subunits. The fertility sub unit consisted seven mating groups of six 

rats (two males and four females) per group. Male rats were assigned into groups 1 (control), 2, 3 

and 4, females into 5 (control), 6, 7 and 8. Males were treated 1 - 0.3 ml distilled water with 0.3 

ml tween 80 (placebo), 2 – 250 mg/kg O3FA, 3 – 25 mg/kg CPP and 4 - 25 mg/kg CPP + 250 

mg/kg of O3FA for twenty-eight days. Females groups received same treatments. The males and 

females were cohabitated in a ratio of 1:2 after treatment. On day 20 of gestation, the uterine 

horns were exteriorized for examination and computation of the required parameters. The 

abortifacient effect (ABE) of O3FA involved ten pregnant rats. The experimental group received 

O3FA 500 mg/kg, while control received placebo at days 15 and 16 of gestation.  

 

Results 

All treatments recorded 100 % percentage of pregnant female (PPF) except CPP. The CPP + 

O3FA treatment significantly increased (p < 0.05) foetuses weight, foetal crown-rump length, 

corpora luteal number and fertility index compared with CPP treatment. The CPP + O3FA 

treatment significantly increased (p < 0.05) implantation index compared with CPP. The O3FA 

caused no ABE.  

 

Conclusion 

Conclusively, O3FA demonstrated a positive impact on fertility of CPP treated female rats and 

also possess no ABE. 

  

Keywords: omega-3 fatty acids, cyclophosphamide, female fertility, abortifacient effect, rats 
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1. Background/ Objectives and Goals 

Breast cancer is well known as the most common cancer in women worldwide and the 

prevalence is still fairly high until now. The 5-year relative survival rate and recurrence rate after 

treatment are much better than others are due to the prognosis and treatment modalities for early 

breast cancer improved greatly. However, a frequent and disabling symptom in breast cancer 

patients and survivors is anxiety which might worsen quality of life, elevate risk for severe 

depression, induce medical treatment failure, and influence clinical outcomes. To reduce the 

adverse effects caused by anticancer treatments, the complementary and alternative medicine 

(CAM) therapies were widely used to overcome the anxiety in female patients with breast cancer. 

Art therapies have been shown to decrease anxiety and especially the mandala drawings was 

proposed as quality assessment tools for women with breast cancer. Therefore, the aim of this 

study was to investigate the potential effects of coloring art activities on reducing anxiety and 

affecting physiological responses in female breast cancer patients. 

 

2. Methods 

The pre-test post-test comparison group design was conducted in this project. Female breast 

cancer patients receiving chemotherapy at a metropolitan hospital in southern Taiwan were 

invited to participate. Subjects were excluded if they had brain metastases, dementia, severe 

mental disorder, or refuse to continue with the trial. After completing consent procedures, the 

applicants were randomly divided into three experimental groups: (1) coloring mandala group, (2) 

plaid group, and (3) free-form group; and a normal activity control group. In addition to the 

socio-demographic, degree of engagement in different artistic and cultural activities, perceived 

health status, previous therapeutic modalities and medication of the participants; the following 

physiological responses were measured before (stage I), during (stage II), and after (stage III) the 

study intervention: State-Trait Anxiety Inventory (STAI), blood pressure (diastolic blood 

pressure and systolic blood pressure), and heart rate. The anxiety induction in participants was by 

asking them to think about the time that they felt most fearful, and then writing for 4 minutes 

about that experience on a piece of unlined A4-sized paper. Regardless of whether they were 

assigned to any experimental group, all participants were instructed to color the paper in front of 

them for 20 minutes using the six colored pencils (red, orange, yellow, green, blue, and purple) 
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provided by executor. SPSS 20.0 statistical software was used to analyze the data. One-way 

analysis of variance (ANOVA) was conducted to compare the scores of STAI and the 

physiological responses between the groups. 

 

3. Expected Results/ Conclusion/ Contribution 

The study period from recruitment to completion was from November 2017 to December 2018. 

The mean age of the participants was 55.1 years. The mean total STAI score of the sample before 

anxiety was 40.211.7 (meanSD), and it was substantially higher after anxiety induction 

(45.512.2, P=0.05 versus baseline). Result indicated that anxiety scores were significantly 

declined in experimental groups, especially in the coloring mandala group decreased 11.88.4 

(P=0.005 versus 3.82.4 of the control group), and the plaid group also reduced 9.17.4 

(P=0.029 versus control group). There were no statistically significant differences between the 

groups with respect to the physiological responses. In conclusion, the present study found that 

coloring mandala activity could effectively reduce the anxiety level in participants. This finding 

enable us to understand the possibility of coloring art activities for reducing anxiety in breast 

cancer patients during receiving chemotherapies. Our study recommends that health care units 

could provide more innovative and effective information during policy decision-making process 

against anxiety in breast cancer patients. This finding also could be provided to female breast 

cancer patients as a safe nondrug remedy for anxiety and encourage them to engage mandalas 

drawing activities for relieving their adverse side effects. 

 

Keywords: Art Activities, Coloring Mandala, Female Breast Cancer Patients, Anxiety, 

Physiological Responses 
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1. Background/ Objectives and Goals 

The US Food and Drug Administration (FDA) have approved a genetically engineered virus to 

treat patients contained with advanced melanoma. Among innovative treatments for cancer 

therapy, virotherapy represents a class of promising cancer therapeutics, with viruses from 

several families currently being evaluated in clinical trials. Most clinical trials of virotherapy 

have treated with patients via intratumoral injection. However, one of the most important 

technical solutions needed for clinical virotherapy is enhanced systemic delivery. Achieving 

efficacious and accurate systemic delivery will greatly broaden opportunities in virotherapy. 

Significant developments in technological solutions improving delivery, potency and purity for 

virotherapy have given rise to recent success. Specificity in viral delivery however will greatly 

enhance therapeutic gains. 

 

2. Methods 

Magnetic nanoparticles provide accelerated vector accumulation in target sites when directed 

with magnetic field-enforced delivery. Effective magnetic-mediated delivery technology is 

critical for biomedical application and has inspired various approaches. Interestingly, magnetic 

nanoparticles coated-virus delivery can improve the activity of viral infection and stabilize 

modified virus against the inhibitory effects of serum. An appropriate magnetic field strength can 

be operated with a micro-scale ‘spot’, shifting the remote guidance from the organ and tissue 

level down to the micro level. Notably, AAV serotype 2 (AAV2) show significant promise at both 

the preclinical and clinical level as delivery agents for human gene transfer. Taken together, this 

provides strong motivation for the design of a remotely directed “ironized” virus for 

micro-virotherapy. The validity of this concept was tested with a genetic approach to 

photodynamic therapy (PDT), circumventing PDT sensitizer-based side effects and providing 

highly specific light-triggered virotherapy in AAV2-infected cells. Sensitization is achieved 

intra-cellularly with expression of the photosensitive KillerRed protein. 

 

3. Expected Results/ Conclusion/ Contribution 

To translate the proof-of-principle results to pre-clinical application, we performed 

light-triggered virotherapy treatment using remotely Ironized AAV2-KillerRed in athymic 

BALB/c nude mice with EGFR-TKI-resistant H1975 (EGFRL858R/T790M) xenograft tumors. 
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Notably, treatment with Ironized AAV2-KillerRed was associated with strong suppression of 

tumor growth, contrasted by a large area of tumor necrosis indicated by H&E (hematoxylin and 

eosin) staining, extensive positive staining by TUNEL (terminal deoxynucleotidyl transferase 

dUTP nick end labeling) assay, and the nucleic acid labeled by DAPI 

(4’,6-diamidino-2-phenylindole) staining compared with other treatments. Also, the light blue 

colored area stained with Prussian Blue indicated the distribution and increased presence of iron 

in the samples exposed to the magnetic field and Ironized AAV2. Single administration of 

Ironized AAV2-KillerRed injected by tail vein resulted in significantly suppressed tumor 

outgrowth, however it lacked in long-term suppression. Impressively, when we further injected 

Ironized AAV2-KillerRed at Day 8, a complete cessation of volume growth was achieved for a 

further 5 days and was significantly inhibited beyond this (P < 0.015). To assess the 

magnetization or light irradiation independently in suppression of tumor growth, both conditions 

using Ironized AAV2-KillerRed did not significantly alter tumor growth. In contrast, delivery of 

AAV2-KillerRed only or Ironized AAV2-KillerRed with a magnetization field and light 

irradiation did not result in any statistically relevant anti-tumor effect due to the most intense 

expression in the liver tissue by using AAV2 after systemic injection. Taken together, this result 

implied that Ironized AAV2 without the magnetization may accumulate in the liver since the 

clearance of the iron oxide nanoparticles accumulated in the liver and spleen13 and AAV2’s 

natural targeting property. Concurrent delivery is consistent with other studies to assist in 

overcoming the inherently difficult challenge in achieving systemic delivery.  

 

In summary, we have demonstrated specificity in anti-tumor effects with light-triggered 

virotherapy achieved with remotely guided “Ironized” virus delivery. Such a technological 

concept could be harnessed to improve therapeutic efficacy and accuracy with systemic delivery 

via the bloodstream. There are several distinguishing features of our Ironized AAV2, such as 

targeted delivery, light-triggered activation of virotherapy, lack of recombination and genomic 

integration, and strong pre-clinical safety record, that define potential advantages of this concept. 

Furthermore, magnetic resonance imaging (MRI) instruments can be applied to create pulsed 

magnetic field gradients in desired direction, and it may provide the prospect of shaping the 

accumulation within an internal 3D volume. 

 

Keywords: adeno-associated virus serotype 2, iron oxides nanoparticles, KillerRed, localized 

delivery 
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1. Background/ Objectives and Goals 

Helicobacter pylori (H. pylori) is one of the most common chronic bacterial 

infection in humans. It colonizes gastric mucosa of its human host and can cause 

diseases such as recurrent peptic ulcers, chronic gastritis However, persistent H. 

pylori carriage in children appears to be mostly asymptomatic. H. pylori 

acquisition is a predisposing factor for peptic ulcer or gastric cancer later in life. 

Predisposing factors are, direct contact within families, especially infected mothers, 

overcrowding, poor sanitation, familial socioeconomic status. This study aimed to 

detect prevalence of H. pylori carriage in asymptomatic toddlers and preschool 

children and their mothers in Alexandria. 

 

2. Methods 

This cross sectional study was conducted at during a four month period from January to April 

2017. Eighty six Toddlers or children whose ages ranged between 12 to 48 months and their 

mothers who visited a family health unit were included in the study. Stool samples were 

collected from both children and their mothers and H. pylori Antigen was detected in their stool 

samples using an enzyme immunoassay Test Kit. 

 

3. Expected Results/ Conclusion/ Contribution 

A total asymptomatic 86 infants and toddlers (children) and their mothers were included in this 

study. Fourty two (48.8%) were males and 44 (51.2%) were female. Among the 86 mothers, 

65(75.6%) and, 20(23.25%) children were positive for stool antigen test, indicating carriage of H. 

pylori. Out of the 86 studied pairs (mother and child), 19 (22.09%) showed positive results and 

20 (23.25%) were negative. On the other hand, 46(53.5%) mothers were positive while their 

children were negative and only one child showed positive result while his mother was negative. 

It was calculated that children whose mothers had positive tests have 8.2 times the rate of 

carriage of H. pylori compared to children whose mothers had negative tests. Also, Children 

suffering from anemia (10.5% of infected cases) were found to be at increased risk of infection. 

(OD 8.404, 95%CI:1.859 - 37.985, p < 0.05).  

 

Keywords: Helicobacter pylori, Children, carriage  
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Abstract 

As the rapidly growing of aging population in world, neurodegenerative diseases (ND) have 

been regarded as the first threats to human health,
 [1]

 in which Parkinson’s disease (PD) is the 

second commonest ND. However, the current pharmacotherapy for PD can only alleviate the 

symptoms without a permanent cure. Many chemical drugs, can cause severe side effects. Due to 

the pharmacology effect is limited, in 2017, Pfizer, the world’s biggest pharmaceutical company, 

has announced to end its research efforts to discover new drugs for ND. As the main 

pathogenesis of PD is loss of function and/or structure of dopaminergic neurons, cell 

replacement therapy using neuron, through proliferation and specific neural differentiation of 

neural stem cells (NSCs), become the most and only promising treatment. However, NSCs have 

limited proliferation and differentiation ability under natural conditions in vitro and need to be 

induced by growth factors.
 [2]

 Therefore, there is an urgent clinic demand on devising new 

methods to induce swift and efficient NSC proliferation and differentiation with limited usage of 

growth factors. Herein, to fulfil the urgent clinic demand, we successfully induced specific 

neuronal phenotype differentiation of NSCs into functional dopaminergic neurons by 

biocompatible silica extracellular nanomatrices in vitro. 
[3]

 The differentiated neurons have 

significant therapeutic effect after transplantation into PD murine model, providing a promising 

and novel strategy for PD treatment using NSCs. 
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Abstract 

This paper expatiates the case study of LNG (Liquefied Natural Gas) unloading arm installation 

in southern India offshore. The difficulties faced and solutions implemented provide a very 

practical reference to parallel maritime projects. The first attempt to install unloading arms was 

suspended for 5.5 months due to unsteady sea condition when southwest monsoon swept the 

project site. Through a multi-companies teamwork, an effective solution using a spudded tidal 

barge was proposed and implemented resulting in the installation being successfully completed.    

 

Keywords: maritime; LNG unloading; spudded tidal barge. 

 

1. Introduction 

The project site, LNG (Liquefied Natural Gas) receiving and re-gasify terminal, is a part of 

newly created Special Economic Zone located on the sea shore of southwestern India. To meet 

the civil and industrial demand of natural gas in this deficit area where no piped natural gas is 

available, the first LNG terminal in south India was formed in 2007 using reclaimed land with 

dimensions of 840 m x 400 m and a 330m long x 5m wide jetty trestle extending from the land at 

the south side. At the end of the trestle, a reinforced concrete unloading platform was built to 

accommodate four sets of Unloading Arms (ULA) which serve to unload the LNG from the 

cargo ship to the LNG storage tank via cryogenic pipelines. Fig. 1 indicates the project plot plan 

of the LNG receiving terminal. The unloading arms are the most important and critical units 

installed in the LNG receiving terminal, which require a higher stability for their installation to 

avoid any potential damages or leakage during the unloading of LNG from ship. Fig. 2 shows the 

3-D model of the four sets of unloading arms which are mainly composed of risers and 

unloading units. 

 

It was planned to finish the unloading arms installation from the landside using a temporary bund 

before arrival of the summer monsoon, however it didn’t happen due to logistic reasons. To meet 

the schedule it was decided to install the unloading arms using a floating barge with a mounted 

crane, trying to finish the installation by the end of May 2011. However, when the ULA risers 

were installed on 27 May 2011, the summer monsoon (southwest monsoon) arrived from the 

INDIAN OCEAN, sweeping the south of India with abundant rainfall and wind. The floating 

barge was hit by the waves and winds, and the 250 ton crane could not be kept steady to install 



 

379 

the ULA main units. To secure the ULA, the management decided to suspend the installation and 

transport the ULA to the safe place for temporary storage 

 

 

Fig. 1 The project plot plan of the LNG receiving terminal 

 

 

 

Subsequently, in order to finish the installation as soon as the monsoon was over, a series of 

investigations and approach studies were carried out, involving the feasibility of using a Jack-Up 

Barge. A study of sub soils under the sea bed resulted in the decision to use a spudded tidal barge 

with a 300 ton crane. A 4000-ton dumb barge was located and modifications to the design and 

construction of the barge were undertaken, complete with dredging activities at the Jetty area. 

Five months later the unloading arms were finally installed successfully. 
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The southwest monsoon is generally expected to begin around the start of June and fade down by 

the end of September. The moisture-laden winds on reaching the southernmost point of the 

Indian Peninsula, due to its topography, become divided into two parts: the Arabian Sea Branch 

and the Bay of Bengal Branch. The Arabian Sea Branch of the southwest monsoon first hits the 

Western Ghats of the coastal state of Kerala, thus making the project site area the first state in 

India to receive rain from the southwest monsoon, as shown in Fig. 3. (R.J. Ranjit Daniels, 2007) 

This branch of the monsoon moves northwards along the western mountains with precipitation 

on coastal areas as shown in Fig. 4. It is indicated that the annual precipitation at the project site 

area is greater than 250 cm. This abundant rainfall contributes lots of benefits to the agricultural 

harvest; however it becomes a problem for marine type construction work. The southwest 

monsoon comes back to Kochi from northeast India around October and November when it hits 

the west wing of the Himalayas in northeast India. This is known as the northeast monsoon or 

retreating monsoon; however the rainfalls and winds are comparatively lighter than those from 

the southwest monsoon. Therefore, the appropriate timing for resuming the installation was 

around the middle of November 2011.  

 

2. First Attempt at ULA Installation   

2.1 Background 

When the possibility of lifting the ULA from the landside was found to be very slight due to the 

logistical problem at the beginning of April 2011, it was decided to install the ULA from the 

seaside by means of a barge with a heavy crane mounted on the deck. A floating barge with a 

dimension of 67.3m long X 18.3m wide X 4.3m high, equipped with a 250 ton crane, was 

urgently hired from Thailand in order to finish the installation before the arrival of the monsoon. 

The barge started its voyage on 14 April 2011 and arrived at Kochi port on 16 May 2011. It took 

two days to clear the customs procedures and three days for loading the ULA and sailing to the 

Jetty head. The barge crane was ready for lifting the ULA risers on 22 May 2011, which was 

only 10 days away from the anticipated arrival of the southwest monsoon. During its voyage 

from Thailand to India, the four unloading arms were assembled and stood on the dummy risers 
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at the port area, waiting for transportation to the Jetty for installation. The weight of each riser 

and unloading unit is 15 tons and 50 tons respectively. 

 

2.2 Sea Condition and Installation Suspension 

On 22 and 23 May 2011 the wind and waves at the jetty area gradually strengthened. However, 

with much effort, four risers were installed safely on their foundations at the unloading platform. 

The sea condition became too bad to keep the crane steady for the installation of the unloading 

units. The installation team stood by for four days; however the weather and sea condition did 

not improve. For the safety of the unloading units, it was decided on 27 May 2011to suspend the 

installation and the units were delivered to the port area for safe preservation. Photo 1 and Photo 

2 show the floating barge with risers and unloading units at the Jetty head and the installed risers 

on the unloading platform. 

 

 

 

3. Methodology Approach 

3.1 Jack-Up Barge (JUB) 

In order to ensure the successful installation of the unloading arms, a Jack-up barge was the first 

choice to provide a firm and steady platform with four lags jacking on the sea bed. A suitable 

Jack-up barge (JUB) was found in northern India and subsequent studies were undertaken. 

 

The JUB had dimensions of 40m long, 30m wide and 4m deep with a hull draft of 2.5m, 

equipped with four jack houses, accommodating four legs of 1.6m diameter and 55m long as 

shown in Fig. 5 and Photo 3. (Western India Shipyard Limited, 2007) Design specifications such 

as allowable loads on deck, wind speeds and wave height were checked and they satisfied the 

requirements. However, it was found the subsoil under the seabed was not suitable and could not 

bear the hull weight of the JUB of approximately 3,000 tons including the lugs weights. This 

prevented the use of the JUB as the tool for the ULA installation.  
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3.2 Soil Strata Profile 

Three boreholes were drilled in October 2009 and January 2010 at the Jetty head, which 

indicated the unsuitability of the bearing stratum at the area on which the JUB was to stand. Fig. 

7 demonstrates the borehole plan location and soil logging along the depth to 24m below ground 

level. The ground levels for three bore holes are around CD+ 2.0m with respect to Chart Datum. 

In the soil profile, it is revealed from the SPT N values that a good bearing stratum of sandy silts 

(ML) and silty sands (SM) were found at around GL-12m to GL-15 m in boreholes BH-3 and 

BH-12 respectively, which provide SPT N values ranging from 25 to >100. However, in borehole 

BH-13, the N values were near zero below GL-8m. At the depth of GL-6m, SPT N=34 was 

found for the sand with shells (SP-SM). (Geo Foundations & Structures, 2009, 2010) Through 

the engineering judgment based on the above information, it was believed that the subsoil 

conditions could not secure the stability of the JUB when it transferred 3,000 tons of weight via 

four legs to this unsuitable stratum. Hence, the approach of using a Jack-up barge was 

discontinued. An idea using a semi-buoyant barge came to mind as a result of teamwork and 
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brainstorming. 

 

 

Fig. 7 Main deck plan and profile of the Spudded Tidal Barge 

 

3.3 Localization and Brainstorming 

Neither the floating barge from Thailand nor the Jack-up barge from north India could resolve 

the local constraints found at the Kochi project site. A local shipping expertise company was 

located. This shipping company is experienced in Kochi port conditions and familiar with the 

resources of different types of barges in India. It also owns a shipyard at Kochi which allows any 

modifications required to fit the requirement. Through several joint brainstorming meetings with 

naval architects, geotechnical expertise, maritime construction consultants, crane provider and 

project team, the concept to use a Spudded Tidal Barge, carrying crane to install ULA was 

formed as follows;  

(1). A steady platform had to be created by using a dumb barge. The optimal barge dimension 

selected was 70.1 m x 18.3 m based on operational requirements. 

(2). 8 external spuds and spud casings were to be provided to stabilize the barge. Spuds were 

provided with spud bearing plates (4 m x 4 m) to prevent penetration and spread the load to the 

soil evenly. 

(3). The external spud casings were integrated into the barge above the waterline to facilitate 

afloat fabrication. 

(4). As an option, the platform could be partially elevated and lowered with the help of tidal 

variation and remain pinned to the spuds. 

(5). Another option was that that the platform could be full buoyant without being pinned to the 

spuds if the sea was calm. 

 

4. Spudded Tidal Barge 
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4.1 Design Criteria 

The Spudded Tidal Barge (STB) was modified from a Dumb Barge through a design by the 

chartered naval architect, to enable the crane to lift and position the unloading Arms. The 

Spudded Tidal Barge was made up using the vessel named BHAGHEERATHA-V, which 

selection was based on operational requirements, with dimensions of 70.104 m x 18.288 m. Fig. 

7 shows the main deck plan and profile of the Spudded Tidal Barge which shows four twin spuds 

mounted at each corner. The design criteria for the spudded tidal barge to meet the service 

environmental conditions, such as loss of draft 0.5m (optional), wind speed 30 Knots, water 

depth (including tide) 4m to 10m, wave height 0.5m, wave period 7.5 sec, and current of 2 Knots. 

For other particulars refer to Table 1. (Cybermarine Knowledge Systems Pvt. Ltd., 2011) Table 2 

indicates the relevant loads and soil parameters used for the design. Refer to Fig. 6, where the 

soil parameters in Table 2 were used for the design of the spud bearing plates considering a 

conservative approach to ensure the safety as a result of the soil bearing capacity.  

 

Table 1 Particulars for Spudded Tidal Barge [7] 

 

 

Table 2 Particulars for Spudded Tidal Barge 

 

 

4.2 Spuds, Housings, Collars and Bearing Plates 

A combination of 8 spuds was envisaged to transfer the horizontal and vertical loads from barge 

to the seabed. To counter the loose soil pockets around the location of borehole BH-13, 

twin-spuds coupled at each corner of barge were proposed to ensure the safety in case one of the 

legs penetrating a weak patch. The housings set on the collars reinforced the stiffness of collars 

to hold the spuds, bearing the horizontal loads from the barge and transferring the loads to the 

 

Dumb Barge 
Particulars 

Length O.A. Breadth Depth Draft 

70.104 m 18.288 m 4.267 m 1.152 m 

Spud 
Particulars 

Spud Size Length Weight No. of Spud 

Φ 914 mm 15 m 9.2 ton each 8 Nos. 

Operating 
Environment 

Wave Current Wind Tide Water Depth Max. Elevated Draft 

0.5 m 2 KNOTS 30 KNOTS 1 m 4m ~ 10m 0.5 m 

Crane 
Capacities 

Self Weight Lifting Capacity Working Radius 

300 ton 60 ton 18 m  

 

Design Loads 
Displacement Cranes Weights ULA (4 sets) Variable weights (1) 

1262.95 ton 300 ton+80 ton 224 ton 140 ton 

Soil 
Parameters 

Soil type Friction angle,φ  Cohesion Effect. unit weight 

Silty sand (SM) 30° 0 1.0 t/m3 

Note: 
(1) 

The variable weights include those of spuds, spud cans, housings, casings. 
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spuds. The spud bearing plates mounted with 4m X 4m bearing plates which were designed to 

bear the vertical loads in case the spud was pinned on the housing, and to provide the horizontal 

resistance against the loads transferred from the barge when the waves force acting on it. After 

completion, in case the spud bearing plates were buried in the sea sands, compressed air could be 

injected via the preset hoses and nozzles for removal from seabed. Fig. 8 shows the scheme of 

twin spuds, housings, collars and spud bearing plates. (Cybermarine Knowledge Systems Pvt. 

Ltd., 2011) Photo 4 demonstrates the fabrication of the spud collars and housings.  

 

 

Fig. 8 Schemem of twin spuds, housings, collars etc. 

 

 

 

4.3 300-Ton Crane 

When the fabrication and fixing of spud collars and housings were finished, the main body of the 

300 ton crane (American 9310) was ready to crawl onto the barge using two reinforced steel 

ramps which are 15m long x 1.5m wide at 250 ton each. The barge had been ballasted down to 

maximum to keep ramp at minimum angle as shown in Photo 5. This system was also used to 

decommission crane and equipment from barge. After loading and erection of the American 
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9310, the barge was de ballasted to allow the fitting of the spud bearing plates. Selective centre 

tanks were emptied to give a draught of about 1.4m. The crane was aligned slightly off centre 

port and starboard to check angles of heel. The maximum allowed for crane operation being set 

at 3 degree either long or thwart ship. It was found that normal operation only approached 1.5 

degree but on the first lift of the ULA from hatch barge to deck of dumb barge which was at the 

biggest radius the heel increased to 3 degree. The flying horse water box of the crane was empty 

at this stage. Putting 30 tones of water into allowed the barge to return to 1 degree. A system was 

devised that the water box could be used and rotated at 50% full without problems and 

increasing the radius to lessen the load on the water box wheels allowed them to be rotated into 

direction of swing or travel. This method was adopted for the final erection procedure. 

 

5. ULA Installation 

5.1 Coordination and Integration 

In this project, seven different parties were involved for their specific work scope, i.e. Owner, 

Owner’s consultant, Regas contractor, ULA Vendor (ULA technician), Mechanical subcontractor 

(Crane provider), Shipping Subcontractor(Barge provider) and Marine contractor (Dredging 

work). Regas contractor played the most important role to coordinate and integrate the 

concurrent information for all the parties to complete the task on the same condition. Table 3 

indicates the role and responsibility of the teamwork. 

 

Table 3 Role and responsibility of Teamwork 

 

 

5.2 Loading ULA onto STB 

Two 450-ton hatch barges were used to load four sets of ULA main units at port storage area and 

sailed to STB for loading them on. At port storage area, a 12-axles trailer was used to transport 

these delicate units for loading on hatch barges. Photo 6 shows the ULA placed on the special 

trailer. 

 

Teamwork Role Responsibility 

PLL Owner 
Coordinate Regas Contractor with Marine 

Contractor according to the schedule 

CTCI 
Regas  

Contractor 

Coordinate NSCL with barge provider to 

perform the ULAs installation under FMC’s 

supervision and Owner’s coordination at 

Jetty area. 

FMC 
Vendor & 

Supervisor 

Supervise and give advices for the 

assembly & installation of ULA. 

NSCL 
Mechanical 

Erection 

Provide 300T crane, manpower & tools for 

ULAs installation at jetty.  

LOTS 
Spudded Barge & 

Transport ULAs 

Provide design and fabrication of spudded 

barge to create a stable platform, transport 

ULAs to LNG Jetty, Ramps for loading Crane 

on barge, etc.   

AFCONS 
Marine 

Contractor 

Dredging the jetty area to a depth timely 

for the tug boat and Barge to position for 

ULA installation.  
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5.3 Bathymetry and Positioning STB at Jetty  

Marine contractor provided a bathymetry chart to confirm the water depths at concern jetty area 

were reaching 4m at least; STB loaded with four ULA units, two cranes and accessories was 

towed by tug boat to the jetty head for positioning, anchoring and lashing. Photo 7 shows the 

STB sailing and positioned at jetty, ready for installation. Fig. 9 indicates the calculated 

arrangement of ULA to be set on STB, considering the lifting sequence. 

 

5.4 STB Operation and ULA Installation  

As the weather was fine and the sea was calm near jetty area while installation is ready, the 

decision was made not to fit the locking pins on spuds, to save the installation time. Nevertheless, 

although the spuds were not pinned, it was observed that the spud bearing plates contributed 

much on the resistance against the horizontal movement. In the event, the friction was sufficient 

to prevent excessive rolling. Only when the navy went out at twenty plus knots did the 

installation had to wait for the swell to subside. Normal movements on the spuds were one to 

two inches at maximum. The weather and wind was calm during the operation which took an 

average of 4.5 hours to lift and land the first ULA main unit and another took 3 hours to finalize 

positioning. This took advantage of the slack double high tide currents at midday and the wind 

increase in the afternoon was after the ULA units were landed and secured. The crane operation 

was smooth and after the first one positioned, the learning curve was established and went text 

book style. Photo 8 shows the completion of ULA installation on 15 Nov. 2011. 
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5.5 Tide Height Measurement  

Measurement of actual tide at jetty was done during 4-days installation and compared with 

published tidal heights. Fig. 10 shows the published prediction of the tide at Kochi (Cochin) 

from 12 Nov. 2011 to 18 Nov. 2011. The averages of high tide, low tide and tide differences are 

1.02m, 0.24m and 0.78m respectively. The measurement was made at the No.8 Spud shown in 

Fig. 8, which is around 4 km away from the predicted admiralty site located comparatively inner 

sea near Cochin Port. As the spud was not pinned, the changes of spud length projected above its 

housing were measured at the timings of high tide and low tide. Table 4 indicates that the 

averaged tide difference is 1.19m which is around 50% higher than that predicted value. It was 

noted that the heights were generally within a normal percentage but the timings were out by 80 

minutes from projected tide data. 

 

 

 

6. Conclusions 

From this project, some important observations were made and findings realized which can be 

shared as the reference for similar projects. 

(1). Maritime construction relies heavily on the weather and sea conditions. A reasonable lead 

time should be considered in the construction planning. In this case, the timing of first attempt 

for installation was rushed to some extent. 

(2). During the southwest monsoon season from 1st June to 30th September, a floating barge 

with crane might not be suitable in southern India for lifting delicate units which require steady 

positioning. 

(3). Local resources are much more important than those coming from any remote foreign 

country, besides which, it is complicated and any foreign vessel takes a long time to clear 

customs. Such a vessel may be old and lacking sufficient certificates to clear customs. 

(4). To employ a Jack-up barge requires better subsoil bearing and homogeneous stratum at the 

project site location to ensure the jack up does not suffer subsoil bearing failure or massive 

settlement.  
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(5). Solutions come from brainstorming within the team. Success comes from good coordination 

and integration between the multiple companies, while maintaining clear roles and 

responsibilities. 

(6). A naval architect plays an important role on the design and modification of the vessel or 

dumb barge. The maritime construction design shall accommodate changes imposed as a result 

of the actual site conditions, e.g. the tide condition, wind, waves, dredging draft, and so on.  

(7). Multi-axle trailers are required for transporting such important but heavy equipment. In this 

case, the ULA units were high and not so stable, which made a common trailer unable to provide 

a steady platform to transport the ULA units safely at the first attempt. 

(8). If tidal heights are too excessive for pinning the spuds, brake linings, either screwed or 

hydraulically applied, could cut down rolling of the barge. 

(9). Predicted tide heights for planning might greatly differ from the actual tide heights at the 

project site, and predicted timings for any spring tide or neap tide may not be relied upon. 

 

In conclusion, any maritime project needs to avoid rushing into hasty decisions to mobilize or 

demobilize as a result of bad weather or rough sea conditions, and only by detailed engineering 

can any solution work successfully. Besides, teamwork coordination and integration are the key 

factors to the effectiveness and success of any project.  
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1. Background 

Non-photorealistic rendering (NPR), unlike the traditional rendering focusing on photorealism, is 

inspired by artistic styles such as painting, drawing, technical illustration, and animated cartoons. 

One of the most popular methods is the line-based rendering. It generates artistic lines to produce 

the final painting. Space-filling curves have attracted both artists and mathematicians. A 

space-filling curve is defined by passing through every point of a given region. It has been 

applied in other image processing tasks. However, using space-filling curves to generate an 

artistic representation of an image is difficult for users. 

 

2. Methods 

In this paper, we propose an approach to generate artistic styles of images based on Peano curves 

automatically. We first compute a gray image from an input color image. For each part of the 

image, the deeper the color, the higher the breakdown level. After using the bilateral texture filter 

for image smoothing, we use edge detection to detect edges. The subdivision levels of edges of 

the image are also high. We combine local average gray value and edge density to find split 

thresholds. We also apply a recursive subdivision method to create a space-filling curve art. 

 

3. Results and Conclusion 

Fig. 1 shows the results of an image using the Peano curve. We have explored the halftoning art 

based on Peano curves, and the methods for achieving desired artistic effects. The proposed 

method can be applied to other curves. It can also be extended to create animations. 

 

Keywords: Image generation, Line and curve generation, Space-filling curves 
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(a)               (b) 

 

(c) 

Fig. 1. Results of Dolphin. (a) Input image, (b) result without colors, and (c) result with colors. 
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Abstract 

Stock investment is a popular way for investors. However, related literature shows that only 20% 

of institutional investment institutions can beat the global market when tracking their 

performances for more than 20 years. To provide more convenient investing channels, a burst of 

professional investment institutions are keen to issue Exchange-Traded Funds (ETF) for their 

clients. In this paper, we conduct a study on finding the optimal period on our prior proposed 

Five Line Stave Decision Model (5LSDM) to help investors avoid grasping a falling knife in 

bear market, and releasing the target in bull market when the prices are sharply falling or soaring, 

respectively. Traditionally, experimental tests usually adopt the duration by 3 to 3.5 years instead 

of 20 years to fit a more sensitive situation for more signals of operations. However, such 

hypothesis may be no longer applicable in today’s changing environment, especially after the 

downturn of 2008 financial crisis. Based on our study, the result substantially provides a fruitful 

suggestion for investors to gain more profit on ETF investment. 

 

Keywords: Big Trend, Exchange Traded Funds (ETF), Five Line Stave Decision Model 

(5LSDM), Mean Reversion. 

 

1. Introduction 

1.1. Background and Motivation 

Stock investment is a prevalent way for investors to share the fruitful growth of a target company. 

Ellis (2013) pointed out that the annualized ROI (Return on Investment) of stock, bond, and 

treasury bill investments are about 9.7%, 5.4% and 3.9% when counting the years from 1926 to 

2012. However, during the same period with an average 3.0% inflation rate, the annualized ROIs 

for bonds and treasuries are only 5.4% and 3.9%, respectively. That makes stock investment 

become a popular tool for pursuing a high return. 

 

However, as professional investors and institutions strive to thrive the stock analysis in real time, 

there is no trivial task to beat these rivals and overcome the global market. Roughly speaking, 

almost 80% of the mutual funds with active investment strategy cannot beat the global market. 
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That means investors should focus on pursuing the same ROI of the global market rate as the 

primary goal. Exchange Traded Fund (ETF) is such a popular tool with low cost to help investors 

gain nearly the same rate of the market in these years. Therefore, in this study, we choose ETF as 

our target of study, and intend to find an optimal period based on our proposed Five Line Stave 

Decision Model (5LSDM) (Shiue et al., 2017). 

 

As some irrational crash of stock markets, like the years of 1987, 2001, and 2008, may 

occasionally frustrate investors, investors need effective strategies for making decision of buying 

low and selling high. In our prior research, we have proposed a Five Line Stave Decision Model 

(namely, 5LSDM) by extending the linear regression line designed by Chan (2011). The 5LSDM 

model has been tested and can effectively help investors capture the buy-low-sell-high points in 

most of the markets.  

 

Nevertheless, our prior experimental tests adopt the duration by 3 to 3.5 years instead of 20 years 

based on the result found by Balvers et al. (2000), which suggests such short period to fit a more 

sensitive situation for more signals of operations, to fit a more sensitive situation for more 

signals of operations. We found such hypothesis may no longer be applicable in today’s rapid 

changing environment, especially after the downturn of 2008 financial crisis. Therefore, we 

intend to conduct a study on finding the optimal period on our 5LSDM to help investors gain 

more profit on ETF investment. 

 

2. Literature Review 

2.1. Exchange Traded Funds (ETF) 

Based on the definition of investopedia.com: ETF (Exchange Traded Fund) is a marketable 

security that tracks an index, a commodity, bonds, or a basket of assets like an index fund. It 

trades like a common stock on a stock exchange, and its experience price changes throughout the 

day as they are bought and sold. ETFs typically have higher daily liquidity and lower fees than 

mutual fund shares, making them an attractive alternative for individual investors. The advantage 

of owning an ETF is that investors can get the diversification of an index fund as well as the 

ability to sell short, buy on margin and purchase as little as one share.  

 

For most of the cases, beating the market is usually an important goal for institutional investors. 

However, based on the performance measurement pointed out by Ellis (2013), almost 60% 

mutual funds cannot achieve this goal in one year, nearly 70% cannot reach the objective when 

tracking the duration to 10 years, and 80% of that are beaten by the market when stretching the 

duration to 20 years. Because professional institutions are paying holistic endeavor in the 

investment research, investment-related information will be more easily achieved, resulting in 

most of the investment target prices already reflect all information at that time, which creates a 

hurdle of beating the market. That inspires investors turn to choose ETFs as important tools to 

pursue a higher rate of return for a long time investment. 
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2.2. The Five Line Stave Decision Model5LSDM 

The Five Line Stave Decision Model (5LSDM) is based on the Chan’s Conduit (Chan, 2011) 

model, which is a logarithmic linear regression method by tracking the index for 20 years, and 

above and below the regression line there are respectively added with two parallel lines by 

separately adding or subtracting two standard deviations for drawing. To facilitate the operations, 

Chan suggest adding a 75% parallel line in the middle of each space constructed by the center 

line and the derived lines, with a total of five lines to judge the relative high and low price, 

respectively. The 5LSDM (Shiue et al., 2017) modifies Chan’s Conduit by adopting the duration 

by 3 to 3.5 years, and using linear instead of logarithmic linear regression method, to fit a more 

sensitive situation for more signals of operations. 

 

Instead of adding or subtracting 75%, the second (and fourth) lines are drawn by adding 

(subtracting) one standard deviations on the center line, respectively. The reason is the 

probability of adding or subtracting one standard deviation is about 66%, which is prone to raise 

a trading signal when compared with that of 75%. Differing from the momentum investing 

strategy of Chan’s Conduit, we use contrary investment strategy as a basis, such that it raises a 

buying signal whenever the price is under the two lower lines, and a selling signal whenever the 

price is above the two upper lines. 

 

Shiue et al. (2017) have conducted an empirical study by collecting data from 2016/01/01 to 

2016/07/08 on five cases of transactions, including Vanguard Total Stock Market ETF (VTI), 

iShares MSCI ACWI (ACWI), iShares MSCI Russia Capped (ERUS), iShares MSCI Brazil 

Capped (EWZ), and Yuanta/P-shares Taiwan Top 50 ETF (0050.TW). The derived average ROI 

is nearly 26.75%, which is higher than the 4.46% performance of S&P 500. 

 

2.3. Mean Reversion 

Mean reversion is a very important concept in financial investment. Mean reversion is assuming 

that stock prices will gradually move toward the mean over time. According to this theory, the 

price of a stock fluctuates up and down around the average, such that the stock price cannot be 

always kept at a rising or falling position. Fama and French (1988a) show that there is indeed a 

mean return in the US stock market. But how long is the period of mean regression? A study of 

Fama and French (1988b) shows that it is about 40% chances for a small company with period of 

3 to 5 years. Balves et al. (2000) also pointed out that the half-life of the mean reversion is about 

3-3.5 years for the indexes obtained from the stock markets of 18 countries. 

 

Since the 5LSDM is based on the theory of mean reversion, that is, if it falls more, it will rise to 

the trend line. If it rises more, it will fall back to the trend line. Although most of the research 

shows that almost all of the primary stock indexes have the characteristics of average value 

returns, however, it still need to find an optimal period to achieve better investment performance. 
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As most of the research on mean reversion mainly conducted before the 2008 financial crisis, we 

wish to uncover the following questions: What is the optimal return period after the financial 

tsunami? Is every country the same? This study intends to find some possible answers. 

3. The System Architecture and Implementation 

 

We have constructed a decision support using PHP, together with Highcharts, an interactive 

JavaScript chart (http://www.highcharts.com/). All the historical data are crawled from 

http://finance.yahoo.com by our backend service. The objective of our frontend system (can be 

reached by http://invest.wessiorfinance.com/notation.html:en) is to establish a decision support 

platform by offering responsive and friendly user interface for any devices, including personal 

computers, tablet PCs, or even smart phones.  

 

2.4 System Development and Empirical Experiments 

Using the strategy of buying in region 6 with selling in region 1 on EEM, with calculation period 

of 2.5 years for 5LSDM, as shown in Fig. 1. By entering EEM ETF code, and input a 2.5-year 

period starting from 2006/06/12, Fig. 2 shows the output of our system. 

 

 

Fig 1. Using the strategy of buying 6 with selling 1 on EEM, with calculation period of 2.5 years 

for 5LSDM. 

 

http://invest.wessiorfinance.com/notation.html:en
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Fig 2. The output for Fig. 1 parameters. 

 

It is clear that the stock price of 2006/06/12 came to 27.94 and has fallen below TL-2SD. We call 

it the first region, and invest 100 units to buy the target with price of 27.94. 

 

By 2007/07/03, the stock price has come to 45.12, which has risen to TL+2SD, the 6th region. 

We then sell out the stock, and receive 161.49 units (and gain 61.49% profits). This is illustrated 

in Fig. 3. 

 

 

Fig 3. The stock price has come to 45.12, in the 6th region of TL+2SD. 

 

Then, on 2008/01/22, the stock price came to 44, and once again fell to the first region. We put 

161.49 back to buy the target with price 44 as shown in Fig. 4. 
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Fig 4. The stock price has come to 45.12, in the 6th region of TL+2SD. 

 

Later, on 2016/08/11, the stock price came to 37.62, and entering the sixth region for sell. The 

161.49 units now become 138.07 (lost 14.5%). The system depicts this in Fig. 5. Totally, from 

2006-06-12 to 2016/08/11, the ROI is 38.07%. 

 

 

Fig 5. On 2016/08/11, we sold the stock with 37.62, and received 138.07 (lost 14.5%). 

 

Based on such strategy, we distinguish the 5-Line-Stave-Decision-Model into six regions:  

1. TL-2SD is call Region 1, which is the extremely pessimistic position, we recommend 

it as a buying signal. 

2. TL-1SD is call Region 2, which is the relatively pessimistic position, we recommend 

it as a buying signal too. 

3. The region between TL and TL-1SD is called Region 3, which indicates to keep calm 
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without any action.  

4. The region between TL and TL+1SD is called Region 4, which indicates to keep calm 

without any action. 

5. The region between TL+2SD and TL+1SD is call Region 5, which is the relatively 

optimistic position, we suggest it as a selling signal. 

6. The region between TL+2SD and TL+1SD is call Region 5, which is the extremely 

optimistic position, we strongly suggest selling the target.  

 

Therefore, the 5LSDM can be implemented with four strategies:  

1. B1S6 Strategy: buy in Region 1, and sell in Region 6;  

2. B1S5 Strategy: buy in Region 1, and sell in Region 5;  

3. B2S6 Strategy: buy in Region 2, and sell in Region 6;  

4. B2S5 Strategy: buy in Region 2, and sell in Region 5; 

 

We adopt 2, 2.5, 3, 3.5, 4, 4.5, 5, 5.5, 6, 6.5, 7 years as 11 different periods to conduct the 

experimental analysis by choosing 15 ETF targets. We collect every target with data for more 

than 10 years up to 2018/03/09 to increase the stability of analysis. The ETF targets includes: 

EFA (Developed Country)、EEM (Emerging Markets)、IEV (Europe)、BKF (BRIC)、EWJ (Japan)、

SPY (USA)、EWH (Hong Kong)、EWS (Singapore)、EWZ (Brazil)、EWY (Korea)、EWT 

(Taiwan)、0050.TW (Taiwan 0050)、000001.SS (China Shanghai Stock Exchange Index)、̂ KS11 

(South Korea Composite Index)、^TWII (Taiwan Weighted Index). The experiment result is 

listed in Table 1. 

 

Table 1: The Optimal Periods and Best Strategies of 15 Targets 

Code Name 
Optimal 

Period 

Best 

Strategy 
No of Transactions Profits 

EFA Developed Country 7 B2S6 1 45.58% 

EEM Emerging Markets 5.5 B2S5 3 136.53% 

IEV Europe 4 B2S6 4 18.31% 

BKF BRIC 5.5 B1S6 1 49.70% 

EWJ Japan 6.5 B2S6 3 92.98% 

S&P500 USA 5.5 B2S6 5 158.36% 

EWH Hong Kong 5.5 B2S5 5 189.18% 

EWS Singapore 2.5 B2S6 7 97.55% 

EWZ Brazil 2 B2S6 9 265.44% 

EWY Korea 2 B2S6 9 215.11% 

EWT Taiwan 2 B2S6 10 226.84% 

0050 Taiwan 0050 3.5 B1S6 2 74.85% 

000001.SS China Shanghai 4 B2S6 7 152.36% 
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Stock Exchange 

Index 

^KS11 
South Korea 

Composite Index 
3 B2S6 5 294.23% 

^TWII 
Taiwan Weighted 

Index 
4 B2S6 4 187.62% 

 

5. Conclusion 

As pointed out by Ellis (2013), it is no easy task to beat the market. Therefore, professional 

investors now eager to adjust their performance along the market through various ETFs. 

However, the timing of buying and selling is also important to gain reasonable profit. Bernstein 

(2000) suggests conducting buying or selling in relative low or high price, respectively.  

 

In 2017, we have proposed a 5LSDM investment decision support system to help investors make 

important decisions, and the performance is proven far better than the simultaneous S&P500. 

However, the preset period of the model is 3.5 years, which is based on the results of Balvers et 

al. (2000). After the 2008 financial crisis, we believe that it is indispensable to further study the 

optimal decision and optimality of the 5LSDM decision support system. During the selected 

period, the results of our study show our recommendation for the optimal period for each region 

and country was different strategy. In the result, we found the strategy of B2S6 was applicable to 

most regions and countries, and the most suitable period was EFA (Developed countries) and 

EWJ (Japan). The average period is less than 5.5 years. Since many ETFs are not established for 

a long period of time and the observation period is too short, our research cannot be extended to 

other countries' ETFs. However, this study has suggested optimal periods for the investment of 

15 primary markets. We hope that after gaining more observations in the future, more detailed 

experiments can be conducted.  

 

References 

Balvers, R. ,Wu,Y. ,Gililland, E., (2000), Mean reversion across national stock markets and 

parametric contrarian investment strategies, The Journal of Finance, Vol. 55, No. 2, pp. 

745-772. 

Bernstein, W. , (2000), The Intelligent Asset Allocator: How to Build Your Portfolio to Maximize 

Returns and Minimize Risk, McGraw Hill, NY. 

Chan, Yan-Chong (2011), A Great Conduit: A Bright Light for Individual Investors, Chan’s 

Wealth-Creating Revelation, Renmin University of China. (in Chinese) 

Ellis, C., (2013), Winning the Loser’s Game: Timeless Strategies for Successful Investing, 6th Ed., 

McGraw-Hill. 

Fama, E. and French, K. (1998a), Permanent and Temporary Components of Stock Prices, 

Journal of Political Economy, Vol. 96, pp. 246-273. 

Fama, E. and French, K. (1998b), Dividend Yields and Expected Stock Returns, Journal of 



 

401 

Financial Economics, Vol. 22, pp. 3-25. 

Headley, P., (2002), Big Trends in Trading: Strategies to Master Major Market Moves, Wiley. 

Shiue W. and Tivo168 (2016), Investing by Five Line Stave Model, Yun-Fu Mass Communication 

Media Corporation. (in Chinese) 

Shiue, Weissor, Chen, Hao-Wei, Liang, Wei-Sheng Liang, Chou, A.Y.H., Tseng, F.S.C. (2017), A 

Five Line Stave Decision Model for Constructing a Big Trend Decision Support System for 

ETF Mutual Fund Investment, International Journal of Engineering Research, Vol. 6, No. 2, 

pp. 61-65, 2017. 

 

 

  



 

402 

ACEAIT-0286 

Learning Effectiveness Analysis of the Situation-Based Information English 

Vocabulary Learning System 

 

I-Hui Li
 *
, Ming-Wei Lin, Hong-Lin Ma, Shi-Ting Sun, Jun-Yi Chen

 

Ling Tung University, Taiwan 

E-mail: sanity@teamail.ltu.edu.tw 

 

Abstract 

As it is difficult to have a complete time for English learning, students usually study English 

only in the classroom. Therefore, we have designed a situation-based Information English 

vocabulary learning system. We wish that students will be able to study and strengthen English 

through our system anytime, anywhere. The system is divided into two modules, namely online 

test module and situational learning module, the former one is for the general examination 

system, and the latter module is learning through the games and drama. The research separated 

learners to different learning motivations by a learning motivation questionnaires, then students 

studied English in the proposed system, and finally the learning effectiveness of different 

learning motivation students were analyzed. The results showed that students with four kinds of 

learning motivation: Seeking Interest, Career Progress, Self-development and Outside 

Expectation’, have significant differences in the learning effectiveness. 

 

Keywords: Situation-based Learning, E-Learning, English Vocabulary Learning, Learning 

Motivation, Learning Effectiveness. 

 

1. Introduction 

English is usually taught by the teacher on the stage, the audience is very easy to concentrate on 

learning in the course time. But, there are many subjects’ homework after school, students hardly 

review English which learned in school. The day after day to form a vicious circle, students will 

be the exclusion of English gradually, so that cannot improve English ability. Therefore, this 

study develops a situation-based Information English vocabulary learning system, we hope that 

learners can learn through this system anytime, anywhere to enhance the English level. In the 

course of learning, learners will play a leading role in the context of the system, to explore the 

evolution of electronic computers, and learn from the electronic computer professional English 

vocabulary to enhance the knowledge of professional English vocabulary understanding. 

Through the repeated use of the situational information professional English vocabulary learning 

system a situation-based Information English vocabulary learning system exam questions and 

situational games, to achieve the improvement of learning effectiveness. In addition, this study 

uses learning motivation questionnaire to separate the learning effectiveness of the learners of 

different learning motivations in the situation-based Information English vocabulary learning 

system. 
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2. Related Works 

Situated learning is a way of learning proposed by Professor Jean Lave and independent 

researcher Etienne Wenger in 1990 [1][2]. Situated learning is to place learning in real or 

simulated situations. Through the interaction between learners and contexts, learners can more 

effectively apply the knowledge they acquire in real life. 

 

The purpose of game learning is teaching. Game learning allows learners to learn while playing 

games, and by the game to improve the motivation of learners. Learners can experience different 

learning styles from traditional teaching through game learning. Many research results also 

pointed out that game learning has a positive effect on learners [3]. 

 

Researcher Stipek believed that learning motivation is students' achievement motivation in 

learning, is individual pursuit of success of a psychological needs, and also is one of the main 

causes of academic achievement [4]. Researcher Liao [5] summarized the related research of 

learning motivation orientation, roughly divided into several key items: Seeking Interest, Career 

Progress, Self-development, Social services, Social Relations, Escape or Stimulate, and Outside 

Expectations. Liao referred the above learning motivation classification to design the "learning 

motivation and learning satisfaction scale for students in In-service training master class at 

Normal university", and Liao used these seven categories to explain the motivation to participate 

in learning [5]. 

 

 
Fig. 1: architecture of the Situation-based Information English Vocabulary Learning System. 

 

3. System Design 

The Situation-based Information English Vocabulary Learning System includes two modules: 

Online test module and Situation-based learning module, as shown in Fig. 1. Online test module 

provides learners to use the test to understand their degree of learning; Situation-based learning 
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module provides users with the use of learning, through this module, learners will effectively 

improve their English level. 

 

The users of the online test module are divided into learners and managers. In the beginning, 

learners must register as a member of the system, then they can log in according to the account 

and password to use the online test module a. As shown in Fig. 2, the online test module contains 

the set and modification function of basic data, the query of the examination history, the query of 

the grade history, the query of the website usage history, and online test. There are six topic of 

Information English vocabularies for online test: information security, computer application, 

hardware & software, popular application, network, and e-commerce. The related webpages of 

the online test module are shown in Fig. 3, Fig. 4, and Fig. 5. 

 

 

Fig. 2: architecture of the online test module for learners. 
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Fig. 3: main webpage of the online test module for learners. 

 

 

Fig. 4: query of the grade history in the online test module for learners. 
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Fig. 5: query of the examination history in the online test module for learners. 

 

Figure 6 shows the architecture of the online test module for managers. Managers can manage 

learners, grade, and question bank (only add and remove examination questions). 

 

 
Fig. 6: architecture of the online test module for managers. 

 

Figure 7 represents the functions of the situation-based learning module. The learners can return 

to the online test module by selecting "Online Test Module". Situation-based learning modules 

are divided into five major functions: drama, game, quiz, dictionary, and billboard. 
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 Drama: Learning by the situation way. The users can follow the evolution of designed 

script and interacting with the scene to learn English vocabularies. 

 Game: Learning by the game way. The users can play the designed vocabulary game to 

learning English words. 

 Quiz: Learning by the quiz way. The users can learn English words by filling in the blank 

in a quiz and understanding the analysis of test results. 

 Dictionary: The users can quickly query to the English word in doubt, to help learners to 

review. 

 Billboard: The users can look over the system usage situation of each person, to increase 

the interaction between users. 

 

 

Fig. 7: architecture of the situation-based learning module. 

 

Figure 8 is the main page of the situation-based learning module. Figure 9 shows the drama 

learning in the situation-based learning module. Figure 10 shows the game page of the 

situation-based learning module. 
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Fig. 8: the main page of the situation-based learning module. 

 

 
Fig. 9: drama learning in the situation-based learning module. 
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Fig. 10: game page of the situation-based learning module. 

 

4. Experimental Design and Results 

4.1 Experimental Design 

The experimental objects of this study were from the freshman to senior students of the 

Information Network Department in the central of Taiwan. Ten to fifteen students were randomly 

sampled at each grade. Finally, there were 51 samples, and the valid samples were 30. 

 

The experimental process is shown in Fig. 11. In the beginning, the learning motivation 

questionnaire designed by Liao [5] was used to understand the motivation of each tester. And the 

experimental purpose and flow were introduced to all testers. Then, the online test module was 

exercised for pre-test to comprehend the ability of Information English vocabulary of each tester. 

Next, the testers can use the situation-based learning module to learn Information English 

vocabulary by situation-based learning way. After one month of study, post-test is conducted via 

the online test module to understand the effectiveness of the learning. Finally, this research 

analyzed the relation between the learning effectiveness and the motivation of different learners, 

for understand learners with different learning motivations and their appropriate learning 

methods. 
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Fig. 11: Experimental process. 

 

4.2 Experimental Results and Analysis 

From Fig. 12, the average score in the pre-test is lower than that of the average in the post-test. 

The average score of students who did not use situation-based learning module in the pre-test 

was 52.4, after used the situation-based learning module, the average score of post-test was 70.4. 

This means that the use of situation-based learning system can indeed help students improve 

learning effectiveness. 

 

 
Fig. 12: average score bars of pre-test and post-test. 

 

Table 1 Paired samples t-test for different learning motivation and learning effectiveness (using a 

five-point scale). 

Learning Test Samples Average Standard t value P value 
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52.40  

70.40  

合計 
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motivation Score deviation 

All 
Pre-test 30 52.4 17.9 

-5.026 .000*** 
Post-test 30 70.4 17.5 

Seeking Interest 
Pre-test 17 55 16.4 

-4.163 .001** 
Post-test 17 73.8 15.1 

Career Progress 
Pre-test 14 54.8 16.3 

-2.738 .017* 
Post-test 14 66 15.1 

Self-development 
Pre-test 10 46.8 16.9 

-2.967 .016* 
Post-test 10 69.6 23.6 

Social Relations 
Pre-test 4 53 8.8 

-2.976 .059 
Post-test 4 75 18 

Escape or 

Stimulate 

Pre-test 4 42 15.4 
-2.976 .059 

Post-test 4 64 8.6 

Outside 

Expectations 

Pre-test 7 46.2 18.1 
-5.105 .002* 

Post-test 7 78.8 19.5 

***p < 0.001; **p < 0.01; *p<0.05 

 

This study used the questionnaire designed by Liao Zhisheng [5] (using a five-point scale) to 

understand the motivation of students to exercise the situation-based Information English 

vocabulary learning system. The pre-test and post-test results were analyzed by paired samples 

t-test. Table 1 shows the Paired samples t-test for different learning motivation and learning 

effectiveness 

 In the aspect of learning motivation, the average score of pre-test is 52.4, that of post-test 

is 70.4, and they achieve significant differences (p=.000, p<.001). 

 In the aspect of Seeking Interest, the average score of pre-test is 55, that of post-test is 

73.8, and they achieve significant differences (p=.001, p<.01). The reasons of this 

significant differences may be that testers originally want to enrich their abilities of 

Information English vocabulary, and the proposed system can attract them to reinforce 

the deficiencies learned in the past.  

 In the aspect of Career Progress, the average score of pre-test is 54.8, that of post-test is 

66, and they achieve significant differences (p=.017, p<.05). The reasons of this 

significant differences may be that testers want to satisfy their career needs, or obtain job 

development, and so on, through the proposed system. 

 In the aspect of Self-development, the average score of pre-test is 46.8, that of post-test is 

69.6, and they achieve significant differences (p=.016, p<.05). The reasons of this 

significant differences may be that testers want to pursue personal development or 

self-fulfillment, and so on, through the proposed system. 

 In the aspect of Social Relations, the average score of pre-test is 53, that of post-test is 75, 

and there is no significant difference (p=.059, p>.05). The reasons of no significant 
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difference may be that testers do not expect to improve social relationships, make new 

friends, or expand social circles, and so on, through the proposed system. 

 In the aspect of Escape or Stimulate, the average score of pre-test is 42, that of post-test is 

64, and there is no significant difference (p=.059, p>.05). The reasons of no significant 

difference may be that testers do not expect to pursue life stimulation or escape from 

reality, and so on, through the proposed system. 

 In the aspect of Outside Expectations, the average score of pre-test is 46.2, that of 

post-test is 78.8, and they achieve great significant differences (p=.002，p<.05). The 

reasons of this significant differences may be that testers want to meet the expectations of 

a teacher or family member or influence peers, and so on, through the proposed system. 

 

5. Conclusions 

This study proposed a situation-based Information English vocabulary learning system, the 

system can allow learners to learn through the system anytime and anywhere. The research also 

inspected the relation between the learning effectiveness and different learning motivation, of 

students. The results showed that students with four kinds of learning motivation: Seeking 

Interest, Career Progress, Self-development and Outside Expectations, have significant 

differences in the learning effectiveness. That is, students who expecting to be accepted by the 

outside world and to improve the type of personal social relationships are less burdened with 

situation-based learning way. And in terms of learning effectiveness, the average score of 

pre-tests was 52.4, and that of post-test after situation-based learning was 70.4. The grade had a 

significant increase, which indicating that after using situation-based learning module, learners 

can improve their learning effectiveness through this system. 
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1. Background 

Recently, two orthogonally multiplexed modulation (OMM) families, including orthogonally 

multiplexed orthogonal amplitude modulation (OMOAM) and orthogonally multiplexed 

orthogonal phase modulation (OMOPM) have been defined to provide a multitude of new 

multidimensional modulations. Specifically, when constructed from a basis set of 2N 

orthonormal basis signals, the OMM signal is generally expressed by multiplexing M orthogonal 

and independent (2N)-D component signals. For OMOAM and OMOPM, the component signal 

is formed by grouping L orthogonal pulse-amplitude-modulated (for OMOAM) or 

phase-shift-keyed (for OMOPM) signals with amplitude or phase taking value in a K-ary 

alphabet. For simplicity, the modulation elements in each 2N-D OMM family can be 

conveniently indexed by the modulation parameter triplet (M,L,K) or the modulation parameter 

set (N,M,L,K). We derive a close form for the power spectral density (PSD) of OMOAM and 

OMOPM. Further we can take advantage of these close form to examine the performance in 

adaptive orthogonally multiplexed modulation. The multidimensional OMOAM and OMOPM 

signals unify conventional orthogonal multiplexing modulations using PSK, PAM, and FSK 

signaling techniques with a set of modulation parameters (N,M,L,K). The spectral performance of 

adaptive OMOAM and adaptive OMOPM systems will be shown as an example. 

 

2. Methods 

The spectral efficiency for the OMOAM and OMOPM signals is obtained based on the 

equivalent lowpass PSD as in Table I with signal interval length set to T. Only the basis sets Ω2, 

Ω3 (N/2), and Ω4 (1) are considered in this thesis, because Ω1 and Ω5 are not common and 

practical in use, respectively. Moreover, Ω4 (2N/M) when 2N/M = 1 is considered for Ω4 (1) 

being the best spectral performer than any other Ω4 (2N/M) with 2N/M > 1. 

 

To author’s knowledge, the captured fractional power function has no close form been derived 

when the PSD being in the form of sum of squared sinc function where sinc function is defined 

by sinc(x) = sin(x)/ x. The integration is derived in the form of the well tabulated Si function 

as 
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3. Expected Results/ Conclusion/ Contribution 

The captured fractional power functions are shown in the Table II when adopting Ω2, Ω3 (N/2), 

and Ω4 (1). Obviously, the captured fractional power functions provided in Table II are consisted 

of sum of functions. The spectral efficiency of the modulation elements in the 

coherent systems are obtained through bisection method with precision controlled within 10
−7

. 

 

 

 

Keywords: Power Spectral Density, Orthogonally Multiplexed Modulation 
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1. Introduction 

This paper presents the design of a low-power and compact 6-bit 1 GS/s analog-to-digital 

converter (ADC) and digital-to-analog converter (DAC) pair. The proposed data converter pair 

well suits the applications in the transceivers of the ultra-wideband (UWB) systems. 

 

2. Circuit Design 

Fig. 1 depicts the proposed ADC design which is a flash type. We adopted the averaging and 

resistive interpolating techniques in the design in order to reduce the number of pre-amplifiers 

[1]. In addition, the direct thermal-to-Gray-code encoder circuits are used to reduce the power of 

the ADC. The current mode logic (CML) latches [2] are used to latch data at such a high speed. 

The DAC are implemented with the segmented current-steering architecture [1]. The cascode 

output current sources are used to achieve a higher output impedance so as to achieve a higher 

SFDR at high frequencies. Furthermore, the segmented architecture is adopted to reduce the 

complexity of the decoder and shrink the layout area. 

 

3. Experimental Results 

The flash ADC and the current-steering DAC has been designed in 0.13 um CMOS. The active 

areas of the ADC and DAC are only 0.186 and 0.04 mm
2
, respectively. To address the lack of the 

logic analyzer and pattern generator for measuring the data converter pair at full speed, a test 

mode has been added into the design in which the ADC cascades the DAC. 

 

Fig. 3 and 4 show the post-layout simulation results of the ADC and DAC, respectively. At a 

sampling rate of 1 GS/s and 1.2-V supply, the ADC achieves SNDRs higher than 35 dB up to the 

Nyquist bandwidth, while the DAC achieves SNDRs higher than 31 dB. The ADC and DAC 

consume 57.37 mW and 23.7 mW, respectively.  
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Fig.1 Proposed ADC design 

 

  

Fig. 2 Proposed DAC design 

 

A
v

e
r
a

g
in

g

&

In
te

r
p

o
la

ti
n

g

C
M

L

L
a

tc
h

e
s

O
R

A
R

R
A

Y

T
h

e
r
m

o
m

e
te

r

T
o

 G
r
a

y

D
e
c
o

d
e
r

T/H

Vdd

Vref

Reference

Ladder

128 128 64 L
a

tc
h

e
s

128 6

G5

|

G022

Vin+

Vin-

Vdd

Vclk+

Vclk-

D
if

fe
r
e

n
ti

a
l 
to

 S
in

g
le

64

Vdd

CMOS

Latch

Gray to

Thermometer

Decoder

Buffer

CMOS

Latch

4 15

4

Switching Current Source

15

OUT+

OUT-

50Ω

Vdd

Vdd

6

Gray Code

G5 ~ G0

CLK+

CLK-

Bias Circuit

SCSM15

SCSM2

SCSM1

SCSL1

SCSL2

SCSL3

50Ω

Binary to

Thermometer

Decoder

Gray to

Binary

Decoder

2 32

4
Gray to Thermometer Decoder

3



 

417 

 

Fig. 3 Simulation results of the ADC  Fig. 4 Simulation results of the DAC 
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1. Background and Objectives 

Due to the extensive usage of the switching power supplies and nonlinear loads, the harmonic 

pollution in the power system has been caused the deteriorated power quality. Thus, how to 

improve the power quality in power system becomes an important issue and obtains a lot of 

attention. In the past decades, shunt active power filter (SAPF) has played an important role in 

improving the power quality problems. APFs are designed to compensate the voltage or current 

harmonics and several researches using APF for the harmonic compensation have been proposed. 

Moreover, due to the existence of the filter loss and switching loss, the apparent power flowing 

into or out of the DC bus capacitor of APF will cause a serious DC-bus voltage fluctuation. 

Furthermore, when a sudden load changes, the fluctuated DC-bus voltage dramatically degrade 

the safety of the power system and compensation performance. Therefore, the DC bus voltage 

control of APF is a principal issue especially during the mode switch for microgrid system to 

operate in the grid-connected or islanded mode. 

 

Elman neural network (ENN) was first proposed by Elman in 1990 and regarded as one type of 

dynamic and feedforward recurrent neural network. The ENN owns the context neurons, which 

are considered as extra memories, to remember the previous outputs of hidden layer and send to 

all the hidden neurons after one-step time delay. Thus, the ENN has the capacity to adapt to the 

time-varying environment and to reflect the dynamic process. Owing to the above merits, lots of 

researches using ENN controller for different applications were proposed. Therefore, in this 

study, to effectively compensate the voltage harmonics in microgrid, a shunt APF is adopted in 

the microgrid to improve the voltage total harmonic distortions (THD) under voltage harmonic 

propagation. Moreover, to improve the transient response of DC bus voltage in APF during the 

mode switch for microgrid system, an intelligent ENN controller using backpropagation 

algorithm for online training is adopted as the main controller in the shunt APF. 

 

2. Proposed Intelligent Control Method 

The conventional PI controller is widely adopted for different applications owing to the simple 

structure. However, the PI controllers are not robust in dealing with the system uncertainties in 

practical applications. In other words, the constant parameters of PI controller are not suitable for 

different operation scenarios. Therefore, to improve the transient response of the DC bus voltage 

mailto:s913115@gmai.com
mailto:g941339@gmail.com
mailto:shihsunglin@gmail.com
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in the shunt APF during the mode switch in microgrid system, an online trained ENN is adopted 

as the main controller in the shunt APF to the improve the DC bus voltage. The adopted ENN is 

composed of the input layer, the hidden layer, the context layer and the output layer. Moreover, 

the ENN has a special explicit memory to store the temporal information. Therefore, the 

configuration of ENN is more forceful to cope with the nonlinear dynamic and time-varying 

systems. 

 

3. Expected Results 

To verify the effectiveness of the microgrid system with the shunt APF using ENN controller, a 

test scenario is designed in the simulation as follows: The microgrid with the 5th and 7th voltage 

harmonic sources, namely 1.5 % and 0.77 % of power voltage respectively, are operated in both 

grid-connected and islanded mode. The reference of the DC bus voltage is set to be 450 V. The 

simulation results, which are realized via the PSIM simulation software, of the microgrid system 

with the shunt APF using ENN controller to reduce the voltage harmonics in different operation 

modes are provided in this study. Moreover, to compare the compensation performance of the 

ENN, the simulation results using the conventional PI controller are also demonstrated in this 

study. From the simulation results comparing with the PI controlled APF, the voltage THDs of 

the ENN controlled APF are much improved and the transient response of DC bus voltage during 

the mode switch are also improved by the intelligent ENN controller. 

 

Keywords: APF, ENN, power quality 

 

  



 

420 

ACEAIT-0231 

The Electrical Properties of Metal/LaGdO3/Si Capacitor 

 

Tzu-Yu Huang, Cheng-Liang Huang 

Department of Electrical Engineering, National Cheng Kung University (NCKU), Taiwan 
*
 Email: huangcl@mail.ncku.edu.tw 

 

Abstract 

This paper investigates the effects of post-annealing temperature and sputtering atmosphere 

Ar/O2 ratio on the electrical properties of the metal/LaGdO3 (LGO)/Si structure. Samples were 

prepared at different post-annealing temperatures and the equivalent dielectric constant and 

effective oxide charge of the LGO/Si stacks were both optimized at 600
o
C-annealing. In addition, 

a higher effective dielectric constant, a smaller flat-band voltage shift, a less effective oxide 

charge, and a breakdown field >5MV/cm can be obtained for LGO thin film deposited at a Ar:O2 

ratio of 9:1. Also, different top electrodes (Al and Ti) were introduced to clarify its influence on 

the properties of the LGO films. A clear interfacial layer (AlOx~20nm) in Al/LGO interface was 

observed by TEM. The formation of the low-k (k~8.9) AlOx layer was considered not only to 

lower the dielectric constant but also to form more defect. However, the interfacial layer could be 

suppressed by using a passive metal as top electrodes. For instance, Pt/Ti/LGO/Si structure 

processed a higher dielectric constant of 17.3, a less effective oxide charge of 6.55×10
-11

 C, 

together with a hysteresis voltage of 32mV which was comparable to the films deposited by PLD 

(Pulsed Laser Deposition). 

 

Keyword: LaGdO3; MOS capacitor; Sputtering  
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Abstract 

The intensity of the laser is controlled by adjusting the magnitude of the input laser diode current. 

Therefore, the purpose of this paper is to design a power supply with adjustable current for the 

laser. Through the architecture design of the power supply, the energy conversion efficiency is 

improved, the volume of the power supply module is reduced, and three sets of independent laser 

machines can be simultaneously provided with a stable and adjustable current source. 

 

In the system architecture of this paper, a power factor correction circuit, a phase shift full bridge 

conversion circuit, and a buck converter are included. The boost power factor correction circuit 

uses a model UCC28180 control chip manufactured by Texas Instruments (TI), with the input 

AC voltage range of 100 to 240 V and the output voltage to a phase-shifted full-bridge 

conversion circuit is DC 390 V. The phase-shifted full-bridge conversion circuit uses a model 

UCC3895 control chip manufactured by TI, and uses a phase shift technique to achieve a zero 

voltage switching flexible technology. The proportional integrative (PI) controller in the buck 

converter is composed of an operational amplifier to form an analog controller, which can adjust 

a single independent output current between 21.6 and 32 A. 

 

Keywords: laser, power factor corrector, phase-shift full-bridge conversion, buck converter, 

soft-switching 

 

1. Introduction 

The system architecture proposed in this paper is shown in Fig. 1, including the power factor 

correction circuit, phase-shifted full-bridge conversion circuit and back conversion circuit. The 

first stage power factor correction circuit topology is a boost circuit. The control chip is the 

UCC28180 produced by TI [1], [2]. The input AC voltage range of 100 to 240 V and the output 

voltage to a phase-shifted full-bridge conversion circuit is DC 390 V. The control chip in the 

second-stage conversion circuit is the UCC3895 produced by TI. The phase shift technology is 

used to achieve the zero-voltage switching flexibility technology. The feedback circuit is include 

the voltage divider circuit, TL431 and Optical coupling-PC-817. The induced current of the 

PC817 adjusts the duty cycle of the control IC to stabilize the output voltage. The PI controller of 

the third-stage buck DC/DC converter circuit is composed of the operational amplifier to form an 
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analog controller, and a single independent output current is modulated at any time from 21.6 

A~32 A [3], [4]. 

 

 

Fig. 1: System architecture of designed high-power laser switching power supply 

 

2. Phase-Shifted Full-Bridge Conversion 

The phase-shifted full-bridge conversion circuit in this paper is shown in Fig. 2. The basic 

architecture consists of the MOSFET(Q1~Q4), transformer, and two fast diode (D1, D2) and the 

filter circuit including the Lout and Cout. In order to achieve the purpose of zero voltage switching 

of the MOSFET, the body diode of the MOSFET, parasitic capacitance(Coss1~Coss4), transformer 

primary, and the resonant inductor (Lr) are indispensable components makes up resonant circuit 

[5]. 

 
Fig. 2: Architecture of phase-shifted full-bridge conversion circuit 

 

The most difference between phase-shifting full-bridge conversion circuit and traditional 

full-bridge conversion circuit is the control method of the four MOSFET. The driving signals of 

the upper and lower arms in the traditional full-bridge circuit and the phase-shifting full-bridge 

both are complementary, and the drive signals l contain dead time to prevent the upper and lower 

arms from being in conducting state at the same time to cause short circuit. The control method 

in the traditional full-bridge conversion circuit is pulse width modulation. The duty cycle of the 

MOSFET is adjusted by changing the width of the drive signal. The phase shifting full-bridge 

conversion circuit uses the control method for pulse phase modulation which uses the fixed 
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power switching element to drive the width of the signal and change the phase of the drive signal 

between the leading arm and the trailing arm to change the duty cycle. 

 

The zero-voltage switching in the phase-shifted full-bridge conversion circuit utilizes the dead 

time of the upper and lower arms to resonate the parasitic capacitance and the resonant inductor 

to reduce the voltage across the MOSFET to zero. The MOSFET is turned on when the voltage 

being reduced to zero. The zero voltage switching is not completely lossless. Since the 

inductance characteristic cannot change the current direction instantaneously, the energy stored 

in resonant inductance on the primary side of the transformer must be consumed before the 

changing of the current direction of the MOSFET. Because of that, that has the duty cycle loss. 

Therefore the magnitude of the resonant inductor affects the effective duty cycle, which affects 

the conversion efficiency of the overall conversion circuit [6], [7]. 

 

3. Development of Proposed System 

This section describes the system architecture design and component selection of this paper, 

including phase-shifting full-bridge conversion circuit, buck conversion circuit, and control IC of 

each circuit and its peripheral circuit component parameter design, switching component 

selection, rectifier circuit, low-pass filter circuit, optical coupling circuit and feedback 

compensation circuit. 

 

3.1 Control of Phase-Shifted Full-Bridge Conversion 

The phase-shifted full-bridge conversion circuit architecture of this paper is shown in Fig. 3. It 

includes the main structure of the phase-shifted full-bridge conversion circuit, the optical 

coupling feedback circuit, the voltage regulator circuit of the auxiliary power supply and the 

driver circuit. The input source of the phase-shifting full-bridge conversion circuit is DC power 

supply and the four MOSFET are close and open in sequence according to the output switching 

signals OUTA~OUTD of the UCC3895 [8]. The MOSFET cooperates with the resonant circuit 

during the dead time to switch when the voltage drops to the zero. The MOSFET are alternately 

close to generate an AC current through the primary side and induce the voltage corresponding 

turns ratio on the secondary side of the transformer. 
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Fig. 3: Control structure of phase-shifted full-bridge conversion circuit 

 

Through the rectifier circuit and the low-pass filter circuit, the stabilized DC power is supplied to 

the next-stage circuit. Since the secondary side frequency of the center tapped transformer is 

twice the switching frequency, the volume of the low pass filter circuit can be reduced. Then, the 

inductance and capacitance of the low pass filter circuit can be obtained by the following 

formula: 

 

Filter inductor: 

 (1) 

 (2) 

 (3) 

 

Filter capacitor: 

 (4) 

Capacitance equivalent series resistance coefficient: . 

 

The filter capacitor and the filter inductor form a low-pass filter circuit to filter out 

high-frequency noise and stabilize the output power. The filter capacitor maintains the stability 

of the output voltage during the non-working period of the secondary side of the transformer. 

The capacitor with a larger capacitance has a larger equivalent series resistance. This equivalent 
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series resistance is the main cause of voltage ripple. Therefore, the equivalent series resistance is 

reduced by the shunt capacitor and the high frequency chopping noise is filtered out. 

 

3.2 Optical Coupling Feedback Compensation 

The TL431 adjustable reference voltage source and optocoupler are a common combination of 

feedback circuits in power conversion design. In this system, the phase-shifting full-bridge 

circuit uses TL431 and PC817 to design the feedback circuit as shown in Fig. 4. The R1 and R2 

voltage divider circuits will allow R1 and R2 when the output voltage reaches the target value. 

The node voltage is exactly equal to the reference voltage of T431. The resistor R3 and the 

capacitors C1 and C2 affect the feedback loop compensation of the TL431, which affects the 

stability of the control loop. When the loop gain is determined, the parameters of the components 

on the feedback control circuit can be calculated [9], [10]. 

 

 

Fig. 4: Structure of optical coupling feedback compensation 

 

According to the reference voltage (VREF) of TL431, the input voltage of the error amplifier is 

adjusted, and the phase shift of the gate drive signal is adjusted by the pulse width modulation 

comparator compared with the sawtooth wave to stabilize the output voltage. VREF can be 

obtained by the equation [11]: 

 (5) 

When the reference voltage exceeds 2.5 V, TL431 conduction flux increases, PC817 conduction 

flux increases, UCC3895 pin-20 voltage decreases, and UCC3895 duty cycle decreases. When 

the reference voltage is less than 2.5 V, the conduction of TL431 decreases, the conduction of 

PC817 decreases, the voltage of pin-20 of UCC3895 rises, and the duty cycle of UCC3895 

increases. The settings of feedback compensation bandwidth points are 

 (6) 

 (7) 
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 (8) 

 

3.3 Architecture of Buck Converter 

The buck architecture in this system is shown in Fig. 5. The whole circuit is based on the analog 

circuit, including the main circuit, the current sensing feedback circuit, PI controller, oscillator 

and the gate drive circuit. Since the design of the system is used as the power supply for the laser 

machine, the output current is mainly stabilized, so the sense output current is feedback, and the 

output voltage is stabilized by the low-pass filter circuit. The feedback control circuit adjusts the 

output current through the knob type variable resistor adjustment command voltage, and the 

output voltage between 24 and 36 V according to the load [12]. 

 

 

Fig. 5: Architecture of buck converter 

 

The design of the PI feedback control circuit used in the buck converter is shown in Fig. 6. The 

output current is passed through the current sensor to induce the corresponding voltage. The 

follower isolated the main circuit and the low-pass filtered the high-frequency noise. The error 

voltage (Verr) is subtracted from the command voltage, and the error voltage is input to the PI 

controller composed of the operational amplifier, and the error voltage adjusted by the PI control 

is compared with the oscillator to generate a PWM signal. Output to MOSFET through the gate 

driver. The output current of buck is sensed by the current sensor and the corresponded the 

voltage [13], [14]. 
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Fig. 6: PI feedback control of buck converter 

 

4. Simulation Results 

This paper applied PSIM software developed by Solore to perform the circuit simulation. The 

analog system architecture includes phase-shifting full-bridge conversion circuit, transformer, 

buck conversion circuit and PI controller. The actual circuit is added to the analog system 

architecture. The condition of the component is to improve the simulation effect of the analog 

circuit as the basis for circuit optimization. 

 

The gate drive signal of the phase-shifting full-bridge conversion circuit is controlled by the 

IC-UCC3895. The dead time between the upper and lower arms is adjusted by DELAB and 

DELCD to prevent the upper and lower arms from being conduction at the same time, resulting 

in a short circuit. The phase adjustment through the lagging arm (OUTC, OUTD) achieves the 

effect of zero voltage switching. In the PSIM simulation environment, the phase difference 

between the leading and lagging arm gate driving signals and duty, the driving signals of the four 

sets of power switching elements, and the voltage waveform of the primary side of the 

transformer are adjusted by open circuit, as shown in Fig. 7. 

 

In order to make the primary-side power switching element of the transformer capable of 

zero-voltage switching, the parasitic capacitance on the MOSFET is an indispensable element for 

the diode. In this way, the MOSFET module in the PSIM analog environment including the 

internal diode, which only needs to connect the parasitic capacitance on the MOSFET, and 

adjusts the parasitic capacitance to match the resonant inductor to simulate the actual circuit to 

achieve zero voltage switching, and the resonant inductor current and the transformer 

zero-voltage switching at the primary side. The related waveform is shown in Fig. 8. 
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Fig. 7: Voltage waveform of the primary side of the transformer 

 

 

Fig. 8: Current waveform of the primary side of the transformer 

 

The final stage circuit of the system is three sets of parallel buck conversion circuits. Since this 

system is used as the power supply for the laser machine, the output current feedback control is 

mainly used. The output current of each buck is between 21.6~32.0 A. The controller commands 

the modulation, and the output voltage varies according to the load between 24 and 36 V. The 

single-group output power of the three parallel buck circuits is about 768 W. In the PSIM, by 

adjusting the voltage and capacitance of the PI control loop to change the KP and KI of the 

controller, the output current response time and the steady-state time are adjusted. The output 

voltage and current waveform of the three parallel-connected buck are shown in Fig. 9. When the 

output current is 32 A, the corresponding output voltage is 24 V. When the output current is 25.6 

A, the corresponding output voltage is 30 V. When the output current is 21.6 A, the 

corresponding output voltage is 36 V, the overall circuit conversion efficiency is about 90 %. 
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Fig. 9: Waveforms of output voltage and current of designed high-power laser switching power 

supply 

 

5. Conclusion 

In this paper, the design of high-power laser switching power supply is performed. From the 

simulation results, it is realized the circuit functionality of each level has been achieved. Through 

the adjustment of the designed circuit according to the condition of the physical circuit 

architecture, the output responses of voltage and current met the output requirements by the PI 

controller with suitable parameters. In the future, the stability of the circuit operation and the 

circuit integration would be discussed. 
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1. Background/ Objectives and Goals 

A diplexer is capable of separating two different frequency bands from one physical transmission 

channel. One common application is separation of satellite and terrestrial TV signals on the same 

cable. A decent diplexer should have characteristics of low return loss, low insertion loss, high 

isolation and high transition rejection. The current diplexers are able to achieve all the 

requirements mentioned above. However, they require many iterations of tuning in order to meet 

the commercial specifications, since the parasitic capacitances coming from the feeding pins, 

wire soldering and routing lines seriously deteriorate the real performances, making the 

measurement results far from the expectation. Therefore, our objective is to design and develop a 

diplexer that not only fully meets the desired requirements but also requires less tuning. 

 

2. Methods 

The proposed diplexer is composed of a modified Elliptic low-pass filter and an Elliptic high 

pass-filter connected at the common input port. The modified Elliptic low-pass filter consists of a 

series-L grounded shunt-C low-pass filter as the first stage, followed by a 3rd-order parallel-LC 

grounded shunt-C Elliptic low-pass filter as the second stage, and a series inductor as the final 

stage. The first stage plays the role of passing the low-frequency signals to the output and 

blocking input high-frequency signals. The grounded capacitor of the first stage is designed to 

absorb all the parasitic capacitances contributed to the low pass path. The arrangement is 

significant since by doing so, the parasitic capacitances are part of design and will not degrade 

the expected performance. The second stage adopts the Elliptic type low-pass filter because of its 

well-known steepest transition slope for the given ripple levels. The Elliptic low-pass filter is 

based on the schematic of parallel-LC grounded shunt-C instead of series-L grounded series-LC, 

since the total number of inductors can be reduced from 6 to 3. The inductor in the final stage is 

required to provide sufficient output-port isolation. Without the final-stage inductor, the 

imperfect on-board ground may cause high frequency signals to leak from output port 3 to output 

port 2, limiting the isolation level.  

 

The high-pass filter is a 4th-order Elliptic filter based on series-C grounded series-LC topology. 

Three additional small inductors, implemented by 0402 surface mount devices, are placed in the 

beginning, the middle and the end of the high-pass path to serve as a multi-order matching 

network. The multi-order matching network is used to absorb the parasitic capacitances 

https://en.wikipedia.org/wiki/Satellite_television
https://en.wikipedia.org/wiki/Terrestrial_TV
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contributed from the feeding pins, interconnects and wire soldering so that the matching 

bandwidth can be further extended to higher frequencies. 

 

Three inductors in the low-pass filter and two inductors in the high-pass filter are implemented 

by microstrip spiral inductors with bottom ground metal removed. They are designed using EM 

simulations and show decent prediction accuracy and quality factors as high as 45, according to 

the measurements of several test samples. The remaining three inductors in the diplexer are coil 

inductors. The three coil inductors guarantee sufficient tuning ability. 

 

3. Expected Results/ Conclusion/ Contribution 

The proposed diplexer is fabricated on a 1.6mm thick FR-4 printed circuit board. The low and 

high frequency bands are defined at 5-204 MHz and 258-1225 MHz, respectively, to satisfy the 

modern TV application. The measured input return loss is better than 24 dB in both bands and 

the measured output return loss is better than 22 dB for both low-pass and high-pass paths. The 

insertion loss is around 0.4 dB for the low band and around 0.65 dB for the high band. The 

isolation is better than 50 dB and 46 dB for the low band and the high band, respectively. The 

above measurement results match with the simulations and fully meet the commercial 

specifications. In conclusion, the proposed work at least has the following contributions: 1. The 

modified Elliptic topology, especially including a grounded shunt capacitor in the first stage and 

a series inductor in the last stage, further improves the performances of return loss, insertion loss 

and isolation at high frequencies. 2. Adoption of the multi-order matching technique can cancel 

the capacitive effect of feeding pins and wire soldering, resulting in enlarged matching 

bandwidth. 3. Adoption of accurate and high-Q microstrip spiral inductors reduces the number of 

to-be-tuned coil inductors, while required tuning ability is still maintained. 4. Measurement 

results demonstrate that the proposed diplexer is undoubtedly industrial applicable and is also 

ready for mass production. 

 

Keywords: Microwave, Diplexer, Elliptic filter 
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Abstract 

Power companies often suffer from the insufficient of operating reserve or severe weather 

changes or natural disasters, such as typhoons and earthquakes, resulting in damage to their 

power transmission grid facilities, and insufficient power supply. To avoid a complete power 

system collapse, a power company usually adopt the “rolling blackout” measure without warning 

to their involved customers. Therefore, the rolling-blackout measure often cause public 

customers anxiety, inconvenience and grievances. To solve this kind of problems, this paper 

proposes an alternative measure by applying the novel “same-phase power supply scheme” to the 

electrical wiring system of a smart building to limit their power consumed. By this way, the 

“rolling blackout” measure can therefore be upgraded to “rolling load shedding”. The anxiety, 

inconvenience and grievances of public can be significantly released.  

 

An automatic transfer switch (ATS), transfer between normal and same-phase power supply 

mode, is installed right after the kilowatt-hour meter of a customer to shedding customer’s load 

when the power supply is insufficient. The under-frequency relay or the remote control signal 

from the dispatch control center of a power grid company is usually applied to initiate this 

emergency action. During the emergency period of power supply insufficient, the ATS will be 

switched to the same-phase power supply mode. The three-phase loads or single-phase loads 

connected between any phase lines will be cut off. However, the power to the vital and essential 

single-phase loads connected between any phase wire and neutral wire can be retained. That is, 

by applying the proposed method, the smart buildings and smart homes can assist the power grid 

to reduce the total power consumption and avoid the necessary of “rolling blackout”. 

 

Keywords: rolling blackout, zero-sequence circuit, load shedding, smart building. 

 

1. Introduction 

Taiwan, formerly known as Formosa, is an island in East Asia; located some 180 kilometers off 

the southeastern coast of mainland China across the Taiwan Strait. Taiwan located in the Pacific 

high-pressure outer ring and the Pacific rim seismic belt. There are about three to five strong 

typhoons per year. On average, there are about 1,000 felt earthquakes per year. Taiwan's fossil 

energy is deficient, and about 98% rely on imports. To achieve the “2025 non-nuclear country” 
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energy policy goal, Nuclear power plants 1 to 3 will be decommission successively and Nuclear 

power plant 4 has been mothballed for years. Taiwan’s power system is an island grid that is not 

interconnected with the power grid of neighboring countries. Severe natural disasters always 

damage the power transmission lines and facilities, and resulting in insufficient power supply. In 

general, Taiwan Power Company (Taipower) will adopt a “rolling blackout” or “limited power 

supply alternately by district” measure [1] [2] [3] in the case of an inadequate power balance. 

Whatever, these emergency measures have a significant impact on the quality of daily life of the 

involved users and can even endanger the lives of some patients. 

 

On July 29, 1999, there was a island-wide blackout in Taiwan due to the earthquake occurring in 

the Tainan area. On September 21, 1999, another earthquake occurred at Jiji Township, Nantou 

County in central Taiwan, and island-wide power blackout occurred once again. In these two 

earthquake events, the power plants, bulk power substations, transmission lines and power 

towers were seriously damaged. Another severe power outage occurred on August 15th, 2017, 

due to the unexpected shutdown of the natural gas supply of the Taitan power plant, causing all 

six generator sets trip out. As a result, the power unbalance of the power network occurred, and 

initiated the protection measures to shed loads, and “rolling blackout” was executed subsequently. 

Although, many large-scale residential and multi-purpose commercial office buildings equipped 

with backup generators, they could not be benefited to supply the basic livelihood electricity of 

each involved household in the case of rolling blackout. However, if the feeders are designed be 

switched to the same-phase power supply mode to shed the non-critical load then all the basic 

livelihood electricity can be fulfilled when the power unbalance occurs. That is, only important 

vitality loads and the secondary often-used essential loads are retained. The voltage collapse and 

excessive offset of the system frequency can then be avoided, and the probability of island-wide 

power blackout can be considerably reduced. [4] [5] [6]. 

 

The novel “same-phase power supply (SPPS) scheme” is applicable to multiphase AC electrical 

power distribution systems equipped with a neutral line. Technically, it uses a zero-sequence 

circuit to deliver power. To date, some academic papers have demonstrated and confirmed its 

feasibility and possible applications through computer simulation [7] [8]. This paper proposes 

some practical applications and circuit designs for electrical wiring systems of a smart building 

on the basis of the SPPS scheme. This paper is organized as follows: introduction, fundamental 

of the same phase power supply scheme; application cases on a smart building, and conclusion. 

 

2. Fundamental of the Same-Phase Power Supply Scheme 

2.1 Basic Concepts 

In the same-phase power-supply mode, the zero-phase sequence circuit is adopted for power 

supply. For a three-phase system, if all three phase voltages are forced the same (e.g. 

), then only zero-sequence voltage ( ) exists and both the positive and negative 

phase-sequence voltage (  and ) are zero, as shown in Eq. (1). That is, 
 
and 

cnbnan VVV  0
aV

1
aV 2

aV anVV 0
a 
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. In the same-phase power supply mode, all the phase voltages are , while the line 

(phase to phase) voltage ,  and are zero because there is no voltage difference among 

the phases, as shown in Eq. (2) [9]. 

              (1) 

Where:  

               (2) 

Where:  

 

The primary and secondary windings of a three-phase transformer can be connected to make the 

zero-phase-sequence circuit continue or discontinue. In other hand, the primary winding of a 

single-phase transformer can be connected between phase line and neutral line or two phase lines 

to continue or discontinue the zero-sequence circuit. In case of the inadequate power supply of 

the power system, if the power supply mode is switched from normal mode to the same-phase 

power supply mode, the supply power can be substantively reduced to prevent power unbalance 

and power outage. The same-phase power supply scheme is also applicable to any multi-phase 

AC power supply system equipped with a neutral line, including single-phase three-wire (13W), 

two-phase three-wire (23W) and three-phase four-wire (34W) services, etc. The application 

technique is the same, and only difference is the number of phase conductors and neutral wires 

[7] [8] [10] [11]. 

 

2.2 Principle and Related Devices 

To apply the same-phase power-supply scheme, a switch (the changeover switch) for transferring 

power supply mode is required. Also, a switch (i.e. the phase selector) is required to select a 

phase line from three phase lines of power source to supply zero-sequence voltage. However, if 

the changeover switch is designed connect to the fixed phase line, the phase selector can be 

saved. The load-side terminal of the changeover switch connected to three phase lines and tie 

they together while its source-side is connected to only one phase line of the three-phase power 

source through the phase selector or directly. By this way, there is no voltage difference between 

two phase lines on the load side of the changeover switch. Then, the single-phase load connected 

between any two phase lines will be in the status of no power supply. In the same-phase power 

supply mode, the sing-phase load connected between any phase line and neutral wire can work 

normally. In other words, the power in the same-phase power supply mode is continually 

supplied to (a) sing-phase load of a single-phase transformer with primary side connected 

between any phase line and neutral wire, and (b) the single-phase load connected between the 

any phase line and neutral wire of the secondary windings of a three-phase transformer with 

grounded wye-grounded wye ( ) connection. 
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The wiring and switch connection to apply the same-phase power supply scheme are shown in 

Figure 1. A changeover switch and a phase selector are used to apply the same-phase 

power-supply scheme, as shown in Figure 1. The load-side terminal of changeover Switch is 

connected to the load side of feeder circuit breaker (FCB); the other terminal is connected to the 

phase selector. The changeover switch must be interlocked with the FCB. In any moment, only 

one breaker can be on to avoid short-circuit between phases. Phase Selector is an optional device 

and can be worked to balance the phase loads in the upstream system. The changeover switch 

can be designed manual or automatic operation. The structure to apply the same-phase 

power-supply scheme is quite simple, no complicated and high-cost calculator, 

telecommunication or automatic devices are required. Therefore, the establishment cost is 

extremely low, and system-wide application is possible [7] [8] [10] [11]. 

 

 
Fig. 1: Basic wiring and switch connection diagram to apply the same-phase power supply 

scheme 

 

3. Application Cases on a Smart Building 

This section presents some application cases on a smart building. The dwelling units in a smart 

building equipped with the same-phase power-supply devices, can keep essential power supply 

when power blackout or power unbalance. If the dwelling units are serviced by 1φ3W, the 

FCB 



 

437 

system wiring diagram is shown in Figure 2. Otherwise, when the 3φ4W service is provided, the 

system wiring diagram is shown in Figure 3. The operating principle of the circuit are described 

as follows. 

 

3.1 Proposed Application Cases 

When power supply of the public grid is insufficient, the system frequency will gradually 

decrease. When the system frequency is lower than the setting of under-frequency relay (e.g. 

59.50 Hz), the relay will take action. In general, for the system safety and preventing the system 

collapse. The power company will apply “rolling blackout” measure by the dispatch control 

center to shed load and balance the supply and demand power. 

 

When the system frequency is lower than the setting lower frequency (e.g. 59.50 Hz) or the 

dispatching control center issues a load shedding instruction. The switch (ATS-1 for 1φ3W 

service, and ATS-3 for 3φ4W service) will be automatically switched to the same-phase power 

supply mode by the control circuit. At this time, the line voltages (the voltage between any phase 

lines) will be zero, so the larger duty load connected between any two phase lines will be 

automatically discarded and only the loads connected between each phase line and neutral wire 

can be retained for servicing vital and essential loads for basic livelihood needs. 

 

When operating under the same-phase power-supply mode, the phases A and B (for 1φ3w 

service) and phases A, B, C (for 3φ4w service) will be tied tighter and connected to the same 

phase (e.g. phase A) by means of automatic transfer switches (ATS) ATS-1 and ATS-3, 

respectively. Hence, in the process of changeover from normal mode to same-phase power 

supply mode, the loads connected between phase line A and neutral line N (A-N) will not be 

affected, that is, these loads will be serviced continued. For the loads connected to the other 

phases (i.e. phases B and C) will be suddenly interrupted and reconnected to phase A during the 

switching changeover process. Because the ATS automatic control switching mode is used, the 

power supply voltage quality should not be affect considerably during the switching changeover 

process. Once the power supply of the power system is return to sufficient and the system 

frequency is increased, the ATS-1 or the ATS-3 will be initiated by the control signal of under 

frequency relay, and automatically switch to the normal power supply mode. Moreover, the over 

current alarm buzzer of neutral line, the operation indicator of same-phase power-supply mode 

and other Ancillary devices are included for reminding users. 

 

3.2 System Operation of the Proposed Application Cases 

When the control circuit of the automatic transfer switch ATS-1E (for 1φ3W service) or ATS-3E 

(for 3φ4W service) detects power outage and the terminal voltage of emergency backup 

generator is normal, the ATS-1E or ATS-3E will automatically initiated to change to the 

same-phase power-supply mode, and connected to the emergency generator unit. As mentioned 

above, the loads connected between phases A and B (for 1φ3W service) and loads between 
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phases A, B, and C (for 3φ4W service) will be all interrupted because the line voltages will be 

zero when the system operating under the same-phase power-supply mode, so the larger duty 

load between any phase lines will be shedded automatically, and only the loads connected 

between phase line and neutral line will be retained, such as loads connected between A-N or 

B-N (for 1φ3W service) or A-N, B-N or C-N (for 3φ4W service), to service vital or essential 

single-phase loads.  

 

When the power supply of public power grid returns to normal, that is the power can be maintain 

balance for all load demands, the ATS-1E and ATS-3E will be switched back to normal 

power-supply mode automatically. By this way, the installation of ATS devices can be waived for 

all smart building users. The users can have power supply for their essential loads when the 

public power grids outage, greatly improve their quality of life. 

 

3.3 Brief Discussion 

If the automatic transfer switch ATS-1E or ATS-3E is connected between the power source of 

public grid and the master meter of a smart building, the emergency backup generator set should 

be provided by the power grid company or stockholders. The proposed wiring diagram are 

shown in Figures 4 and 5. In these kinds of application cases, the capacity of the emergency 

backup generator should be much large, differ for case to case, and should be designed 

thoroughly. 

 

4. Conclusion 

The application cases and wiring methods proposed in this paper can be employed by engineers 

to planning and design a smart building and microgrid as well. The system protection, awareness, 

and ancillary devices are taken into account. The ultimately purpose of this paper is to accelerate 

the application of the “same-phase power-supply scheme” to mitigate the impact and damage 

caused by power outages. 
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Fig. 2: System wiring diagram for 1φ3W service dwelling or commercial units in a smart 

building (Type 1) 

 

 

Fig. 3: System wiring diagram for 3φ4W service dwelling or commercial units in a smart 

building (Type 1) 
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Fig. 4: System wiring diagram for 1φ3W service dwelling or commercial units in a smart 

building (Type 2) 

 

 

Fig. 5: System wiring diagram for 3φ4W service dwelling or commercial units in a smart 

building (Type 2) 
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1. Background 

It has been known that the potential change of the human body occurs with human body 

movement. Conventional electrostatic discharge studies have used contact type electrodes when 

measuring human body potential. Therefore, in the conventional method, when measuring the 

potential of the human body that changes according to the movement of the subject, the subject 

measured the measurement electrode in close contact with the human body. Therefore, since it is 

always necessary to attach the electrode to the subject, a method of directly measuring the 

human body potential is not practical. In addition, human body potential may rise to about 10 kV 

in everyday life. A potential change of about 10 V due to walking motion is superimposed on a 

high voltage of 10 kV. Therefore, it is extremely difficult to obtain a walking signal by directly 

measuring the human body potential. The author thought that if it was possible to detect only 

changes in the human body potential in a non-contact condition, it would be possible to detect 

the natural motion of the subject without bringing the sensor etc. into close contact with the 

human body. Therefore, a device has been developed to measure human body potential change 

accompanying the movement of the human body by detecting a weak current induced in the 

electrode near the subject. By using this device, it was shown that peaks occurred at the timing of 

foot contact and detachment due to walking exercise are observed in the electrostatic induced 

current waveform detected with stepping motion and walking motion (Amoruso, 2000). 

Furthermore, the author has constructed a theoretical model clarifying the cause of generating an 

induced current by walking motion (Kurita, 2009). In this research, in order to detect subject 

movement more easily, the author developed a portable wireless electrostatic induction sensor 

with the electrode inside the sensor. 

 

2. Methods 

The electrostatic induction current flowing through the electrode placed at a distance of 3 m from 

the subject was converted into voltage using an I-V converter comprising an operational 

amplifier. The conversion ratio of the I-V converter was 10 V/pA. The I-V converter consists of 

two low-input-current op-amps. The selected low-noise op-amp has an input offset voltage of 40 

μV and input offset current of 1 pA. The feedback resistor connected to the op-amp is a 

hermetically sealed high register that can prevent stray current due to humidity. We used XBee as 

a wireless data transmitter in order to store to a personal computer from the portable contact 

detection system. Therefore, data are acquired at a sampling frequency of 100 Hz on the safe side, 
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because an actual data transmission rate of XBee is low of about 10 kbps. However, a sampling 

frequency of 100 Hz was sufficient for detect the walking signal. The measurement electrode is 

square in shape with a side length of 2 cm. In this study, we attempted to detect seating and 

withdrawing motion on a chair as an example of daily activity tasks. In the experiment, eight 

healthy men (22 to 24 years old) became subjects. The subjects were asked to walk and walk to 

the chair 3 meters away in the laboratory and sit down and stopped for 5 s then move to next 

chair. Then, the subject rests for 5 seconds, then stands up and starts walking to a place 3 meters 

away. This simple transfer operation of the chair was performed ten times for each subject, and 

the electrostatic induction current induced by this operation was measured. 

 

3. Results 

The author attempted to detect daily motions under non-contact condition by detecting 

electrostatic induction current induced by human body potential fluctuation occurring in daily 

activity tasks. Seated on a chair after walking exercise and stopped for 5 s, then after the transfer 

of the chair continued to move away from the chair and walking motion was selected as an 

example of daily activity tasks. As a result, it was clarified that a series of these motions can be 

detected non-contact by the method of detecting the electrostatic induction current proposed in 

this research. Furthermore, from the results of the scalogram obtained by the wavelet analysis, a 

characteristic pattern was detected in the signal in the frequency range between 3 Hz and 0.7 Hz. 

 

Keywords: Electrostatic induction, Non-contact detection, Walking motion, Daily performance 
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1. Background/ Objectives and Goals 

Solar photocatalysis using TiO2 as catalyst has been used as an economically viable process and 

has attracted great interest in the past twenty years. However, due to the intrinsic structure 

characteristics and broad band gap (3.2 eV for anatase) of TiO2, TiO2 can only be excited by 

ultraviolet light (<387nm) to produce photoinduced hole-electron pairs and the inherent 

recombination of photo-generated electron-hole pairs, resulting in a low utilization of solar 

energy and photocatalytic activity. In our previous study (Kuo and Liang, 2018), a partial 

shell-core Ag(0.1%)/P3HT(0.5%)@TiO2 nanoparticles was well developed and demonstrated to 

overcome the drawback of TiO2 for the treatment of organic pollutants in water. However, the 

reusability of partial shell-core Ag/P3HT@TiO2 photocatalyst and its photocatalytic activity in 

consecutive cycles were still undefined, and which may be a major barrier in the future 

application. In this study, the photocatalytic activity of partial shell-core Ag/P3HT@TiO2 in 

consecutive cycles was examined by degrading refractory organic wastewater (carbofuran & 

4-chlorophenol) under simulated solar irradiation. The concentration of pollutants and abs@λmax 

of wastewater were monitored in first and reuse cycles. 

 

2. Methods 

Carbofuran and 4-chlorophenol (4-CP) with a purity of 99% were purchased from 

Sigma-Aldrich Co. USA and Acros Organics Co., USA, respectively and used without further 

purification. TiO2 powder - P25 (mainly anatase form, with a mean particle size of 30 nm and a 

BET surface area of 50±15 m
2
/g) from Degussa Co. (Frankfurt, Germany) were used in this 

study. P3HT (MW: 40,000 - 80,000) with a purity of 99.9% were purchased from Uni-Ward Co., 

Taiwan. AgNO3 (99.8%) (Sigma-Aldrich Co., USA) was used as the precursor of Ag. The fresh 

partial shell-core Ag/P3HT@TiO2 nanocatalysts with a desired Ag and P3HT content were 

initially synthesized by a dip coating method which was initially coating of P3HT solution using 

THF as a solvent on P-25 TiO2 film supported on glass plate and then detaching, desiccating and 

grinding the film from the glass plate. The reused partial shell-core Ag/P3HT@TiO2 was 

basically obtained by the sequence of centrifugation (1000 rpm * 15 min), dried at 105 
0
C for 24 

h and then grinding after the fresh photocatalysts used in photocatalysis test. The fresh and 

reused partial shell-core Ag/P3HT@TiO2 were characterized by a JEOL JSM-6700F SEM/ EDS, 

a Rigaku TTRAX III XRD, and a Hitachi U-3900 UV/VIS DRS spectrophotometer. In this study, 
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all experiments were carried out in a batch mode and performed under artificial solar light 

irradiation. The prepared carbofuran (20 mg/L) or 4-CP (10 mg/L) wastewater (200 mL) in a 

0.7-L stainless steel beaker was placed into a photoreactor and irradiated by a 1500 W Xe lamp 

in an ATLAS Suntest CPS+ solar simulator (ATLAS Co., USA) emitting artificial solar light 

with a spectral distribution resembling the solar spectrum (300 – 800 nm) in which the 

UV280-400nm intensity is around 55±1.0 W/m
2
. Residual carbofuran and 4-CP in wastewater was 

analyzed by HPLC (Jasco Co., Japan) with a Supelco C-18 reversed phase column. The 

abs@λmax of wastewater was monitored by a Hitachi U-2001 UV/VIS spectrophotometer. 

  

3. Expected Results/ Conclusion/ Contribution 

The images of SEM showed the particle size of fresh and reused partial shell-core 

Ag/P3HT@TiO2 nanoparticles with a similar range of 20 - 30 nm. The analysis of SEM/EDS 

showed that the Ag and P3HT were still partially covered onto the surface of TiO2 and the 

content of Ag and S with no significant change in the reused partial shell-core Ag/P3HT@TiO2. 

The results of XRD indicated the crystal pattern of reused partial shell-core Ag/P3HT@TiO2 still 

presented mainly anatase form. However, the spectrum of UV/VIS DRS illustrated that the 

reused partial shell-core Ag/P3HT@TiO2 were a little more reflective (3-5%) to visible light 

(400-600 nm) than that of the fresh one. In addition, it was shown that the abs@λmax reduction 

and degradation efficiency of carbofuran and phenol wastewater were still more than 90% as the 

photocatalysts was reused once. The kinetics of abs@λmax reduction and degradation of 

carbofuran and phenol wastewater could be described well by the Pseudo-first order model. As 

the photocatalysts was reused once, the rate constant of abs@λmax reduction was 1.39 and 0.80 

times of that of the fresh one for carbofuran and phenol wastewater, respectively while the rate 

constant of degradation was 0.95 and 0.98 times of that of the fresh one for carbofuran and 

phenol wastewater, respectively. Moreover, the recovery photocatalytic activity of reused partial 

shell-core Ag/P3HT@TiO2 was found to be better than that of reused TiO2. Accordingly, it was 

revealed that the partial shell-core Ag/P3HT@TiO2 photocatalyst could be efficiently reused for 

the treatment of refractory organic wastewater. 

 

Keywords: Reuse of photocatalyst, solar photocatalysis, partial shell-core Ag/P3HT@TiO2, 

carbofuran, 4-chlorophenol 
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Abstract 

When the heating temperature was increased from 650
o
C and 750

o
C, the compressive strength of 

the porous ceramics gradually increased. When the heating temperature was increased above 

750
o
C, the compressive strength of the porous ceramics was between 3.82 to 259.6 kgf/cm

2
. 

When the temperature reaches 750
o
C, all of the amorphous silicon dioxide is converted to the 

crystalline phase and SiO2 and Al2O3 becomes the dominant phase. Light emitting diode waste 

quartz sand with high SiO2 (69.4%) contents is suitable for the production of porous ceramics, 

because SiO2 are known network formers, and adding waste catalyst to a system increases its 

capacity to form networks. When the samples with waste catalyst replacing some LED waste 

quartz sand were sintered at high temperatures (750°C), because of the driving force of sintering, 

neck growth was observed in the SEM micrographs; this resulted in accelerated bonding among 

particles and densification, thus affording better mechanical features. Accordingly, the porous 

ceramics samples herein were stronger than the control specimens. Therefore, LED waste quartz 

sand can be blended with waste catalyst to generate porous ceramics. 

 

Keywords: Light emitting diode, waste quartz sand, waste catalyst, porous ceramics  

 

1. Background/ Objectives and Goals 

With the expansion of the Light emitting diode (LED) market, large quantities of LEDs waste are 

being generated because of their limited lifespans and rapid update in electronic products. Metals 

present in LEDs, particularly heavy metals (e.g., As and Cu), may lead to pollute the 

environment. Because of the depletion of natural resources, increasing greenhouse emissions and 

awareness of the need for sustainable development in terms of safe reuse of wastes, the 

transformation of these wastes into valuable materials is emerging as a strong trend. The 

valorization of wastes as secondary raw materials in the manufacture of construction materials 

could allay the problems associated with both the depletion of natural resources and the disposal 

of industrial wastes. Thus, LED waste is a crucial worldwide environmental concern.  

 

Porous ceramics with well-defined macroscopic shapes and high mechanical stability can be 

fabricated using a novel processing route in a manner that retains the intrinsic porosity of the 

mailto:dark83054689@gmail.com
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porous powder from which they are manufactured [1]. Sintering is a thermal process that 

transforms a compact powder into a bulk material, and is applied in mass-producing 

complex-shaped components. The shapes of powder particles and pore channel networks are 

changed by diffusion [2, 3], which is driven by the difference in curvature-dependent chemical 

potential. Sintering is a complex process of microstructural evolution, which involves bond 

formation, neck growth, pore channel closure, pore shrinkage, densification, coarsening, and 

grain growth. The microstructural evolution in sintering is caused by motion of surfaces, grain 

boundaries and rigid bodies. In real sintering, various diffusion mechanisms, such as 

evaporation–condensation, surface diffusion, grain boundary diffusion, and bulk diffusion, 

proceed simultaneously. The shrinkage is approximately proportional to the sintering force [4]. 

The features and properties of the porous ceramic material, including porosity, pore size 

distribution, pore morphology, and pore connectivity (commonly identified as the relationship 

between open and closed porosity), depend strongly on the composition and processing method. 

Recent reviews have described the development of various replica-based, sacrificial 

template-based, and direct foaming approaches for producing porous ceramics [5, 6].  

 

Humidity control porous ceramics can combine high permeability with favorable mechanical, 

thermal, and chemical stability, which are attractive for a wide range of industrial applications [7, 

8]. In this investigation, an attempt is made to test the feasibility of recycling light emitting diode 

(LED) waste quartz sand and waste catalyst by using it in the production of LED waste quartz 

sand porous ceramics (LEDQSC) with waste catalyst. 

 

2. Methods 

This study fabricates humidity control porous ceramics the following operating conditions: a 

compaction pressure (5MPa), sintering temperature of 600–750°C, sintering time of 5 minutes, 

temperature increase rate of 5°C/min, and a percentage of light emitting diode waste quartz sand 

in waste catalyst of 0–40%. The heat-treated samples were identified using X-ray diffraction 

(XRD), and Scanning Electron Microscopy (SEM). The crystalline phases present in the sintered 

porous ceramics samples were determined by X-ray diffraction (XRD, Seimens FTS-40) using 

30 mA and 40 kV Cu K radiation. The crystalline phases were identified by comparing the 

intensities and the positions of the Bragg peaks with the data files of the Joint Committee on 

Powder Diffraction Standards (JCPDS). A Hitachi S-800 scanning electron microscope was used 

for SEM observation and crystal structural determination. 

 

3. Results 

3.1. Characteristics of LED Waste Quartz Sand and Waste Catalyst 

Table 1 shows the composition of LED waste quartz sand and waste catalyst. The XRF analysis 

shows that the major components in the LED waste quartz sand were SiO2 (69.40%), Na2O 

(16.3%), CaO (9.07%) and MgO (3.15%). The major components in the waste catalyst were SiO2 

(43.40%), Al2O3 (51.50%) and MgO (1.56%). Further X-ray diffraction analysis revealed that the 
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waste catalyst mainly consisted of SiO2, Al2O3 and MgO, which are suitable for the following 

sintering process. 

 

Table 1: Chemical composition of raw materials 

Composition LED waste quartz sand Waste catalyst 

SiO2 (%) 69.40 43.40 

Al2O3 (%) 0.26 51.50 

Fe2O3 (%) 0.06 0.80 

CaO (%) 9.07 0.53 

MgO (%) 3.15 1.56 

SO3 (%) 0.24 0.32 

Na2O (%) 16.30 - 

K2O (%) 0.12 0.13 

 

3.2 Porosity of the LEDQSC with Waste Catalyst 

Figure 1 shows the porosity of the LEDQSC with waste catalyst at various sintering 

temperatures. It is indicated the porosity of LEDQSC without waste catalyst were 33.79% by 

sintering at 600℃. When sintering temperatures from 650℃ to 750℃,the porosity of LEDQSC 

without waste catalyst were 26.1%、0.62% and 0.37% , respectively. As shown in Fig. 2, the 

amounts of waste catalyst in the mixture varied from 10% to 40%; the porosity of LEDQSC 

were 38.15%、40.43%、45.19% and 49.53% with respect to firing temperatures of 600
o
C, 

respectively. the porosity of LEDQSC were 6.42%、22.42%、35.68% and 44.09% with respect to 

firing temperatures of 750
o
C, respectively. Obviously, the porosity changed significantly during 

sintering. 

 

3.3 Bending strength of the LEDQSC with Waste Catalyst 

The bending strength is the most important engineering quality index for building materials. The 

results indicate that for LEDQSC without waste catalyst, the bending strength is 19.57 kgf/cm
2
, 

154.6 kgf/cm
2
, 528.74 kgf/cm

2
 and 614.76 kgf/cm

2
 at firing temperatures of 600, 650, 700, and 

750
o
C, respectively. When firing temperatures of 650, 700, and 750

o
C, the bending strength of 

LEDQSC all met the CNS 9737 standards: i. e. 61.2 kgf/cm
2
. The results indicate that for 

LEDQSC with 10-40% waste catalyst, the bending strength is 259.6 kgf/cm
2和 114.41 kgf/cm

2
, 

33.44 kgf/cm
2
, kgf/cm

2
 and 3.82 kgf/cm

2
 at firing temperatures of 750

o
C, respectively. All the 

LEDQSC samples showed a similar trend, that is, as the heating temperature increased to 600
o
C 

and 750
o
C, the bending strength of the LEDQSC gradually increased. It is possible that when the 

waste glass reached 40% and the LEDQSC samples would fragment. Thus the optimal amount of 

LED waste quartz sand that could be mixed with waste catalyst to produce good porous ceramics 

was 10% by weight (Fig. 2). It is concluded that LED waste quartz sand can be blended with 

waste catalyst in different proportions to produce good quality porous ceramics. 
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Fig. 1: Porosity of the LEDQSC with waste catalyst 

 

Fig.2: Bending strength of the the LEDQSC with waste catalyst 

 

3. 4. XRD Patterns of the LEDQSC with Waste Catalyst 

Figure 3 presents XRD patterns of LEDQSC with waste catalyst that were sintered at 600 to 

750
o
C. Two peaks at 600

o
C reveal the formation of cristobalite phase and quartz in the LEDQSC 

with waste catalyst; the cristobalite content increases with temperature. The intensity of the 

crystalline quartz peaks declines as the sintering temperature increases. In LEDQSC with waste 

catalyst, when the temperature reaches 700°C or 750
o
C, all of the quartz is converted to 
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cristobalite, which thus becomes the major phase. The LEDQSC with waste catalyst did not 

undergo a change in crystallization phase. The only change was in the peak intensity: at 600°C, 

the intensities of the quartz (2θ = 23°) phases were considerably lower than at the temperature of 

650, 700°C and 750
o
C. 

 

 

 

Fig. 3: XRD patterns of LEDQSC with waste catalyst 

 

3.5. SEM Micrographs of the LEDQSC with Waste Catalyst 

The SEM micrographs of the LEDQSC with waste catalyst are depicted in Figure 4. When the 

sintering temperature was 750°C, the LEDQSC with waste catalyst exhibited neck growth 

internally. The pores of the LEDQSC with waste catalyst were filled to achieve densification, 

strengthening the mechanical features of the sintering samples. Figure 4 (d) indicates that when 

the heating temperature was 750°C and the LEDQSC with 40% waste catalyst, the surface of the 

particles became denser because of the increased heating temperature, resulting in neck growth 

among the particles. When the LEDQSC samples with 30%–40% waste catalyst replacing some 

LED waste quartz sand were sintered at high temperatures (750°C), because of the driving force 

of sintering, neck growth was observed in the SEM micrographs; this resulted in accelerated 

bonding among particles and densification, thus affording better mechanical features. 

 

5 10 15 20 25 30 35 40 45 50 55 60 65 70 75 80

In
te

n
si

ty

2θ

Sintering Temperature = 600℃

LED Waste Quartz Sand
Waste Catalyst Replacement Level

40%

30%

20%

10%

0%

1.Silicon dioxide 2.Aluminum Oxide

1
1

2
1

1

2 21

5 10 15 20 25 30 35 40 45 50 55 60 65 70 75 80

In
te

n
si

ty

2θ

Sintering Temperature = 650℃

LED Waste Quartz Sand

0%

10%

20%

30%

40%

1.Silicon dioxide 2.Aluminum Oxide

1

1 1 1 1
2 2 2

5 10 15 20 25 30 35 40 45 50 55 60 65 70 75 80

In
te

n
si

ty

2θ

Sintering Temperature = 700℃

LED Waste Quartz Sand

40%

30%

20%

10%

0%

1.Silicon dioxide 2.Aluminum Oxide

1

1 1
1 1

2 2 2 2

5 10 15 20 25 30 35 40 45 50 55 60 65 70 75 80

In
te

n
si

ty

2θ

Sintering Temperature = 750℃

LED Waste Quartz Sand

30%

20%

10%

40%

0%

1.Silicon dioxide 2.Aluminum Oxide

1

1

2 2 2



 

451 

    
(a) 10% (b) 20% (c) 30% (d) 40% 

Fig. 4: SEM micrographs of the LEDQSC samples (sintering temperature = 750°C) 

 

4. Conclusion 

When the LEDQSC samples with waste catalyst replacing some LED waste quartz sand were 

sintered at high temperatures (750°C), because of the driving force of sintering, neck growth was 

observed in the SEM micrographs; this resulted in accelerated bonding among particles and 

densification, thus affording better mechanical features. All the LEDQSC samples showed a 

similar trend, that is, as the heating temperature increased to 600
o
C and 750

o
C, the bending 

strength of the LEDQSC gradually increased. Thus the optimal amount of LED waste quartz 

sand that could be mixed with waste catalyst to produce good porous ceramics was 10% by 

weight. It is concluded that LED waste quartz sand can be blended with waste catalyst in 

different proportions to produce good quality porous ceramics. 
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1. Background/ Objectives and Goals 

Organic chloride is widely used in the industry as an organic solvent. Because it is not easily 

decomposed in nature and has high bioaccumulation, the potential harm to the ecosystem cannot 

be ignored. Most of these organic chlorides are often heavier than water. After entering the 

natural water body, they often accumulate in the groundwater aquifer and are difficult to be 

removed. This study investigates the reaction mechanism of chlorine-containing organic 

compounds with zero-valent iron (ZVI).  

 

2. Methods 

This study investigated the dechlorination of chloroform and methylene chloride with ZVI. Both 

the iron plate and iron nanoparticles were used in experiments. Iron plates were firstly treated 

with acid to remove the contaminants, and then immersed in chloroform and dichloromethane 

solutions for a few days. Atomic forces microscope (AFM) and optical microscope (OM) were 

used to observe the change of morphology of the iron surface. Iron nanoparticles (8-20 nm) were 

prepared by the chemical reduction of Fe
2+

 with KBH4 and were identified by Transmission 

Electron Microscope (TEM) and X-ray radiation diffraction (XRD). The products of the reaction 

were analyzed with Gas Chromatograph (GC), Fourier Transfer Infrared Spectrrometer (FT-IR), 

and Laman spectrum. The dechlorination reaction of dichloromethane with ZVI was further 

observed by in-situ extended x-ray adsorption fine structure (EXAFS). 

 

3. Expected Results/ Conclusion/ Contribution 

1. The self-prepared nano-ZVI can effectively remove the residual organic chloride in the 

water. 

2. The possible reaction mechanism of nano-ZVI to degrade organic chloride can be 

obtained from the pH change of the reaction and the analysis of synchrotron radiation 

data. 

Fe0＋CH2Cl2＋H+→Fe2+＋CH3Cl＋Cl-        

Fe0＋CH3Cl＋H+→Fe2+＋CH4＋Cl-         

3. Installing a porous iron metal plate into this groundwater flow area may be a viable way 

to remove groundwater contaminated with organic chloride. 

 

Keywords: Zero valence iron, AFM, EXAFS, FT-IR, TEM, XRD, Dechlorination 
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1. Background/ Objectives and Goals 

Soil microorganisms make up a considerable fraction of the Earth's biodiversity and are involved 

in important biological processes such as regulation of soil fertility, plant health, and the cycling 

of carbon, nitrogen and other nutrients. However, microbial diversity in the soil depends on the 

spatial soil heterogeneity and the complex biological and chemical properties of soil 

environments. Thus, differences in the nutrient status of the rhizosphere and non-rhizosphere 

soils may have effects on the microbial community structure, which may either slow or 

accelerate the growth of different microorganisms. However, being able to identify the structure 

of microbial communities using metagenomics is a powerful new way of seeing microbial 

communities in relation to the environment where they are found. We are aware of a very few 

studies that have looked into the metagenomics of the rhizosphere soils of Fusarium wilt disease 

in banana plants  

 

2. Methods 

Soil samples were collected in disease-suppressive and disease-conducive plots or areas in 

Mindanao, the Philippines. To elucidate the microbial community structure, culture-independent 

techniques such as DNA extraction, Polymerase Chain Reaction and Next Generation 

Sequencing were used. In addition, rhizosphere and non-rhizosphere soil physicochemical 

parameters were analyzed to identify the correlation between soil microbial structure and soil 

fertility. 

 

3. Expected Results/ Conclusion/ Contribution 

Results revealed that among soil physicochemical properties, only cation exchange capacity have 

significant (p<0.05) difference between rhizosphere and non-rhizosphere soils and between 

infected and non-infected with Fusarium wilt. In terms of microbial population, rhizosphere soils 

of Fusarium-infected banana had a lower Shanonn diversity index (3.0) than the non-infected 

ones’ (3.2). This implies that either Fusarium wilt thrives in less diverse environments or their 

persistence in soils results in the decrease in soil microbe diversity. Results further revealed no 

clear differences in microbial composition between rhizosphere and non-rhizosphere soils. We 

mailto:ian-navarrete@daad-alumni.de
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found that both Arenimonas and Pseudomonas are potentially antagonistic against Fusarium wilt. 

Our findings also suggest that the high population density of Rhodanobacter can be a 

determining factor on the Fusarium wilt infection. Therefore, the findings could be utilized in 

field- and laboratory-based studies geared towards better soil management of banana affected by 

Fusarium wilt. 

 

Keywords: Fusarium wilt, rhizosphere soil, non-rhizosphere soil, DNA extraction 
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Abstract 

In this paper, the CFD simulation technique is used as a tool to design a hydraulic proportional 

suspension damper. Various parameters of the flow field, such as the pressure, flow-rate and the 

damping force, etc., can all be obtained and analyzed. The hydraulic proportional suspension 

damper discussed in this paper is based on the 2-stage design, in which a proportional solenoid 

serves as the pilot stage. However, one major challenge for the CFD simulation is the unknown 

boundary conditions which are chiefly the steady-state orifice openings of the main and pilot 

stage. In addition, these two steady-state openings are mutually dependent. On the other hand, it 

is also clear that the CFD simulation cannot be executed if the boundary conditions for the 

simulation are unknown. To solve this problem, the force equilibrium equation for the main stage 

is derived. From this equation, the exact steady-state orifice openings of the main and pilot stage 

can be determined by trial-and-error approach. Thus, all necessary and reliable flow-field 

parameters for design purpose can be acquired. The methodology presented in this paper is the 

major contribution of this study. 

 

Keywords: Hydraulics, CFD, Proportional damper, Suspension 

 

1. Background and Introduction 

As shown in Fig. 1, the suspension system is classified as a passive, semi-active, and active 

suspension system, according to its ability to add or extract energy /Renn, 2005/. Among these 

three systems, the passive suspension is perhaps the most commonly used one and may be found 

in most vehicles. However, the passive suspension has no means of adding external energy to a 

system because it contains only passive elements such as a damper and a spring. For the active 

suspension, the obvious advantage is that it can supply energy from an external source and 

generate force to achieve the optimal desired performance. However, the inevitable high cost is 

its major fault. By contrast, for the semi-active suspension, it is possible to continuously vary the 

rate of energy dissipation using a controllable damper. Though it can only provide moderate 

performance, the low-cost configuration is its major advantage. For these reasons, the 

semi-active suspension is investigated in this study. Figure 2 shows the 2-stage hydraulic 

proportional damper discussed in this paper. It is observed that a proportional solenoid at the 

pilot-stage is used to determine the damping force output of the hydraulic proportional damper. 
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Two significant features of the proportional solenoid are the quite linear force/stroke 

characteristic and the proportionality between the input current and the output armature force. 

Thus, it is possible to vary the damping force output by changing the input excitation current. To 

design the hydraulic proportional damper, flow field analysis is generally required /Pelosi, 2013/. 

In this paper, a software package of Computational Fluid Dynamics CFDRC is utilized. From the 

results of flow field analysis, all necessary flow field parameters for design purpose can be 

acquired, including the pressure, flow-rate and the damping force, etc. However, one major 

challenge for the CFD simulation is that the corresponding steady-state orifice openings of the 

main and pilot stage are both unknown. In addition, these two openings are mutually dependent, 

that is, coupled. On the other hand, it is also clear that the CFD simulation cannot be executed if 

the boundary conditions for the simulation are unknown. To solve this problem, therefore, the 

force equilibrium equation for the main stage is derived. From this equation, the exact 

steady-state orifice openings of the main and pilot stage can be determined by trial-and-error 

approach. Consequently, reliable results of CFD simulation can be obtained. In the following, the 

mathematical force equilibrium equation for the main-stage poppet will firstly be outlined. 

 

 

Fig. 1: Classification of vehicle suspension system 
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Fig. 2: Scheme of the 2-stage hydraulic proportional damper 

 

2. Mathematical Force Equilibrium Equation for the Main-Stage Poppet 

Figure 3 shows the detailed 2-stage hydraulic proportional control unit. Two-stage design means 

two control poppets. The bigger one at the left is the main-stage poppet, the other smaller one at 

the right is the pilot-stage poppet. At the beginning, as shown in Fig. 4, if the pressure at 

chamber 2, P2, is smaller than the pre-set pressure determined by the proportional solenoid, the 

pilot-stage poppet will move to the left end and prevent the orifice 2 from opening (X2 = 0). Thus, 

the pressure at chamber 1, P1, is equal to P2 since no hydraulic oil flows through the fixed orifice 

and no pressure drop across the fixed orifice exists. However, if P2 exceeds the pre-set pressure, 

the pilot-stage poppet will move to the right and the hydraulic oil will flow through the orifice 2 

(X2 > 0) to an empty chamber (tank) of the damper. Consequently, the pressure P2 will decrease. 

From the pressure distribution schemes shown in Fig. 5, it is observed that the main-stage poppet 

will also move to the right (X1 > 0) in response to the decrease of P2. It is worth mentioning that 

the pre-set pressure is defined as the ratio of proportional solenoid’s output force divided by the 

cross-sectional area of the plunger. Therefore, the pre-set pressure represents actually the 

damping force output provided by the hydraulic damper and its value can be arbitrarily adjusted 

by input various input excitation current to the proportional solenoid. 

 

As shown in Fig. 5, there are four forces acting on the main-stage poppet. They are the spring 

force and three forces arising from the pressure P1, P2 and P3, respectively. The force 

equilibrium equation can be described as 

 

ΔF = (P1A1+P3A3) – (P2A2 + Fs),             (1) 

 

where Pi is the pressure in chamber i, Ai is the corresponding actuation area of pressure Pi and Fs 
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denotes the spring force. 

 

Basically, the net actuation force, ΔF, must be zero at the steady-state to keep the main-stage 

poppet at the stable and equilibrium condition. Based on this observation, a methodology is 

proposed in this paper to determine the exact openings of the main- and pilot-stage orifice which 

are the most important boundary conditions for the CFD simulations. The methodology is 

described as follows. An initial value for the pilot-stage opening (X2) is assumed. Thus, the 

spring force can be easily calculated since the spring constant is a known design parameter. Then, 

three CFD simulations using three arbitrary guesses of the main-stage opening (X1) are executed. 

From every simulation, the average pressures P1, P2 and P3 in three corresponding chambers can 

be obtained. Substituting these three pressures as well as the known spring force into Eq. (1), the 

net actuation force (ΔF) can be derived. If ΔF equals zero, then the corresponding guess of the 

main-stage opening can be regarded as the correct value. However, if the value of ΔF is 

different from zero, a plot of ΔF / X1 relation can be used to determine the correct main-stage 

opening by interpolation technology as shown in Fig. 6. 

 

 

Fig. 3: Detailed 2-stage hydraulic proportional control unit 
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Fig. 4: Both orifices are closed if P2 is smaller than the pre-set pressure 

 

 

Fig. 5: Free Body Diagram of the main-stage poppet showing 4 acting forces 
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Fig. 6: Determination the correct main-stage opening by interpolation 

 

3. Simulation Results 

One real example is given in this section to show how the proposed methodology can be used to 

find the correct main-stage orifice opening for a fixed pilot-stage orifice opening. In addition, 

once the boundary conditions for the simulation are known, the corresponding CFD simulation 

results of flow field analysis, including the pressure, flow velocity and the damping force, etc., 

are further illustrated. 

 

3.1 Determination of Exact Pilot-Stage Orifice Opening 

As an example, let us assume that the damper rod is subjected to an external load excitation with 

a velocity of 1 m/s. After calculation, the equivalent fluid (hydraulic oil) input velocity to the 

CFD simulation model shown in Fig. 3 is found to be 25.5 m/s. In addition, the opening of the 

pilot-stage orifice is set to be 0.5 mm. Three initial guesses of the main-stage orifice opening are 

set to be 0.4 mm, 0.42 mm and 0.44 mm, respectively. Table 1 shows the simulation results of 

average pressure, P1, P2 and P3, as well as the net actuation force, ΔF . Unfortunately, all three 

net actuation force (ΔF) are not equal to zero, which means that none of the three initial guesses 

is the correct value for the main-stage orifice opening. However, from the ΔF / X1 plot shown 

in Fig. 7, the correct value for the main-stage orifice opening is easily found to be 0.43 mm by 

interpolation. 
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Table 1: Simulation results of average pressure (P1, P2 and P3) and net actuation force (ΔF) 

 P1 (N/mm
2
) P2 (N/mm

2
) P3 (N/mm

2
) ∆F (N) 

0.4 (mm) 6.16 2.14 2.46 15.26 

0.42 (mm) 5.70 2.05 2.34 6.51 

0.44 (mm) 5.34 1.92 2.06 -6.6 

 

 

Fig. 7: Determination of the main-stage orifice opening by interpolation 

 

3.2 Flow Field Analysis 

After the successful determination of the pilot- and main-stage orifice opening described above, 

it is now possible to further acquire the flow-field parameters by CFD simulation. Figures 8, 9, 

10 depict the pressure distribution, fluid velocity contour and velocity vector (flow line) 

diagrams. These flow-field parameters are extremely important for the design of the hydraulic 

damper. For example, the average pressure, P1, derived from the pressure distribution diagram 

determines directly the damping force output of the hydraulic damper. In this paper, however, 

further applications of all flow-field parameters to the design of the hydraulic suspension damper 

will not be discussed. It is the future work of this study. 
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Fig. 8: The pressure distribution diagram 

 

 

Fig. 9: The fluid velocity contour diagram 
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Fig. 10: The velocity vector (flow line) diagram 

 

4. Conclusion 

Generally speaking, it is practically impossible to acquire the steady-state openings of the main- 

and pilot-stage orifice unless two position sensors, like the LVDT, are directly attached to the 

poppets /Backe, 1992/. However, this direct-measuring approach is complicated and expensive. 

On the other hand, the methodology presented in this paper is a simple and effective alternative 

to solve this issue. Once the boundary conditions are derived, the corresponding CFD simulation 

can be successfully executed. Consequently, the reliable results of flow field analysis can be used 

for the further development of the hydraulic proportional suspension damper. 
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Abstract 

In this paper, the researchers applied a slacks-based measure (SBM) for a data envelopment 

analysis (DEA) model with weak disposability to examine both the operational and 

environmental efficiencies of two Thai airlines i-e.one full service airline and one low cost 

airline over the period 2013-2017. The results show that both airline’s efficiencies in the 

operational stage were higher than the environmental stage, and the fuel costs and number of 

flight were major causes of inefficiency both the operational and environmental aspects. In part 

of environmental stage improvement, the airlines should have consider revenue passenger 

kilometers (RPK) and number of flights for control CO2 emission. 

 

Keywords: Airline efficiency, Data envelopment analysis, Slacks-based measure 

 

1. Background 

For the airline industry, the statistical data of the International Civil Aviation Organization 

(ICAO) for 2017 predicted that the number of passengers increased to 4.1 billion, which was 

7.2% higher than the previous year. At the same time, the number of flights increased to 36.7 

million and the Revenue Passenger Kilometers (RPK) increased by 7.9% in 2017 over 2016 

(ICAO, 2017); furthermore, the issue of carbon dioxide (CO2) emissions of the airline industry 

received a lot of attention. According to the statistical data of the International Air Transport 

Association (IATA) in 2017, air transport was responsible for about 2% or about 859 million 

tonnes of CO2. (IATA, 2017)  

 

The aviation industry has realized the issue of environmental problems for long-term 

sustainability, which will provide the industry the necessary certification to grow. In order to 

control the amount of emissions, various government organizations and airlines have adopted 

numerous measures. For example, Thai Airways International has initiated the measures of 

optimizing feet, fuel management, aircraft washing equipment, etc. Moreover, the European 

Union (EU) issued the EU Directive 2008/101/EC in November 2008, which determined that the 

airline business be brought under the European Union Emissions Trading System (EU ETS). 
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(EU, 2009)  

 

However, recent papers have focused on evaluating the effect of these measures on the 

perspective of inputs and outputs. In this paper, the researchers propose data envelopment 

analysis (DEA) methods using a slacks-based measure (SBM) to evaluate the operational and 

environmental efficiencies. The researchers focus on evaluating these effects from the 

perspective of emission abatement inputs and outputs in certain years. 

 

2. Literature Review 

Many research studies have used the DEA method as a basis for evaluating airline efficiency. 

(Schefczyk M., 1993) used the DEA model for the first time to analyze and compare the 

operational performance of 15 international airlines using non-financial data; such as, the 

Available Ton Kilometers (ATK), RPK, etc. (Fethi et al., 2000) studied efficiency across a panel 

of 17 European airlines in the 1990s during the early phase of liberalization using stochastic 

DEA constructs. Moreover, (Barbot et al., 2008) used the DEA and Total Factor Productivity 

(TFP) models to analyze the efficiency and effectiveness of IATA's 49 airlines. These studies 

found that low-cost airlines had greater effectiveness. Alternatively, (Lozano et al., 2011) 

focused on the efficiency of 39 national airports in 2006 and 2007 by using the SBM model as 

the evaluation tool. The results showed that over this two-year period more than half of the 

airports were technically efficient. Additionally, (Lu et al., 2012) studied the relationship 

between the operation and corporate governance of 30 airlines in the United States. The first, 

operation, used the DEA model to evaluate the production and marketing efficiency of the 

airlines. For the second, truncated regression was used for analyzing how corporate governance 

affects the performance of the airline. (Lozano et al., 2014) conducted a comparative evaluation 

of the performance of 16 European airlines by using the SBM and single-process DEA models. 

The results of the evaluation from the single-process DEA model showed the overall process of 

airline efficiency; in contrast, the slacks-based network provided more definite details. However, 

(Chou et al., 2016) developed a new form of evaluation for operational efficiency called the 

Meta dynamic network slack-based measure (MDN-SBM) by evaluating the efficiency of 35 

airlines during 2007-2009. (Cui et al., 2018) also studied the energy efficiency of airlines using 

capital stock, Revenue Ton Kilometers (RTK), RPK, total assets, and CO2 emissions for 

calculating the energy efficiency of 22 airlines during 2008-2012 by using the SBM model with 

virtual frontier and weak disposability. 

 

In addition, there are a few studies that have focused on assessing the energy efficiency of 

airlines. Therefore, the research on the efficiency of airlines in the past 5 years can be 

summarized in Table 1. 

 

Table 1. Literature review 

Authors Method Inputs with DEA Outputs with DEA 
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Junfeng Zhang  

(2017) 

1. SBM model 

2. Malmquist-Luenberger index 

3. Tobit regression  

1. Number of aircrafts 

2. Number of employees 

3. Fuel consumption 

1. RTK  

2. Total income 

3. CO2 Emission 

Juergen Heinz 

Seufert., et al 

(2017) 

1. Luenberger-Hicks Moorsteen  

2. DEA model 

1. Number of employees 

2. Cost 

1. ATK 

2. CO2 emissions 

Qiang Cui, Ye 

Li (2016) 

Virtual Frontier Dynamic - 

Slacks Based Measure  

1. Number of employees 

2. Fuel consumption 

1. RTK 

2. RPK 

3. Total Business Income 

Ravi Kumar 

Jain., al et 

(2015) 

Variable Returns to Scale  

(VRS) 

1. ATK 

2. Operating Cost  

1. RPK 

2. Non-Passenger 

Revenue  

Young-Tae 

Chang., et al 

(2014) 

Slack-based Measure model  

(SBM)  

1. RTK 

2. Fuel consumption 

3. Number of employees 

1. RPK 

2. ATK 

3. Total benefit 

4. Carbon Emissions  

Young Qiang 

Wu., et al (2013) 

DEA model 1. Number of employees 

2. Operational Cost 

3. Number of planes 

1. RPK 

2. Earnings before interest 

and taxes  

 

3. Data and Methodology  

3.1 Data 

The data on the Salaries, wages and benefits of employees, number of fights, total assets, 

maintenance costs of the aircraft, RTK and RPK were collected from the annual reports of each 

airlines. The descriptive statistics of the inputs, outputs and intermediate products are provided in 

Table 2. 

 

This paper consisted of data for the six-year period, from 2012 to 2017. The data were obtained 

from two popular airlines in Thailand: Airline A and Airline B. The inputs, outputs and 

intermediate products are summarized below. 

• Operational Stage: 

Inputs 1 = Salaries, wages and benefits (SWB), fuel costs (FC) and total assets (TA). 

Outputs 1 = Revenue Passenger Kilometers (RPK) and Revenue Ton Kilometers (RTK).  

• Environmental Stage: 

Inputs 2 = Revenue Passenger Kilometers (RPK), Revenue Ton Kilometers (RTK), 

maintenance costs of the aircraft (MC), and number of flights. 

Output 2 = Carbon dioxide (CO2).  

• Intermediate products: 

Link (Operational Stage to the Environmental Stage): Revenue Passenger Kilometers (RPK) 

and Revenue Ton Kilometers (RTK). 
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3.2 Methodology 

Using data envelopment analysis (DEA), a slacks-based measure (SBM) for the DEA model with 

weak disposability was utilized.  

 

The Network SBM model mentioned in (Tone and Tsutsui, 2009) was found to be appropriate as 

the basic model for evaluating airline’s energy efficiency. The efficiency of the Network SBM 

model was calculated as: 

        (1) 

where K stands for the number of divisions. n is the number of the DMUs. x
k

ij and y
k

rj stand for 

the i th input and the r th desirable output of the DMU j (j = 1, 2, ..., n) in division k (k = 1, 2, ..., 

K). si
k-

 and sr
k+

 stand for the slack of the i th input and the slack of the r th output in division k, 

and w
k
 is the weight of division k. m

k
 and r

k
 stand for the number of inputs and outputs of 

division k. F is the number of the intermediate products. z (k,h) denotes the intermediate 

products between division k and division h. 

 

(Färe and Grosskopf, 2003) proposed the detailed model with weak disposability, but it was a 

nonlinear model with nonlinear constraints. Then, (Kuosmanen, 2005) built a linearized model to 

solve this problem. The efficiency of the Network SBM model with weak disposability under the 

assumption of variable returns to scale (VRS) was calculated as: 
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       (2) 

where K stands for the number of divisions. n is the number of the DMUs. x
k

ij and y
k

rj stand for 

the i th input and the r th desirable output of the DMU j (j = 1, 2, ..., n) in division k (k = 1, 2, ..., 

K). u
k

sj stands for the s th undesirable outputs of the DMU j (j = 1, 2, ..., n) in division k. si
k-

 and 

sr
k+

 stand for the slack of the i th input and the slack of the r th desirable output in division k, and 

wk is the weight of division k. mk, rk, and sk stand for the number of inputs, desirable outputs and 

undesirable outputs of division k. F is the number of intermediate products. z (k,h) denotes the 

intermediate products between division k and division h. In the model, all of the constraints are 

linear. 

 

Table 2. Statistics on inputs and outputs data 

  Max Min Average SD 

Fuel Cost (Million bahts)  80525.00 7861.17 37993.26 30275.12 

Salaries, Wages and Benefits (Million bahts) 37631.00 1863.80 19377.28 16092.65 

Total Assets (Million bahts)  307267.18 10780.68 161920.37 135923.04 

Revenue Tonne Kilometers (Million tonne-kilometers)  9256.33 881.25 4887.97 3491.68 

Revenue Passenger Kilometers  

(Million person-kilometers) 
71634.00 8618.00 38322.25 24739.82 

Maintenance Cost of aircraft (Million bahts) 17796.78 881.25 7752.34 6628.19 

Number of flights 27295.00 8618.00 16740.75 5818.54 

Carbon Dioxide (Million tonnes) 7.98 0.75 3.79 2.67 

 

4. Results 

Firstly, the airline’s energy efficiency was calculated through the Network SBM model, as 

shown in Table 3. In the analysis, the calculated efficiency derived from the SBM-DEA model, 

or a total of two values, which were the operational efficiency, and the operational efficiency in 
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the environment of the two airlines, were compared and analyzed. The efficiency obtained from 

the SBM-DEA model was an indicator of the ability to manage the cost of an airline in 

producing services using the lowest production factor. The effective cost management was the 

most important factor in the production of early airline services. This also presented how the 

effectiveness of the strategy that the airline was using was very successful at that time. For Table 

3, based on the calculation, if the airline efficiency is 1.000, it showed that airline was efficiency. 

However, the airline efficiency is less than 1.000 indicate that the airline was inefficiency. So 

table 3 presented the efficiency results of the SBM-DEA for Airline A and Airline B. This 

presented that Airline A had operational efficiency in 2015-2017, but Airline B only had 

operational efficiency in 2017; nevertheless, the airline with the lowest operational efficiency 

was Airline B in 2014. In terms of operational efficiency in the environment, it was found that 

Airline A displayed this factor in 2015-2017 and 2012, but Airline B only had operational 

efficiency in the environment in 2013 and 2014.  

 

Table 3. Efficiencies of each stage 

Year Stage Airline A Airline B 

2017 
Operational stage 1.0000 1.0000 

Environmental Stage 1.0000 0.6668 

2016 
Operational stage 1.0000 0.9647 

Environmental Stage 1.0000 0.7645 

2015 
Operational stage 1.0000 0.8591 

Environmental Stage 1.0000 0.8558 

2014 
Operational stage 0.9230 0.8333 

Environmental Stage 0.9902 1.0000 

2013 
Operational stage 0.9157 0.8961 

Environmental Stage 0.9858 1.0000 

2012 
Operational stage 1.0000 0.8675 

Environmental Stage 1.0000 0.9268 

 

Tables 4 and 5 presented if the airline had an inappropriate amount of production. It was found 

that Airline A in 2013 and 2014 and Airline B in 2012-2016 had an Increasing Return to Scale in 

their production, which presented that both airlines had an inappropriate amount of production 

and inefficient use of the production factor. Nevertheless, the airlines could improve their 

production efficiency by reducing the use of the production factor in proportion to the production 

factor obtained from the calculation as shown in Tables 4 and 5. 

 

Table 4. Slacks of the airlines under operational stage 

Year Airlines FC SWB TA RTK RPK 

2017 Airline A 0.00 0.00 0.00 0.00 0.00 
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Airline B 0.00 0.00 0.00 0.00 0.00 

2016 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 0.00 2979.05 31191.89 221.58 2872.13 

2015 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 13027.50 4323.67 21693.19 1217.89 10741.72 

2014 
Airline A 1889.22 0.00 821.43 106.05 1031.55 

Airline B 29015.50 2272.67 26489.37 1191.26 14441.72 

2013 
Airline A 522.20 0.00 1043.54 103.60 974.35 

Airline B 30309.50 4510.67 26306.93 868.43 8155.72 

2012 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 29963.50 2860.67 23318.07 1027.43 10955.72 

 

Table 5. Slacks of the airlines under environmental stage 

Year Airlines RTK RPK MC Number of flight CO2 

2017 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 868.25 8154.37 4349.65 2808.82 2.66 

2016 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 0.00 0.00 3909.61 9646.70 1.82 

2015 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 1384.20 0.00 0.00 8993.72 0.90 

2014 
Airline A 80.76 392.68 0.00 12.83 0.01 

Airline B 0.00 0.00 0.00 0.00 0.00 

2013 
Airline A 19.94 0.00 0.00 185.80 0.01 

Airline B 0.00 0.00 0.00 0.00 0.00 

2012 
Airline A 0.00 0.00 0.00 0.00 0.00 

Airline B 1078.56 2578.63 0.00 0.00 0.49 

 

5. Conclusion 

This study evaluated the production and environmental efficiency of Thai airlines over the period 

2013-2017, using the SBM-DEA model. The results show that Airline A in 2014 and 2013 and 

Airline B in 2017-2012 were inefficient in terms of operational and environmental performance. 

The inefficiency of the airlines could be attributed to three major sources of the operational 

stage: fuel inefficiency, total assets, and salaries wages and benefits. For the environmental 

stage, the inefficiency could be attributed to one major source: number of flights. In part of 

operational stage improvement, the expense of operation should have consistent of revenue, such 

as the result of Airline A in 2014, it was inefficiency because of expensive fuel cost and the high 

expense of airline. However, about the environmental stage improvement, if RPK more than 

number of flights caused the airline environmental efficiency. Therefor Airline should have 

consider RPK and number of flights. 
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1. Background/ Objectives and Goals 

The human hepatoma HepG2 cell line has been widely used as an in vitro model of the human 

liver. The effect of DNA based anticancer drug was studied to see the proteomics profiling on 

hepatoma. The group of proteins associated with all the seven hallmark of cancer including 

evading growth suppressors, sustaining proliferative signaling, resisting cell death, inducing 

angiogenesis, enabling replicative immortality, evading immune destruction and activating 

invasion and metastasis. 

 

2. Methods 

Human hepatoma cells (HepG2) were purchased from NCCS, Pune, India routinely maintained 

in T-75 culture in DMEM (Hyclone,GE Healthcare) supplemented with 10% heat inactivated 

fetal bovine serum (FBS) were obtained from (Gibco; Thermo Fisher Scientific, Inc). Antibiotics 

1% (streptomycin/penicillin) (Gibco; Thermo Fisher Scientific, Inc) in a humidified incubator 

with 5% CO2 and 95% air at 37 C. For the analysis of effect of DNA based drug over a time 

period of 72 h cells were seeded into 6 cm2 culture dishes (1x10
5
 cells/dish). At 70% cell 

confluency cells were transfected both with specific and non-specific DNA. After 72 h 

incubation in the presence of gene HepG2 cells were harvested in hot 6M hot guanidium 

hydrochloride lysis buffer. After 72 h post transfection, cells were washed twice with 1XPBS. 

Cells were lysed using hot 6M guanidium hydrochloride pH 8.5 containing protease inhibitors. 

Lysates were then transferred in eppendorf tubes and lysates were again heated at 90 for 5 mis on 

dry bath. After this lysates were sonicated using sonicator at 60 amplitude 0.5 sec/cycle. After 

sonication lysates were centrifuged at 15000 x g for 30 mins at room temperature. The 

supernatant was transferred in fresh eppendorf tubes. Protein estimation was done using 

Bradford assay. 

 

Samples were reduced with 5 mM TCEP and further alkylated with 50 mM iodoacetamide and 

then digested with Trypsin (1:50, Trypsin/lysate ratio) for 16 h at 37 °C. Digests were cleaned 

using a C18 silica cartridge to remove the salt and dried using a speed vac. The dried pellet was 

resuspended in buffer A (5% acetonitrile, 0.1% formic acid). 

 

Mass Spectrometric Analysis of Peptide Mixtures—All the experiment was performed using 

EASY-nLC 1000 system (Thermo Fisher Scientific) coupled to Thermo Fisher-QExactive 
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equipped with nanoelectrospray ion source. 1.0 µg of the peptide mixture was resolved using 25 

cm PicoFrit column (360µm outer diameter, 75µm inner diameter, 10µm tip) filled with 1.8 µm 

of C18-resin (Dr Maeisch, Germany). The peptides were loaded with buffer A and eluted with a 

0–40% gradient of buffer B (95% acetonitrile, 0.1% formic acid) at a flow rate of 300 nl/min for 

90 min. MS data was acquired using a data-dependent top10 method dynamically choosing the 

most abundant precursor ions from the survey scan. All samples were processed and 6 RAW files 

generated were analyzed with Proteome Discoverer (v2.2) against the Uniprot Human reference 

proteome database. 

 

3. Results and Conclusion 

The results showed a total of 1334 proteins common and 32 exclusively in control and 33 

exclusively in sample. Twenty nine proteins were identified as differentially expressed proteins 

with statistical significance. Proteins involved in molecular function, RNA binding, catalytic 

activity, metal ion binding, signal transduction etc. Anticancer effect lead to upregulation of 

some proteins while there were 8 proteins down regulated and were associated with cell death 

and differentiation, which were of special interest.  

 

Keywords: Anti-cancer drug, hepatoma, Proteomics, Mass spectrometry 
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GRAS proteins are plant-specific transcription factors, the members of GRAS family have their 

specific GRAS domain consist of 400-700 amino acids and some members also have the DELLA 

protein structure. Previous studies have showed that GRAS proteins are widely involved in 

various biological processes, such as in signal transduction, meristem development and 

resistance to stress. There are many reports about GRAS family in Arabidopsis thaliana and other 

plants, however, little is known about the GRAS family in Juglans regia L. 

 

We used the Blast program to search the walnut transcriptome data, with the 37 GRAS protein 

sequences of Arabidopsis thaliana as the query sequences. The structures of walnut GRAS genes 

were studied and the possible interactions between the walnut GRAS proteins were analyzed by 

comparing with Arabidopsis GRAS proteins. Real-time PCR was used to detect the expression of 

walnut GRAS family at different tissues under different development stages. 

 

The results showed that there were 58 GRAS genes in walnut. Based on evolutionary 

relationship and motif analysis, the walnut GRAS gene family was divided into eight subfamilies, 

and the genes structures analysis of walnut GRAS family members showed that the genes 

structures were both conserved and altered during the evolutionary process. Expression analysis 

of differential expressed genes (DEGs) showed that the expression level of one DEG in leaf buds 

was significantly higher than that in female flower buds at the same stage, which suggested 

GRAS gene may play an important role in regulating the development of apical meristem in 

walnut. This study laid a foundation for further understanding the function of GRAS family 

genes in walnut. 

 

Keywords: walnut, transcriptome, GRAS, meristem  
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1. Objectives and Goals 

Korla fragrant pear, which belongs to Rosaceae Pomoideae, is a unique and famous cultivar in 

the Xinjiang Uyghur Autonomous Region. Most species in Rosaceae exhibit S-RNase-based 

gametophytic self-incompatibility (GSI). The pollen-part determinant, pollen S, has long 

remained elusive. Pollen S in Prunus is an F-box protein gene (SLF/SFB) located near S-RNase. 

Identification of the S locus F-box brothers (SFBB) in Pyrus and Malus suggested that the 

multiple F-box genes are pollen S candidates because they exhibited pollen specific expression, 

S haplotype-specific polymorphisms, and linkage to the S locus. In Pyrus, three SFBBs were 

identified from a single S haplotype. The SFBBs were homologous to other haplotype genes of 

the same group (i.e., -α, -β and -γ groups). The objective of this experiment was to clone the 

full-length sequence of the SFBB-γ gene, which is involved in self-incompatibility in Korla 

Fragrant Pear. This work provides a foundation for future studies about the mechanism of 

self-incompatibility and the functional identification of SFBB genes in Pomoideae.  

 

2. Methods 

Pollen was collected from Korla fragrant pear growing at the Luntai National Fruit Germplasm 

Resource Garden in the Xinjiang Region. The Korla fragrant pear SFBB gene sequence 

(GQ456943) was referenced in NCBI, and six pairs of gene-specific primers and eight RACE 

nested primers were designed. The primers were used with RT-PCR and RACE (rapid 

amplification of cDNA ends) to clone one pollen-specific, full-length SFBB-γ gene. DNAman 

software was used to predict and analyze the amino acid sequence. The biological information 

was analyzed using ProtParam and other online prediction software. The complete sequences of 

SFBB genes in all Rosaceae Pomoideae and the complete sequences of self-incompatibility SFB 

genes in some Rosaceae Prunus were selected from NCBI. Multiple alignment was done using 

Clustal X software and different gene names of the same sequence were excluded. The most 

recently published name of the gene was used and a phylogenetic tree was constructed using 

MEGA 4.0 software.  

 

3. Conclusion 

One full-length, pollen-specific SFBB-γ cDNA gene was cloned from Korla fragrant pear. This 

cDNA gene included an F-box region and four variable regions (V1, V2, V3, and V4). Its length 
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was 1127 bp and it contained one complete 1191 bp ORF which encoded 396 amino acids. 

Phylogenetic tree analysis showed that the SFBB genes of Malus and the SFBB genes of Pyrus 

were clustered into one group. In this group, the SFBB-α and SFBB-β genes of Pyrus were 

clustered into one sub-class. The SFBB-γ genes were clustered into another sub-class. The 

features of the SFBB genes suggest that they are good pollen S candidates. However, it is not 

clear if all of the multiple SFBBs in a haplotype are involved in pollen S specificity. The 

possibility that none of the SFBBs are pollen determinant can not be excluded at present. 

However, SFBB-γ genes of Pyrus share high levels of amino acid identity among haplotypes. 

Low- or no-allelic polymorphism does not exclude the SFBB genes from being the component of 

pollen S if the SI system is of the ‘non-self recognition by multiple factors’ type. 

Self-incompatibility in Prunus is considered to represent a ‘self recognition by a single factor’ 

system. In contrast, Japanese pear (Pyrus) has a ‘non-self recognition by multiple factors’ SI 

system. In Japanese pear, multiple SFBB genes may have a synergistic effect on the mechanism 

of self-incompatibility. Therefore, it is still not possible to exclude the possibility that SFBB-γ 

gene is a pollen S gene in Pyrus. Additional research needs to be done to verify the function of 

these genes. 

 

Keywords：Pear; self-incompatibility; SFBB-γ gene; RACE 
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1. Background/ Objectives and Goals 

Sweet potato (Ipomoea batatas (L.) Lam.) is one of the main crops in some area of Taiwan, and 

is known for its high content of starch which is the most abundant reserve carbohydrate of many 

plants and also a major source of carbohydrate in the human diet. Furthermore, sweet potato is 

usually processed into starch for food processing. It can be used as an ingredient in bread, 

biscuits, ice cream, noodles, etc.. However, some properties of native starch was undesirable 

such as having lower thermal stability and higher tendency of retrogradation, which would affect 

the quality of the end food products. Therefore, various modification techniques including 

physical, chemical and enzymatic modifications have been developed to improve the properties 

of native starch. In the present study, the effects of heat-moisture treatment (HMT, one of the 

physical modification) under 20%, 25% and 30% moisture level, 105℃ for 2 hours, on the 

physicochemical and structural properties of Tainung No.57 and Tainung No.66 sweet potato 

starches originated from Longjing district of Taichung City in Taiwan were investigated.  

 

2. Methods 

Sweet potatoes were peeled and cut into small pieces. Starch isolation was performed by using 

the low shear, alkaline pH, and successively sieves method proposed by Rahman et al. (2003) 

with slight modification. The isolated starch was dried overnight at 40 °C. Native starch was 

weighed into glass containers and its moisture content was adjusted to 20%, 25% and 30% by 

adding the appropriate amounts of distilled water, respectively. After sealing, the containers were 

kept at room temperature for 24 h and then heated at 105°C/2 h in the oven. Then, the containers 

were opened and the treated starch samples were dried at 45°C to uniform moisture content 

(∼10%). Moisture, ash, fiber and protein contents of starch samples were determined according 

to the AOAC methods (AOAC, 2004). Damage starch, resistant starch and amylose contents 

were analyzed by using the starch damage assay kit, resistant starch kit, and 

amylose/amylopectin kit (Megazyme, USA), respectively. Birefringence of the native and 

modified starch samples were examined by using a polarized light microscope (BX41, Olympus, 

Tokyo, Japan) equipped with an polarized lens (BX-POL ,Olympus, Tokyo, Japan ) and a camera 

(E-330 SLR, Olympus, Tokyo, Japan ). Granule morphology was examined by using a scanning 

electron microscope. Gelatinization parameters were measured using a Mettler Toledo 

differential scanning calorimeter (DSC 822, Mettler Toledo, Greifensee, Switzerland). 

Crystalline type and relative crystallinity determination were performed by an Powder X-ray 
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diffractometer (X’Pert Pro MRD, PAnalytical, Netherlands, Holland). Rapid Visco Analyzer 

RVA-4 (Newport Scientific Pty. Ltd., Warriewood, NSW, Australia) was used to determine the 

pasting properties. Rheological properties were analyzed by using a rheometer (MCR92, Anton 

Paar, Graz, Austria). Analytical determinations for all samples were performed in at least 

triplicate and means and standard deviations were reported. Analysis of variance (one way 

ANOVA) was performed and the comparison of means was ascertained by Duncan’s multiple 

test (p < 0.05) using SPSS 23.0 (IBM, USA). 

 

3. Expected Results/ Conclusion/ Contribution 

The effects of heat-moisture treatment (HMT) on the physicochemical properties of starch 

isolated from two varieties of sweet potatoes were investigated. Though the birefringence of both 

starch samples was essentially not affected by HMT, the morphology of some starch granules 

appeared an obvious pore near the hilum or certain extent of concavity on surface after HMT. As 

the moisture level of HMT increased from 20% to 30%, the damage starch content increased but 

resistant starch content decreased significantly. Furthermore, the crystalline pattern of native 

starch changed from Ca type to A type after HMT, accompanied with an increase in relative 

crystallinity to a certain extent, then decreased as the moisture level of HMT increased. These 

alteration in physicochemical properties of starch by HMT significantly modified their pasting 

and rheological behavior. Specifically, the pasting temperature and peak time increased, peak 

viscosities and final viscosities decreased pronouncedly by HMT during rapid-visco analysis, 

implying the gelatinization process of starch was retarded by HMT, possibly due to the change in 

starch conformation and hence retard the network formation of gelatinized starch during cooling 

to 50°C under high shear. However, once the starch paste was cooled to room temperature, these 

structural modification could facilitate the formation of network, as evidenced by an increase in 

yield stress, apparent viscosity and extent of shear thinning behavior in steady shear rheological 

analysis. Dynamic viscoelastic analysis further revealed that the storage modulus (G’) of cooled 

native starch pastes are essentially frequency independent, accompanied with a pronounced 

dependency on frequency for loss modulus (G”), indicating the weak-gel structure rheologically. 

After HMT, both moduli increased as the moisture level of HMT increased, and G’ increased 

more pronouncedly as compared to G”, accompanied with a pronounced drop in tan delta. Such 

results implied that the network structure of sweet potato starch paste changed from a weak gel 

into a strong gel rheologically by HMT. These information would be promising for certain food 

applications that required higher elastic properties. 

 

Keywords: Sweet potato starch, digestibility, physicochemical property, rheology  
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The use of chemotherapy against brain tumors faces various limitations to achieving its 

therapeutic effect, due to both the inability of anticancer agents to cross the blood–brain barrier 

(BBB) and the formation of brain cancer stem cells (BCSCs). Without adequate exposure, these 

chemotherapeutic drugs cannot have an antiproliferative effect on the tumors. Here, we 

developed curcumin (CCM)-loaded chitosan-poly(lactic-co-glycolic acid) (PLGA) nanoparticles 

(NPs) modified with sialic acid (SA) to permeate the BBB and with anti-aldehyde 

dehydrogenase (anti-ALDH) to target BCSCs. An increased chitosan concentration plays a 

pivotal role in maintaining a steady release of CCM from NPs. The viability of BBB cells and 

transendothelial electrical resistance were maintained after treatment with NPs for 4 h. 

Immunochemical staining of human brain microvascular endothelial cells confirmed that 

modification of SA on the surface of NPs greatly helped in permeation of the BBB through the 

use of N-acetylglucosamine. In addition, immunofluorescence images evidenced the assistance 

of anti-ALDH in inhibiting U87MG cells and BCSCs through targeting ALDH. ALDH was 

colocalized with CD44 in U87MG cells and BCSCs. The cell viability assay of U87MG cells 

and BCSCs supported the high level of inhibition after treatment with anti-ALDH-modified NPs. 

The drug delivery system in this study was designed in such a way to deliver CCM into the brain 

and subsequently inhibit the proliferation of glioblastoma cells and BCSCs. 

 

Keywords: Brain cancer stem cell; glioblastoma; colocalization; aldehyde dehydrogenase; sialic 

acid 
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1. Background/ Objectives and Goals 

In recent years, curcumin has been known as nutrition-rich material and health benefits which 

was confirmed by many researches. However, the apply of curcumin is limited due to its low 

water solubility, bioavailability and stability. How to improve its defects is an important prospect 

for research. The subject of the study; self-emulsifying delivery system(SEDS) is a lipid-based 

carrier that increases the solubility, bioavailability and stability of poorly water-soluble 

components. Then we solidify SEDS via fluidized bed to improve the stability, handling and 

patient compliance. 

 

2. Methods 

In this study, we intend to use different oils, surfactant and co-surfactant to select the highest oil 

content self-emulsifying formulation through measuring their droplet size, spontaneity, 

homogeneity and dispersibility. Then the best formulation we selected was mixed with different 

concentration pectin (6%, 6.5%, 7%) in different percentage (20%, 30%, 40%, 50%) as binders 

in fluidized bed, measuring the relationship between adhesive, viscosity of sample binder and the 

physical properties of powder granulating by fluidized bed. Afterwards we evaluated the effect of 

inlet air temperature (70、80℃) and spray rate(7、11 rpm) on powder quality (such as Bulk 

density, Tap density, Carr’s index, Hausner ratio, Particle size, water activity and morphology of 

solid SEDS). Then the in vitro simulation of digestion study compared the release of curcumin in 

liquid SEDS with in solid SEDS 

 

3. Expected Results/ Conclusion/ Contribution 

Tween80 and Span80 in a ratio of 1:1 as the surfactant formulation can have the highest amount 

of oil loading, and it can be mixed with palm oil to achieve the highest oil load 66% and the 

minimum particle size of emulsion with 267.7 nm. The formulation we selected is palm oi 

solubility of curcumin is 6.37 mg/ml in this formulation. When the content of curcumin increase, 

the particle size will increase. In the binder properties study shows that with the increase of 

SEDS percentage, the adhesive and viscosity increase. However, with the percentage of SEDS 

increasing, the particle size granulation by this formulation decrease. The powder physical 

properties study shows that with the decrease of SEDS percentage in binder, the bulk density, tap 

density, Carr’s index, Hausner ratio will increase, which means that the flowability of powder is 

on the decline. In vitro simulation of digestion study shows that the curcumin release rate of 
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solid SEDS lower than liquid SEDS in simulate gastric fluid, which means solid SEDS provides 

better protection to curcumin during digestion. Overall, the fluidized bed granulation has high 

potential for application to the solidification of SEDS. 

  

Keywords: self-emulsifying delivery system, fluidized bed, solidify, curcumin 
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1. Background/ Objectives and Goals 

Purple sweet potatoes contain many anthocyanins compare with white, red, and yellow potatoes. 

Anthocyanins are a group of flavonoids which are the most abundant water-soluble pigments in 

flowers, fruits, vegetable, and leaves. Furthermore, they are good at decreasing capillary 

permeability and fragility. It can be an antioxidant as well. Hence, it’s important to extract 

anthocyanin from purple sweet potatoes and explore the stability to heat and pH value. 

 

2. Methods 

In this study, purple sweet potatoes are first washed, peeled, shred, and then lyophilized to 

prevent anthocyanin degradation. The freeze-dry sample is ground into powder. Put powder into 

flask and add ethanol (0、30、60、95 %) with different solid-liquid ratio (1:5 - 1:15) and put in the 

water bath with different temperature (70、80、90 ℃) at 100 rpm. Finally, the crude extraction is 

filtered with the paper, and stored the extraction at 4 ℃ in the dark place. The degradation 

kineties of anthocyanin from purple sweet potatoes is studied with different temperature (70、80、

90 ℃) in various pH (1 – 9).The samples are placed in a fixed temperature water bath. Samples 

are removed from the bath and diluted with buffer (pH1, pH4.5) to analyze. In this study, we use 

uv-visible spectroscopy to measurement anthocyanin with pH-differential method. This method 

not only permits accurate and rapid measurement but even eliminates interference. 

 

3. Expected Results/ Conclusion/ Contribution 

The factors effect anthocyanin extraction including solvent, time, temperature and solid-liquid 

ratio. First, we get the highest extraction with 95 % ethanol (55.17 mg/100g). However, 95 % 

ethanol can’t test for thermal degradation because of its boiling point. So, we choose the second 

highest extraction, 60 % ethanol, as extraction solvent. Moreover, we add 1M citric acid into 

solvent to compare extraction. According to our experiment, we get better yield with 5 % citric 

acid. Next, we get the tendency that the higher solid-liquid ratio in experiment, the higher the 

extraction amount we get. The highest yield of solid-liquid is 1:15. We also optimize different 

temperature to investigate which yield is better. The extraction rate goes up between 70 – 80 ℃, 

but decreases after 80 ℃. The best extraction rate reaches at 80 ℃, 40min. The degradation of 

anthocyanin follows the first-step order reaction at 70 – 90 ℃. The half-life of anthocyanin will 

decrease faster as the temperature and pH increases. However, K value will increase as pH and 

temperature increase. 
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In this study, the result shows that the best yield of purple sweet potatoes is reached at the 

temperature 80 ℃, extraction time 40 min, solid-liquid ratio 1:15, and solvent 60 % ethanol 

added 5% citric acid. In addition, the anthocyanins are more stable in low pH and temperature. 

 

Keywords: Anthocyanin, Extraction, Heat, pH, Degradation Kineties  
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1. Background/ Objectives and Goals 

The consumption of rubber products has been increased every year that causes the increase of 

rubber waste. In order to solve this problem, the reclaiming process has been studied and applied 

for converting the rubber waste into value added products. The reclaiming process is one of 

recycling process which aims to break down the sulfidic linkage in rubber molecules. This 

process includes physical, chemical and biological reclaiming methods. Among of various 

reclaiming methods, the biological reclaiming method is interesting to apply for rubber waste 

due to its green technology and mild condition. The rubber waste is treated by using 

microorganism, which are favorable to desulfurize the sulfide bond of rubber molecule for their 

growth. Therefore, the aims of this study are to investigate the ability of the desulfurized 

bacterium in semi-efficient vulcanized natural rubber. The sulfur content in reclaimed rubber was 

determined by using bomb calorimetry. Additionally, the functional group of reclaimed rubber 

was investigated by Fourier transform infrared spectroscopy. The physical properties of 

reclaimed rubber in terms of gel fraction and molecular weight were also examined. 

 

2. Methods 

The bacteria were isolated from soil around the coal yard. Then, the single colonies were purified 

by spreading and streaking techniques. The isolate LF3 was used for reclaim the vulcanized 

natural rubber with semi-efficient curing system. The sulfur content of reclaimed rubber was 

analyzed by bomb calorimetry. The number average molecular weight of reclaimed rubber was 

analyzed by gel permeation chromatography. 

 

3. Expected Results/ Conclusion/ Contribution 

This study evaluated the desulfurization potential of the isolate LF3 in semi-efficient vulcanized 

natural rubber. The sulfur content tended to gradually decease with the increase of reclaiming 

time as shown in Figure 1 (a). After reclaiming time for 20 days, the sulfur content was 
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decreased by  17 % from its original level. The gel fraction and number average molecular 

weight of reclaimed rubber were decreased due to the breakage of sulfide crosslinked in rubber 

molecule (Figure 1 (b)). As a result, the biological reclaiming process can be applied for recycle 

of rubber waste. 

 

Figure 1. (a) Sulfur content (b) Gel fraction and number average molecular weight of the 

semi-efficient vulcanized natural rubber before and after reclaiming processes. 

 

Keywords: Biological reclaiming process, Semi-efficient curing system, Reclaimed rubber 
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1. Background/ Objectives and Goals 

With the advancement of medicine, more and more pipelines and artificial implants are used for 

medical treatment and improving human life. However, while getting the benefits of these 

medical aids, the problem of infection is an inevitable and difficult problem. In particular, 

bacterial infections often cause complications and sequelae, and even severe sepsis, so the 

prevention and treatment of bacterial infections is the current direction of medical research. To 

solve the problem of bacterial infection, it is necessary to solve the formation of biofilm first, 

because the formation of biofilm is the survival strategy of microorganisms. A biofilm is a 

structure formed by microorganisms and extracellular substances secreted by microorganisms 

attached to the surface of an object. In other words, a biofilm is a community formed by a group 

of microorganisms.  In order to remove the biofilm formed on the medical auxiliary equipment, 

the current medical methods are mostly physical methods such as vortexing, scraping, rinsing, 

and brushing by means of an instrument, or removal by chemical agents. However, these 

physical or chemical methods do not fully ensure that the biofilm has been completely removed, 

but still have a certain risk of infection.   

 

2. Methods 

In view of the above, the present invention discloses a method for removing a biofilm in a cavity, 

which is applied to remove a biofilm attached to an inner cavity wall of a target. The method 

comprises the steps of: providing a low frequency vibration device having a probe; locating the 

low frequency vibration device to a corresponding surface of the target; controlling the probe to 

generate vibrations, and The vibration is focused onto the biofilm; and, using these vibrations, a 

plurality of microbubbles that contact the biofilm are created to cause at least a portion of the 

biofilm to detach from the lumen wall. 

 

3. Expected Results/ Conclusion/ Contribution 

A method for removing a biofilm inside a cavity is applied to remove a biofilm attached to an 

inner cavity wall of a target. The method comprises the steps of: providing a low frequency 

vibration device having a probe; placing the low frequency vibration on a corresponding liquid 

target; controlling the probe to generate vibrations, and the vibrations are focused onto the 

biofilm, and using these vibrations be focused to generate a plurality of microbubbles that 

contact the biofilm are created to cause at least a portion of the biofilm to detach from the inner 

cavity wall. The method of the present invention is a bubble-activated method for removing the 
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biofilm inside the cavity, thereby eliminating the risks and sequelae caused by the scraping 

method and improving the removal efficiency of the biofilm. 

 

Keywords: Biofilm, low frequency vibration, bubble 
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1. Background/ Objectives and Goals 

Metastasis is the most common cause of cancer-related death in patients, and epithelial to 

mesenchymal transition (EMT) is essential for cancer metastasis, which is a multistep 

complicated process that includes local invasion, intravasation, extravasation, and proliferation at 

distant sites. When cancer cells metastasize, angiogenesis is also required for metastatic 

dissemination, given that an increase in vascular density will allow easier access of tumor cells 

to circulation and represents a rational target for therapeutic intervention. Phloretin has several 

anti-inflammation and anticancer biological effects.  

 

2. Methods 

The anti-invasive effect of phloretin in ceivical cancer SiHa cells was evaluated using the 

matrigel invasion assay, gelatin zymogrphy, cell-matrix adhesion assay, and wound healing 

assay. The inhibition effects of phloretin on transforming growth factor-β1 (TGF-β1)-induced 

EMT in SiHa cells were determined by Boyden chamber assay and Western blotting. 

 

3. Expected Results/ Conclusion/ Contribution 

In this study, we provided molecular evidence that is associated with the anti-metastatic effect of 

phloretin by showing a nearly complete inhibition on invasion (P < 0.001) of highly metastatic 

SiHa cells via reduced activities of matrix metalloproteinase-2. Phloretin inhibits cell migration. 

Phloretin also reduces SiHa cell-matrix adhesion. Phloretin was sufficient to inhibit 

TGF-β1-induced MMP-2 expression and decrease TGF-β1-induced fibronectin, vimentin, RhoA 

and p-Src (EMT marker) expression. Treatment of phloretin significantly reduced the ALDH1 

activity of cervical cancer derived tumor initiating cells and stemness signatures expression in 

cervical cancer-derived sphere cells. Taken together, these results suggested that phloretin could 

reduce the invasion and cancer metastasis and such characteristic may be of great value in 

developing a potential cancer therapy. 

 

Keywords: invasion, migration, epithelial to mesenchymal transition, cervical cancer 
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1. Background/ Objectives and Goals 

Multi-drug resistance remain an unsolved major problems in cancer therapy. More seriously, the 

Particulate Matter 2.5 (PM2.5) has been implicated in accelerating lung cancer cell growth and 

metastasis. Shikonin (SHK), a natural naphthoquinone isolated from Lithospermum 

erythrorhizon, has been proposed to enhance the doxorubicin (DOX) antitumor effects in lung 

cancer cell. The aim of the current study was to investigate whether SHK synergized with DOX 

could control the PM2.5 induced cellular responses in human lung adenocarcinoma cell A549 and 

high-metastatic PC-9 cells. 

 

2. Methods 

Microscopic, biochemical, and flow cytometric analyses were used in this study. Statistical 

analyses were performed using one-way analysis of variance (ANOVA). Differences between the 

means of each group in each assay were tested using Dunnet’s test. 

 

3. Expected Results/ Conclusion/ Contribution 

PM2.5 significantly induced PC-9 cell proliferations when doses are less than 450g/ml while 

higher concentration (1000g/ml) precipitated the cell death in both cells. Notably, pretreatment 

with lower dose of SHK (0.5g/mL) and DOX (0.5g/mL) showed significantly decreased cell 

viability, increased early apoptosis, induced cell cycle arrest in G2/M phase, and exhibited 

obvious loss of mitochondrial membrane potential compared with treated with high-dose of 

DOX (1.0 g/mL) alone in PC-9 cells. Specially, the effects of PM2.5-induced PC-9 cell 

proliferation, increased late apoptosis, alterations of cell-cycle, and mitochondrial membrane 

damage could be antagonized by co-treatment with SHK and DOX. In conclusions, our data 

indicated the PM2.5 has a strong ability to promote cancer metastasis whereas SHK could 

specifically augment the antitumor effects of DOX to change the biological behaviors of 

metastatic cells and reduce lung cancer drug resistant. Therefore, SHK has the potential to be 

used as a promising complementary agent toward the personalized medicine for treatment of 

lung cancer in clinical practice. 

 

Keywords: Shikonin, Doxorubicin, Particulate Matter 2.5 (PM2.5), lung cancer, A549 cell, PC-9 

cell  
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Integration with wastewater and flue gas in microalgal cultivation can be used for CO2 reduction 

and wastewater treatment, and the produced microalgal biomass can be feedstocks of biofuels 

and animal feeds. In this study, an outdoor 20-ton wastewater & carbon capture and utilization 

(WCCU) system has been established and continuously operated for 6 months for microalga 

Chlorella cultivation. The WCCU system comprises photobioreactors (PBRs) and raceways with 

a circulating design. The stable growth performance of microalgae in the WCCU system has 

been achieved in a semi-continuous culture with aquaculture wastewater and boiler flue gas. The 

microalgal cultures were collected for disrupted treatment by ultrasonication and then powdering 

treatment by spray dryer. Finally, the dried Chlorella biomass was used as animal feed additives 

that contains about 50-55% crude protein. The productivity of microalgal feed additives (MFA) 

was approximately 40 kg/ton/year. It means that the efficacy of CO2 reduction by the WCCU 

system can reach to about 72 kg/ton/year.  

 

Lutein is a carotenoid pigment as the subclass of microalga Chlorella xanthophylls. Lutein has 

gained great attention as dietary phytonutrients for human health. Among various dietary sources 

of lutein for human, eggs have been known to contain a relatively high amount of available 

lutein in egg yolks. Eggs also are one of the essential nutrients, and the color of egg yolks tends 

to be one of the consumer's criteria for egg preference. It is known that the color of egg yolk is 

related to the feed ingredients involved in the hen, and the egg yolk color may also partially 

determine the consumer's desire to purchase. Therefore, we attempted to detect the changes in 

lutein content in eggs after feeding Chlorella in laying hens. 

 

In this experiment, a total of 45 Rhode Island Red of laying hens, 28 weeks old, were randomly 

assigned into three groups, including the groups received 0, 2.5 and 5% of MFA, for four weeks. 

The hens were free access to water and diet, and were provided access to daylight and fresh air. 

The eggs were collected once a day and recorded of egg weight, proportions of egg yolk, egg 

white and eggshell, and the color of egg yolk was visual scored by Roche color fan (RCF, 1-15). 

The lutein content of egg was extracted and analyzed by HPLC. The results show that (i) egg 

weight, and (ii) the proportions of egg yolk, egg white and eggshell were not affected with the 
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supplementation of MFA. After feeding 2.5% of the MFA for four weeks, the color of egg yolk 

increased by 1.5 RCF scores, and the lutein content in the egg yolk increased by about 1.6 folds. 

After feeding 5% of the MFA for four weeks, the color of egg yolk increased by 3 RCF scores, 

and the lutein content in the egg yolk increased about 2.5 folds. These data show that the laying 

hens feeding with MFA could significantly increase the lutein concentration in the egg yolk and 

increase the RCF color of the yolk. In conclusion, an effectively and sustainably pilot scale of 

microalgal culture system, a 20-ton WCCU, has been successfully operated to produce the 

Chlorella biomass for poultry feed additive. The MFA used for laying hens can markedly 

enhance the egg values due to increasing RCF color and lutein content of egg yolk. 

 

Keyword: Microalgae, Chlorella, Wastewater & carbon capture and utilization(WCCU), 

Microalgal feed additives (MFA), Lutein 
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The advantages of lutein production from microalgae are no competition for agricultural land, 

harvest all year round, rapid growth, carbon dioxide fixation, and high-yield lutein production. 

Accordingly, the aims of this study are (1) to screen a high-lutein producing microalga mutant 

strain, (2) to establish low-cost and high-efficient procedure for microalgal lutein production, and 

(3) to test the protective effect of microalgal lutein against blue light-induced cellular damage. 

 

Under the low-cost cultivation strategy, we found that the use of special fertilizer (FB-4) on 

microalgae cultivation could significantly increase growth rate and reduce production cost of the 

microalgal cultures. The maximum biomass concentration and biomass productivity of Chlorella 

sp. cultured in FB-4 were 6.31 g/L and 0.851 g/L/day, respectively. When 1 kg microalgal 

biomass was obtained, the cost of fertilizer was only 1.6 US$. To obtain the potential micrialgal 

strain for high lutein production, a microalga Chlorella sp. was treated with 

N-methyl-N′-nitro-N-nitrosoguanidine (NTG) and followed by the selection of a microalga 

mutant strain Chlorella sp. CN6 that is resistant to 100 μM nicotine. The biomass concentration 

and biomass productivity of Chlorella sp. CN6 cultured in FB-4 were 6.72 g/L and 0.917 g/L/d, 

respectively. The lutein content of Chlorella sp. CN6 cultured in a certain condition could reach 

to around 0.6 g/100 g (algal dry weight). 

 

In this study, we treated microalgal biomass through microwave blanching, total pheophorbide 

content of Chlorella sp. could be much lower than the upper limit (80 mg/100 g) of regulation of 

algae food hygiene standards, Taiwan. The lutein from Chlorella sp. CN6 was firstly extracted 

by methanol and then a solution of diethyl ether: 60% KOH (4: 1, v/v) was used for the 

secondary extraction. The purity of microalgal lutein was approximately 70% after the extraction 

and the extracted efficiency could be more than 80%. We could further obtain high purity of 

lutein extract from microalga Chlorella using column chromatography (SiO2) and the purity of 

lutein is over 95%. In cell experiments, the biological effect of lutein against blue light 

irradiation induced damage in 3T3 fibroblasts was investigated. The results show that blue light 

irradiation could significantly result in the production of reactive oxygen species (ROS) in 3T3 

cells and further led to cell death. Additionally, after the cells were pre-treated with the 
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microalgal lutein, the ROS production induced by blue light irradiation was significantly 

decreased and the cell survival was significantly increased.  

 

In summary, our results identify that Chlorella sp. CN6 mutant strain has been selected as high 

yield of microalgal lutein and could grow rapidly in the low-cost fertilizer. Increasing microalgal 

lutein production could be obtained when Chlorella sp. CN6 cultured under suitable cultivation 

system and operation. The total pheophorbide content of Chlorella sp. treated with microwave 

blanching could be significantly reduced. High-purity microalgal lutein extract was obtained 

using column chromatography. Finally, this study verified that the prepared microalgal lutein 

could significantly reduce blue light-induced cellular ROS production and promote the cells’ 

survival from blue light irradiation. 

 

Keyword: Microalgae, Chlorella, Lutein, Microwave blanching, Blue light irradiation 
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1. Background/ Objectives and Goals 

Previous research indicated that approximately 20% of university students had a tendency of 

developing anxiety and female students more likely to experience anxiety. However, foot baths 

and aromatic foot baths have the potential to reduce anxiety. Therefore, the purpose of this study 

was to investigate the possible effects of different foot baths on reducing the anxiety level and 

changing the physiological parameters among female university students. 

 

2. Methods 

A total of 120 female students aged 20 to 25 years were recruited from a university in southern 

Taiwan. Participants who were using medications for anxiety or depressive disorder were 

excluded from this study. After completing consent procedures, the participants were randomly 

divided into three experimental groups: (1) foot bath group (40
o
C lukewarm water), (2) foot 

bubble bath group (40
o
C lukewarm water with bubble vibration massage), and (3) aromatic foot 

bath group (40
o
C lukewarm water with 0.05% lavender essential oil); and a normal activity 

control group. In addition to the basic characteristics, lifestyle, and health status of the 

participants, the following physiological parameters were measured before, during, and after the 

study intervention: State-Trait Anxiety Inventory (STAI), body temperature (tympanic, finger, 

and instep temperature), blood pressure (diastolic blood pressure, systolic blood pressure, and 

pulse), and parasympathetic activity (the ratio of low frequency [LF] to high frequency [HF] 

heart rate variability [HRV]). SPSS 20.0 statistical software was used to analyze the data. 

Analysis of variance was conducted to compare the scores of STAI and the physiological 

parameters between the groups. 

 

3. Expected Results/ Conclusion/ Contribution 

The study period from recruitment to completion was from July 2017 to January 2018. The mean 

age of the participants was 20.9 years. The mean STAI scores for evaluation of anxiety at the 

baseline were 38.79.0 (meanSD). Result of the analysis of variance indicated that anxiety 

scores were significantly lower in all three foot bath groups, especially, in the foot bubble bath 

group decreased to 28.612.1 (P<0.001 versus control group). Regarding the physiological 

parameters, all foot baths could significantly increase the finger temperature (P=0.036) and 

instep temperature (P<0.001) in 10 min, compared with the control group. The foot bath 
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intervention resulted in highest increase in finger temperature (0.91.6 
o
C vs. -0.31.3 

o
C in the 

control group, P=0.020), and the aromatic foot bath group showed the biggest temperature 

change (2.31.2 
o
C vs. -0.00.5 

o
C in the control group, P=0.006). In addition, all three foot bath 

groups could increase parasympathetic activity (P=0.044), in particular, foot bubble bath group 

could most effectively bring about relaxation (2.31.2 vs. 1.31.1 in the control group, P=0.039). 

In conclusion, the present study found that foot baths could significantly reduce the anxiety level, 

increase foot temperature, and elevate parasympathetic activity in female university students. 

However, the reduction of anxiety levels with the addition of lavender essential oil or bubble 

vibration was similar to that of plain warm foot bath. Findings from this study can be used as a 

basis for designing anxiety alleviation health and leisure activity programs in universities. It is 

also suggested that female university students can use foot baths to relieve their 

schoolwork-related stress. 

 

Keywords: foot baths, anxiety, female college students, physiological parameters, heart rate 

variability 
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1. Background/ Objectives and Goals 

Rhodamine B as a toxic substance if it accumulates in the body for along time. It was cause 

enlargement and damage of the liver and kidneys, physiological disorders of the body, liver 

cancer and hepatocelluler carcinoma. 

 

The presence of various vitamins and other methabolites that contained in the Plectranthus 

amboinicus makes it function as an antioxidant that can protected the body from various toxic 

substances as rhodamine b. Plectranthus amboinicus was a Hepatoprotective, play role in 

erytropoiesis and so as Immunostimulant. The purpose of this study is to examine the immune 

system and blood biochemistry profile of rat that induce Rhodamine B (Rhb) and given ethanolic 

extract of P. amboinicus (EEP) as preventif and curative. The blood biochemistry that measured 

are cholesterol, glucose, total protein, albumin, globulin and ALP 

 

2. Methods 

In this study 40 healthy adult male rats aged 2-3 months and weight was 110-200 g were used. 

Divided into eight treatment groups namely control (P0), P1, P2, P3, P4, P5, P6 and PC.. Each 

group was given six replications. P0 is given 1% CMC solution. P1, P2, P3 are preventive 

treatments, each of them was given an ethanol extract of P. amboinicus (EEP) of 350, 700 and 

1050 g / kg body weight (bw) starting on the first day until day 21. Rhododamine-b as much as 

980 mg / kg bw was given on days 22 to 42. Positive control (PC) only given rhodamin b as 

much as 980 mg / kg bw from the first day to day 21 and day 22 until day 43 was only given 

CMC 1%. P4, P5 and P6 are curative treatments that was given rhodamin b as much as 980 mg / 

kg bw from the first day to day 21 and day 22 to day 43 given EEP as much as 350, 700 and 

1050 g / kg bw. On the 44
th

 day rats were taken by decapitation and their blood was collected for 

analysis of IgG, IgM, Lysozyme, ALP, Globulin, Albumin, Total Protein, Glucose and 

cholesterol. The obtained of data is tabulated and analysis by Anova. Data are presented as mean 

± SD and differences between groups were analyzed using 1-way ANOVA 

 

3. Expected Results/ Conclusion/ Contribution 

The results of this study showed that Rhodamine B decreased IgG but EEP increased IgG as 
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preventive in rats exposed Rhodamine b. Both preventive and curative EEP significantly 

increases IgM if compared to the controls. In the EEP preventive treatment increased lysozyme 

activity significantly compared with control. In the lysozyme preventive treatment was lower 

than the positive control treatment. Rhodamine-b (P0) increasing cholesterol significantly 

compared to the control. EEP as preventive can reduce cholesterol levels in treatment of P1 and 

P2, whereas at P3 cholesterol levels is increased significantly if compare to P0 and PC. In 

curative treatment cholesterol levels increased significantly in the treatment of P4 and P6 

compare to the P) and PC, whereas treatment of P5 slightly increased from control. Rhodamin B 

(PC) significantly decrease albumin levels if compared to control. Both the preventive and 

curative reduce of albumin levels. Rhodamine B significantly increases ALP levels. Both 

treatment preventive and curative, EEP significantly increases ALP levels compared to the 

controls. Rhodamine B decrease globulin significantly compared to control. EEP increase 

globulin significantly on both preventive and curative treatment. Rhodamine B significantly 

increases blood glucose levels compared to control. Giving EEP as a preventive and curative can 

reduce blood glucose levels significantly. Conclution EEP acts as an immunomodulator in 

protecting the body from the toxic substance Rhodamin B. EEP can maintain blood biochemistry 

within the normal range. EEP contributes as preventive and curative to the possibility of 

Rhodamin B disorders in the body 

 

Keywords: P. amboinicus, IgG, IgM, Lisozyme, Biochemistry of blood  
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1. Background/ Objectives and Goals 

We have shown that Bi-chlorodibenzo[c,f][1,5]thiabismocine (compound 3), which is an 

organobismuth compound, has potent anti-proliferative activity against various cancer cell lines. 

Anti-tumor metal compounds, such as arsenic trioxide, auranofin, and cisplatin activate the 

transcription factor, nuclear factor (erythroid-derived 2)-like 2 (NRF2). High NRF2 expression 

level is required to increase chemoresistance in cancer cells and enhance tumor cell growth. The 

aim of this study is to investigate the effect of compound 3 on NRF2 signaling in cultured cancer 

cells. 

 

2. Methods 

The effect of compound 3 on NRF2 activation and cell death was examined in a human 

colorectal adenocarcinoma cell line, DLD-1. Cell viability was also measured using the Cell 

Counting Kit-8 assay. The mRNA expression was measured using real-time PCR. Protein 

expression was analyzed using western blot. NRF2 was knocked down using small interfering 

RNA targeting it. 

 

3. Expected Results/ Conclusion/ Contribution 

Compound 3 inhibited DLD-1 cell proliferation. Compound 3 upregulated the protein expression 

of NRF2 in a time- and concentration-dependent manner. Moreover, compound 3 markedly 

induced the expression of heme oxygenase (HO-1) mRNA and protein. The protein expression of 

HO-1 induced by compound 3 was suppressed by an NRF2 specific siRNA. These results 

suggest that compound 3 induces HO-1 and leads to an increase in its expression via activation 

of NRF2, and a sensitivity of compound 3 is associated with NRF2 activation. Our findings may 

provide useful information for development of a potent anti-cancer organobismuth compound.  

 

Keywords: heterocyclic organobismuth compounds, nuclear factor (erythroid-derived 2)-like 2, 

apoptotic cell death 
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Abstract 

Adipokines serve as a human clinical biomarker and they regulate mammalian metabolic 

functions. Research on adipokine regulation of metabolic function in avian species is limited. 

The current study is to investigate the profile of plasma adiponectin and several biochemical 

variables in broilers, to establish the pattern of development. 

 

One hundred and fifty broilers were used and growth was staged according to the Broiler 

Management Manual. The data for body weight, plasma variables, and feed consumption were 

collected at days 3, 7, 14, 21, 28 and 35 after hatching. Plasma adiponectin, macroadiponectin 

and biochemical variables, including triacylglycerol, total cholesterol, glucose, high-density 

lipoprotein and low-density lipoprotein were quantified. Adiponectin was highly correlated with 

age in a negative fashion and with macroadiponectin in a positive fashion in both genders in 

broilers. Moreover, body weight was highly correlated (r value= -0.746) with adiponectin in a 

negative fashion and positively correlated with macroadiponectin in growing chickens. 

 

This study is the first to explore the profile of adiponectin and its correlation with biochemical 

values and physiological status of various growth stages in the chickens. 

 

Keyword: Chicken, adiponectin, macroadiponectin 
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Azoospermia is the medical condition of a male not having any sperm in their semen. It is 

associated with very low levels of fertility, and azoospermia cases are idiopathic, since the 

molecular mechanisms underlying the defects remain unknown. Azoospermia has two forms: 

obstructive azoospermia (OA), where sperm are created, but cannot be mixed with the rest of the 

ejaculatory fluid due to a physical obstruction, and non-obstructive azoospermia (NOA), where 

there is a problem with spermatogenesis, this failure may occur at any stage in sperm production 

for a number of reasons. This situation may be caused by genetic abnormalities.  

 

DNA (cytosine-5)-methyltransferase 3-like is an enzyme that in humans is encoded by 

the DNMT3L (D3L) gene. Several studies have reported D3L was the germ line-specific 

expression proteins and that have been demonstrated to have essential roles in spermatogenesis 

in mice. D3L gene null mice demonstrate loss of germ cell phenotype and these phenotypes may 

be linked to gametic methylation and fertility. In this study, we would like to investigate the 

expression level of D3L in human spermtogenesis by collection of discarded azoospermia testes 

tissue from patient after IVF (in vitro fertilization) treatment.  

 

We analyzed the expression level of D3L in the NOA testis compare with OA testis by real time 

PCR. Testes tissue from NOA group expressed significantly (P < 0.0001) lower D3L levels than 

those from OA group. Based on these data, we suggest that D3L gene may involves 

spermatogenesis in human testis.  

 

Keywords: Methylation, Azoospermia, DNMT3L, Testis 
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Abstract 

Buas-Buas (Premna pubescens Blume) is one of the medicinal plants that grows in Indonesia, 

especially in North Sumatra, which has many benefits. Buas-buas ave several secondary 

metabolite compounds including alkaloids, phalvonoid, saponins, polyphenols, and terpenoids and 

some others are thought to have cytotoxic potential. The purpose of this study was to determine the 

toxicity of ethanol extract of buas-buas leaves and fruit (Premna pubescens Blume) Against 

Artemia salina Leach Using the BSLT method as indicated by the value LC50-24 hours. This type of 

research is experimental research carried out in two stages, namely the preliminary test and the 

main toxicity test. The sample used is for the preliminary test as many as 280 tails to determine the 

lower threshold concentration (LC0-24 hours) and upper threshold (LC100-24 hours) with 6 treatment 

concentrations (1000 ppm, 800 ppm, 600 ppm, 400 ppm, 200 ppm, 100 ppm), and 1 negative 

control with 2 repetitions for ethanol extract of leaves and wild-beasts 10 larvae for each 

concentration. The main toxicity test was 360 tails using 5 treatments (148 ppm, 219 ppm, 323 

ppm, 478 ppm, and 707 ppm) and 1 negative control with 3 repetitions for the ethanol extract of 

leaves and wild beasts with 10 larvae each for each concentration. Larval mortality was calculated 

after 24 hours of treatment. Based on probit analysis, the LC50 value of the ethanol extract of 

savage leaves (Premna pubescens Blume) was 347.31 ppm and the LC50 value of wild-fruit extract 

(Premna pubescens Blume) was 532.77 ppm. This shows that the ethanol extract of leaves and 

savage fruits (Premna pubescens Blume) is toxic to Artemia salina Leach because LC50 <1000 

ppm. 

 

Keywords: Toxicity, Premna pubescens Blume, BSLT (Brine Shrimp Lethality Test), LC50 

 

1. Introduction 

The development of drugs from natural ingredients has a high tendency in developing countries 

such as Indonesia because the prices are more affordable, available in sufficient quantities 

compared to synthetic drugs (Sari, 2006). Indonesia has more than 30,000 types of plants found 

on this archipelago, and more than 1000 types of medicinal plants used in the traditional 

medicine industry (BPOM, 2005). Knowledge of this plant, which is a cultural heritage handed 

down from generation to generation to the next generation, includes currently using natural 

medicines or better known as traditional medicines that have been used by all levels of society. 

Traditional medicine is more easily accepted by the community because besides being familiar 
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with the community, the drug is easier and cheaper to obtain (DEPKES RI, 2007). 

 

Many plants can be used as medicines, but not many know it. One of the medicinal plants that 

grows in Indonesia, especially in North Sumatra, is buas-buas (Premna pubescens Blume). Many 

people use wild-beast plants to cure various diseases such as colds, eliminate bad breath, 

increase mother's milk (ASI), refresh the bodies of women who have given birth by mixing 

decoction of leaves, roots, skin, and stem into the bath water women, and treat worm infections. 

Not only used as traditional medicine, savage plants are also often used as vegetables in daily life 

by the community, especially the Malay people who add wild-savage leaves as a mixture of 

spicy porridge in the holy month of Ramadan (Marbun and Restuati, 2015). The metabolite 

content in wild beets makes it one of the most useful plants as medicine. Research by Adyttia et 

al. (2013) found that 70% ethanol extract from buas-buas leaves (Premna cordifolia) contained 

compounds classified as alkaloids, flavonoids, triterpenoids, phenols, tannins and saponins. 

Flavonoids and tannins are included in the class of phenolic compounds. 

 

Many previous studies have been conducted to find out the various benefits of wild-beast plants, 

and the results that have been proven are: wild-wild extract activity that can inhibit the growth of 

Bacillus cereus and Escherichia coli bacteria (Restuati & Gita., 2016), the effect of wild-extract 

savage as anti-inflammatory in white mouse edema (Marbun & Restuati 2015), effect of 

wild-wild extract on white mouse immunostimulants (Restuati et al. 2014), effect of giving 

wild-leaf ethanol extract on MDA levels in male wistar rats after exposure to cigarette smoke 

( Adyttia et al. 2013), the antifungal activity of transparent solid soap with the active ingredient 

of wild-leaf extract (Fitriarni, 2017). According to Veerstegh (1988) in Sinaga (2013) states that 

wild beasts have bioactive compounds one of which is Luteolin and Apigienin which has many 

benefits including anti-inflammatory, antioxidant, and anticancer. In wild beasts it has very 

strong antioxidant activity (Veronika et al. 2016). 

 

Previous research, conducted by Prawansah et al. (2017) in the acute toxicity test of buas-buas 

leaf ethanol extract (Premna serratifolia Linn) showed that LC50 <1000 ppm was 133.96 ppm. In 

the study conducted by Veronika et al. (2016)) in the buas-buas fruit extract toxicity test 

(Premna serratifolia Linn) showed LC50 <1000 ppm in the n-hexane fraction extract of 38.869 

ppm. 

 

One of the cytotoxic test methods is acute toxicity test using the Brime Shrimp Lethality Test 

(BSLT) method. This test is a preliminary test that can be used to monitor the toxicity of 

bioactive compounds from natural ingredients. This method has several advantages such as fast 

breeding, low prices, easy trial methods, small samples needed, do not need a special laboratory 

and the results can be trusted. Toxicity Test of the Brine Shrimp Lethality Test (BSLT) Method 

using shrimp Artemia salina Leach larvae due to their high sensitivity to chemicals. The 

parameter used to show the toxicity of a compound is the death of Artemia salina Leach with a 
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value of LC50 (lethal concentration) in ppm the active compound of the plant. If the price of LC50 

<1000 ppm, the extract can be said to be toxic and potentially as an anticancer (Meyer, 1982). 

The price of LC50 is obtained from the LC50 toxicity test. The LC50 toxicity test is the amount of 

concentration of the test material that can kill 50% of test animals after a 24-hour incubation 

period. Toxicity tests carried out are intended to describe the presence of toxic effects and to 

examine safety limits in relation to the use of compounds present in these plants. 

 

2. Methods 

2.1 Tools and Materials 

The tools used during the study included: drop pipette, blender, magnifying glass, analytical 

scales, knives, label paper, vortex, 1000 ml measuring cup, erlenmeyer flask, scales, stirrers, test 

tubes (flakon bottles), aerators, rotary evaporator, spoon, hose, 1.5 liter mineral water bottle, 

flankton net, camera. 

 

The materials used during the study included: Wild-savage leaves and fruit (Premna pubescens 

Blume), 96% ethanol, Artemia salina Leach larvae, fish salt, aquadest, aluminum foil, filter 

paper. 

 

2.2 Maceration Extraction 

Leaves as much as 1900 grams and in 1000 grams of fruit are dried in a drying cup until the 

simplicia is ready to be mashed. Simplicia which is mashed using a blender is extracted using 

maceration method with 96% ethanol. Then each of the leaves and wild-beast simplicia is soaked 

into a large glass jar in dark color and added 96% ethanol each 1000 ml for 100 grams of leaf 

simplia and wild beasts. Then close the lid tightly with aluminum foil on each jar for 5 days 

protected from sunlight, stirring every day. The liquid ethanol extract obtained was concentrated 

using a rotary evaporator and dried using a freeze dryer to obtain a thick ethanol extract. 

Regenerate the simplicia pulp by adding 96% ethanol to three times maceration (Restuati et al. 

2014). So as to get a thick extract on wild-savage leaves as much as 38 gr and savage-fruit as 

much as 29 gr. 

 

2.3 Preliminary Test 

2.3.1 Hatching of Artemia Salina Leach Eggs 

Hatching of Artemia salina Leach eggs is carried out in a 1.5 liter mineral water bottle and then 

add 1 liter and 24 g of salt to make artificial sea water and aerated using an aerator. Add the 

Artemia salina Leach egg to the container using a spoon as much as 2 g. The eggs will hatch 

approximately after 18-24 hours into larvae. 48-hour-old larvae can be used for toxicity tests 

(Supriningrum et al. 2016). 

 

2.3.2 Implementation of Preliminary Tests 

This preliminary toxicity test is used to determine the upper threshold values (LC100–24 hours) 
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and lower thresholds (LC0-24 hours). This preliminary test uses ethanol extracts of leaves and 

wild fruits. Making a solution with a concentration of 1000 ppm for the parent soluble was 

carried out by diluting 1000 mg of each extract and then dissolving it with aquadest as much as 

1000 ml. Then do the dilution to get a test solution with a concentration of 800 ppm, 600 ppm, 

400 ppm, 200 ppm, 100 ppm in each extract. The concentration used in the preliminary test is 

1000 ppm, 800 ppm, 600 ppm, 400 ppm, 200 ppm, 100 ppm and 0 ppm (negative control) with 

2x repetitions. A total of 10 Artemia salina Leach is inserted into each vial which has been filled 

with 9 ml of artificial sea water and 1 ml of extract solution for each leaf and wild-fruit extract. 

Negative controls (0 ppm) were carried out without the addition of extracts. the test was carried 

out for 24 hours and the mortality was observed by calculating the dead Artemia salina Leach. 

After the concentration was obtained then the concentration to be used in the main toxicity test 

was searched using a logarithmic formula. Determination of the concentration is determined 

based on the logarithmic formula using the formula: 

Log 
𝑁

𝑛
 = k (log 

𝑎

𝑛
) 

Furthermore, the concentrations of a, b, c, d, and e can be calculated using the formula: 
𝑎

𝑛
 = 

 𝑏

𝑎
 

= 
 𝑐

𝑏
 = 

𝑑

𝑐
 

 

Information : 

N: upper threshold concentration 

n: lower threshold concentration 

k: number of concentrations tested 

a: the smallest concentration in a series 

a, b, c, d, is the concentration tested with the value a as the smallest concentration (Aprilia et al. 

2012). 

 

2.4. Main Toxicity Test 

This stage determines the Lethal Consetration (LC50-24 hours), the amount of which is between 

the lower threshold and the threshold above which the value is chosen sequentially based on the 

logarithmic series according to the results of the preliminary test. In this main toxicity test, 

Artemia salina Leach was hatched, and the preparation of a solution with a concentration of 

1000 ppm was carried out by diluting 1000 mg of each extract and then dissolving with 1000 ml 

of aquadest. Then do the dilution to get a test solution with a concentration of 707 ppm, 478 ppm, 

323 ppm, 219 ppm, 148 ppm in each extract. The concentration used in the main toxicity test 

was 707 ppm, 478 ppm, 323 ppm, 219 ppm, 148 ppm and 0 ppm (negative control) with 3 times 

repetition. A total of 10 Artemia salina Leach is inserted into each vial which has been filled 

with 9 ml of artificial sea water and 1 ml of extract solution for each leaf and wild-fruit extract. 

Negative controls (0 ppm) were carried out without the addition of extracts. the test was carried 
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out for 24 hours and the mortality was observed by calculating the dead Artemia salina Leach. 

Toxic effects were obtained from observations by calculating% mortality (mortality) of Artemia 

salina Leach larvae at each concentration left for 24 hours in each test tube. 

% mortality =
number of dead larvae

number of initial total larvae
 x 100% 

If the control is dead, the percent of death is determined by the Abbot formula: 

% mortality= 
 Number of dead larvae in the test − number of dead larvae in control

number of test larvae
 x 100% 

Then make linear regression: 

y = bx + a 

where: y = probit number 

x = log concentration 

a = intercept 

b = slope (slope of the linear regression line) (Prawansah et al. 2017). 

 

2.5. Data Analysis 

Toxicity effects on Artemia salina Leach. determined by probit analysts through probit tables 

and linear regression equations made y = bx + a where: y = numbers probit, and x = log 

concentration. This equation can be used to determine the value of LC50-24 hours by entering the 

probit value 5 (50% death) into the equation so that the concentration can be obtained which 

causes 50% mortality of Artemia salina Leach larvae using SPSS 22 (Prawansah et al. 2017). 

 

3. Results and Discussion 

3.1. Preliminary Test 

Preliminary tests are carried out for 24 hours. The results of the preliminary test are presented in 

the following table: 

 

Table 1. Mortality of Artemia salina Leach Larva with Ethanol Extract of Buas-Buas Leaves 

(Premna pubescens Blume) in the Preliminary Test. 

Konsentrasi 

(ppm) 

Pengulangan Total 

Kematian 

Rata-rata 

Kematian 

Persen 

Kematian 

(%) 

I II 

 

0 0 0 0 0±0 0 

100 2 1 3 1,5±0,70711 15 

200 4 2 6 4±1,41421 30 

400 6 6 12 6±0 60 

600 8 6 14 7±1,41421 70 

800 8 8 16 8±0 80 

1000 10 10 20 10±0 100 
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Table 2. Table 4.2. Artemia salina Leach Larva Mortality with Ethanol Extract of Buas-Buas 

Fruit (Premna pubescens Blume) in Preliminary Test. 

Konsentrasi 

(ppm) 

Pengulangan Total 

Kematian 

Rata-rata 

Kematian 

Persen 

Kematian 

(%) 

I II 

 

0 0 0 0 0±0 0 

100 1 0 1 0,5±0,707106 5 

200 1 2 3 1,5±0,707106 15 

400 4 3 7 3,5±0,707106 35 

600 5 7 12 6±1,41421 60 

800 9 8 17 8,5±0,707106 85 

1000 10 10 20 10±0 100 

 

The results of preliminary tests carried out for 24 hours on ethanol extract of buas-buas leaves 

and fruits (Premna pubescens Blume) showed a significant effect on mortality of Artemia salina 

Leach larvae at a series of concentrations tested on each extract ie 1000 ppm, 800 ppm, 600 ppm, 

400 ppm, 200 ppm, 100 ppm, and 0 ppm (negative control). The values of the concentration 

range or critical range in the ethanol extract of buas-buas leaves and fruit (Premna pubescens 

Blume), ie the upper threshold concentration (N) at 1000 ppm, killed the test animals 100% 

within 24 hours for both extracts and lower threshold concentrations (n ) at 100 ppm for ethanol 

extracts of buas-buas leaves and fruit (Premna pubescens Blume) to kill test animals by 15% in 

leaf ethanol extract and 5% in fruit ethanol extract during 24-hour observation. 

 

3.2. Main Toxicity Test 

Based on the preliminary tests that have been carried out, the logarithmic geometric 

concentration values of the test solution used were 148 ppm, 219 ppm, 323 ppm, 478 ppm, 707 

ppm for both extracts used in the main toxicity test. The number of deaths of Artemia salina 

Leach larvae in each test tube in various concentrations of treatment of buas-buas leaf and fruit 

extracts (Premna pubescens Blume) is shown in the following table: 

 

Table 3. Mortality of Artemia salina Leach Larva with Ethanol Extract of Buas-Buas Leaves 

(Premna pubescens Blume) 

Konsentrasi 

(ppm) 

Pengulangan Total 

Kematia

n 

Rata-rata 

Kematian 

Persen 

Kematia

n (%) 

I II III 

0 0 0 0 0 0±0 0 

148 2 2 1 5 1,6±0,57735 16,67 

219 2 3 2 7 2,33±0,57735 23,33 
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323 4 6 6 16 5,33±1,15470 53,33 

478 7 6 7 20 6,67±0,57735 66,67 

707 8 7 8 23 7,66±0,57735 76,66 

 

Table 4. Mortality of Artemia salina Leach Larvae with Ethanol Extract of Buas-Buas Fruits 

(Premna pubescens Blume) 

Konsentrasi 

(ppm) 

Pengulangan Total 

Kematia

n 

Rata-rata 

Kematian 

Persen 

Kematia

n (%) 

I II III 

0 0 0 0 0 0±0 0 

148 2 1 0 3 1±1 10 

219 2 3 2 7 2,33±0,57735 23,33 

323 3 3 3 9 3±0 30 

478 4 4 5 13 ±0,57735 43,33 

707 7 8 6 21 7±1 70 

 

Based on the table above it can be seen that there are different influences related to various 

concentrations of ethanol extract of buas-buas leaves and fruits (Premnas pubescens Blume) to 

the death of Artemia salina Leach larvae. This indicates that the two extracts have different toxic 

effects on shrimp larvae, as seen from the differences in the concentration of the two extracts 

which are capable of killing shrimp larvae. the highest mortality of larvae was found at a 

concentration of 707 ppm for both extracts while the lowest percentage of mortality was at a 

concentration of 148 ppm for both extracts. There was an increase in the percentage of larval 

deaths followed by an increase in concentration. This is in accordance with the theory, that the 

higher the concentration of extract the more the number of dead larvae. Every chemical if given 

with a large enough dose will cause toxic. In addition to the percentage of larval deaths it can be 

concluded that the higher the concentration of extracts resulted in the higher number of larval 

deaths (Aprillia et al. 2012). 

 

3.3 Determination of LC50-24 hours Value 

The results of LC50-24 hours hour values on Ethanol extract of buas-buas leaves and fruit (Premna 

pubescens Blume) 

 

Table 5. Calculation of the value of LC50-24 hours Ethanol Extract of Buas-BuasLeaves and 

Fruits (Premna pubescens Blume) Probit Analysis with SPSS 22 

Samp

el 

Konsent

rasi 

(ppm) 

% 

Kemati

an 

Angka 

Probit 

LC50 

(ppm) 

Daun 0 0 0  
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Buas-

Buas 

148 16,67 4,03  

 

347,31 

219 23,33 4,27 

323 53,33 5,08 

478 66,67 5,43 

707 76,66 5,72 

Buah 

Buas-

Buas 

0 0 0  

 

 

532,77 

148 10 4,03 

219 23,33 4,27 

323 30 5,08 

478 43,33 5,43 

707 70 5,72 

 

 

Figure 1. Linear Regression Curve Toxicity Test of Ethanol Extract Of Buas-Buas Leaf (Premna 

Pubescens Blume) Against Artemia Salina Leach 

 

 

Figure 2. Linear Regression Curve Toxicity Test of Ethanol Extract of Buas-Buas Fruits 

(Premna Pubescens Blume) Against Artemia Salina Leach 

 

Based on the table above, the LC50-24 hour value for the ethanol extract of buas-buas leaves 

(Premna pubescens Blume) is 347, 31 ppm and the LC50-24 hour in the ethanol extract of buas-buas 

fruits (Premna pubescens Blume) is 532, 77 ppm. So that it can be said that the ethanol extract of 

leaves and wild fruits (Premna pubescens Blume) in this study has the potential toxicity to 
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Artemia salina Leach according to the BSLT method. The LC50 value shows the toxic effect of 

the activity of plant active components on Artemia salina Leach. If we look at the level of 

toxicity from the LC50 value, the buas-buas leaves ethanol extract gives the most toxic effect 

compared to the buas-buas fruits ethanol extract of Artemia salina Leach, which is 347.31 ppm. 

 

The toxicity of a plant is related to the secondary metabolites contained in it. According to 

Restuati et al. (2014), the content of secondary metabolites found in the ethanol extract of 

buas-buas leaves (Premna pubescens Blume) is alkaloids, phalvonoid, saponins, steroids, and the 

highest secondary metabolites are flavonoids and saponins and on buas-buas fruits (Premna 

pubescens Blume) contains secondary metabolites, namely saponins, flavonoids, polyphenols, 

and terpenoids (Veronika et al. 2016). In the study of Veronika et al. 2016 The n-hexane fraction 

of wild-beasts is more toxic than other fats because they contain steroids. The workings of these 

compounds are by acting as stomach poisoning. Therefore, if these compounds enter the larval 

body, their digestive organs will be disrupted. In addition, the compound will inhibit the taste 

receptors in the mouth area of the larvae, this means that the larvae fail to get a taste stimulus so 

they are unable to recognize the food so that the larvae die of starvation (Kurniawan, 2009). 

According to Hasana et al. (2015), at certain levels these compounds are toxic so that they can 

inhibit antifeedant capacity and death occurs in Artemia salina Leach larvae. These compounds 

enter the digestive tract and are distributed into the tissues of the body of Artemia salina Leach 

larvae resulting in functional damage and cell metabolism. This process occurs in only 24 hours 

which causes the death of 50% Artemia salina Leach larvae. 

 

According to Meyer et al. (1982) a compound if having an LC50 value below 30 ppm the extract 

is considered very toxic, if the value of 30-1000 ppm LC50 is considered toxic and if the 

LC50value above 1000 ppm is considered not toxic. This explains that a compound is said to be 

toxic and has the potential to be an anticancer candidate in Brine Shrimp Lethality Test (BSLT) if 

it has a LC50-24 hours <1000 ppm known by calculating the death of Artemia salina Leach larvae 

with Lethal Concentration 50 (LC50) parameters. The greater the LC50value means that the 

toxicity is getting smaller and conversely the smaller the LC50 value the greater the toxicity. 

 

4. Conclusions and Suggestions 

4.1 Conclusion 

Based on the results of the research and the data obtained, it can be concluded that: Ethanol 

extract of buas-buas leaves (Premna pubescens Blume) has an LC50 value of less than 1000 ppm 

which is 347.31 ppm and ethanol extract of buas-buas fruit (Premna pubescens Blume) has LC50 

value less than 1000 ppm which is 532.77 ppm, the two extracts have the potential for toxicity to 

Artemia salina Leach. 

 

4.2 Suggestion 

The advice given is that it is necessary to conduct further research to isolate compounds from 



 

516 

ethanol extract of buas-buas leaves and fruit (Premna pubescens Blume) which have potential 

toxicity, and test toxicity with other methods and carry out sub-chronic and chronic toxicity tests 

buas-buas plants (Premna pubescens Blume) to find out the use of buas-buas plants (Premna 

pubescens Blume) 
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1. Background/ Objectives and Goals 

Bovine ephemeral fever virus (BEFV) belongs to Ephemerovirus genus of the Rhabdoviridae 

family with a single-negative RNA genome. BEFV endemic in Africa, the Middle East, East Asia, 

and Australia, it causes the acute symptoms including a bi-phasic fever, salivation, ocular and 

nasal discharge, recumbency, muscle stiffness, lameness, and anorexia. That causes a decrease in 

milk production and economic loss. Since the inactivated virus vaccine is the major way to 

prevent the disease, the mass production of virus antigen is demanded. To facilitate the 

production process, and due to the time consuming of traditional TCID50 tittering method, the 

manufacturer and researcher were eager to titer and to monitor the amounts of virus antigen 

rapidly and efficiently. However, only a few studies discussed the antigen targets that suitable for 

BEFV rapid tittering. 

 

2. Methods 

This study aims to develop a rapid method for the detection of bovine ephemeral fever virus 

(BEFV) through the antigenicity analysis of the prokaryotic expressed glycoprotein (G) and 

nucleoprotein (N). The main antigenic region of BEFV G protein, G1 region, and the most part 

of BEFV N protein were selected. The pET32 expression system was employed to drive these 

two recombinant proteins in E.coli (BL21) respectively. They are named as BEFV88G1Eco (for 

BEFV G protein) and BEFV88NEco (for BEFV N protein). The preliminary antigenicity of these 

two proteins was confirmed by rabbit anti-BEFV antiserum with Western-blotting assay. After 

immunization of animals, the antiserum against to BEFV88G1Eco and BEFV88NEcos were 

harvested and analyzed in Western dot-blotting to exam the binding affinity for whole naïve 

virus particles. The dot-blotting image was further analyzed by the software, ImageJ, for 

densitometry, and calculated the coefficient of determination (R
2
). 

 

3. Expected Results/ Conclusion/ Contribution 

The results showed that the rabbit antiserum immunized by BEFV88G1Eco can well recognize 

the recombinant protein itself but can’t identify the naïve whole virus particles in the dot-blot 

assay. On the other hand, the mouse polyclonal antibody immunized by the BEFV88NEco 

recombinant protein can recognize both the recombinant protein itself and the whole virus 

particles. Furthermore, the host cell (BHK-21) culture solution without BEFV infection, were 
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also employed as antigen in the dot-blotting assay to check for the background and non-specific 

bindings. The results showed that the mouse antiserum against BEFV88NEco recombinant 

protein can only recognize BEFV particle but not other antigens in BHK-21 cell culture. In 

densitometry analysis, the coefficient of determination (R
2
) can reach 0.99. In conclusion, by 

combining BEFV88NEco immunized polyclonal-antibody and dot-blotting analysis, we had 

developed a quick quantitative method to determine the amounts of BEFV virus antigen. It 

would be a great benefit for the R&D or in the GMP production of the BEFV vaccine 

development and manufacture. 

 

Keywords: Bovine epidemic fever virus (BEFV), inactivated vaccine, dot-blotting、G protein、N 

protein、rapid detection 
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1. Background and Objectives 

Ceylon olive (Elaeocarpus serratus L.) leaves, the agricultural by-products in the harvest or 

manufacture of Ceylon olive fruits, are natural materials with high nutrients and bioactivity, 

containing a large amount of important bio-phenols and flavonoid that can provide the nutrients 

for humans. In this study, the objective is to develop the green processing for the extraction and 

biotransformation of bioactive compounds from Ceylon olive leaves by using ultrasound. 

 

2. Methods 

Ceylon olive leaves were used in this study as the raw biomass for extraction and 

biotransformation by using ultrasonic irradiation. Various extraction solvents, including 

methanol, ethanol and water, were used in the extraction of bioactive compounds from Ceylon 

olive leaves. The enzymes used in the enzymatic hydrolysis were the commercial cellulase from 

Trichoderma reesei ATCC 26921 with acetic buffer as solutions. The fresh Ceylon olive leaves 

were freeze-dried and ground to get raw biomass powder. The extraction of Ceylon olive leaves 

was performed at 30 °C with or without ultrasound, and the enzymatic hydrolysis reaction of 

Ceylon olive leaves substrate was conducted at 50 °C using enzyme solution in the condition of 

shaking at 120 rpm or ultrasonic irradiation. After that, the total reducing sugar (TRS) was 

determined by the 3,5-dinitrosalicylic acid (DNS) method with a spectrophotometer. The 

morphological structures of Ceylon olive leaves powder before and after extraction and 

enzymatic hydrolysis were verified by field emission scanning electron microscope (FE-SEM). 

 

3. Results and Conclusion 

The TRS produced from the cellulase hydrolysis of Ceylon olive leaves was evaluated at 

different conditions with or without ultrasound. For enzymatic hydrolysis at 30 min and 240 min, 

the amounts of TRS produced with ultrasound were 1.8 and 2.1 times of that without ultrasound, 

respectively. It showed that the penetration of enzyme within Ceylon olive leaves was promoted 

with low frequency ultrasound (40 kHz), by which not only the diffusion of enzymes was 

facilitated but the contact of enzyme on the substrate was increased. In addition, under 40 kHz 

ultrasonic extraction, the total phenolic content of the Ceylon olive leaves extract by using 

ethanol was 1.9 times of that by using water, and the total flavonoid content of the Ceylon olive 

leaves extract by using ethanol was 5.4 times of that by using water. The antioxidant capacity of 

the Ceylon olive leaves extract by using ultrasound-assisted ethanol extraction was 2.7 times of 
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that by using water extraction. The surface morphology of Ceylon olive leaves with or without 

ultrasound was analyzed using FE-SEM, by which the microstructure of Ceylon olive leaves was 

observed to be seriously crumbled, cracked, and punched by ultrasonic irradiation during the 

reaction, leading to the enhancement of extraction efficiency. In this study, the type of solvent is 

one of the factors affecting the efficiency of Ceylon olive leaves extraction, and ultrasound can 

be regarded as an effective, mild and non-toxic method to extract Ceylon olive leaves. 

 

Keywords: Ceylon olive leaf, ultrasound, bioactive compounds, extraction 
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1. Background/ Objectives and Goals 

Irrational use of antibiotics is often found in daily practice that causes the emergence of bacteria 

that are resistant to some antibiotics. To deal with this problem, it is necessary to explore active 

compounds that have the potential to be antibiotic from nature. Sponges are marine biota 

producing bioactive compounds that have the potential as antibiotics that are symbiotic with 

microorganisms such as bacteria, fungi and cyanobacteria. The use of sponge symbionic bacteria 

as a source of bioactive compounds is based on that the compound produced will be the same as 

the host compound 

 

2. Methods 

This study aims to characterize and explore the potential of sponge symbiont bacteria as 

antibacterial obtained from Sibolga waters. The stages carried out were isolation of spongy 

symbionic bacteria, characterization of spongy symbionic bacteria which included colony 

morphology and gram staining, testing the antibacterial activity of spongy bacterial extracts of 

sponges against pathogenic bacteria. 

 

3. Expected Results/ Conclusion/ Contribution 

The isolation results obtained 13 isolates of sponge symbiont bacteria from the mesohyl of the 

three sponges namely 5 bacterial isolates from Haliclona sp., 4 bacterial isolates from Clathiria sp., 

and 4 bacterial isolates from Callyspongia sp. The morphological characterization colonies of 

bacteria symbiont sponge was obtained by all isolates of symbiont sponges in the form of round 

colonies, 10 isolates arising from elevation, 2 isolates hilly, 1 isolate convex . There were 12 

isolates having slippery colonies, and 1isolate choppy. Identification of gram staining found 11 

isolates were gram negative and 2 isolates were gram positive. Isolates of sponge symbionts( S1I4, 

S2I2, and S3I2) can inhibit the growth of Staphylococcus aureus, Eschericia coli, and Salmonella 

typhii, with strong potential. The isolates bacterial symbionts sponge (S1I1, S1I3, S1I4, S1I5, S2I1, 

S2I2, S3I1, S3I2, and S3I3) have the incubation time of secondary metabolite production at 73 

hours to 75 hours. Ethanol extract of sponge bacteria isolate EES1I1 can inhibit the growth of 

Staphylococcus aureus, Eschericia coli, and Salmonella typhii with very strong potential. 

 

Keywords: bacteria of symbiont sponge, antibacterial, ethanol extract 
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1. Background/ Objectives and Goals 

In haploid species, the developmental stage of microspores can be discriminated based on the 

shape of the flower organ, so as to determine the best time for obtaining anther culture or 

microspore culture. 

 

2. Methods 

The tomato varieties in this study were hybridized combinations P1×20040805, 

20040805×ZuanShi, and P3×20040805. Acetate-magenta staining was used to observe the 

development of pollen microspores under a microscope. The morphology and anatomical 

characteristics of the microspores was observed at different developmental stages. 

 

3. Expected Results/ Conclusion/ Contribution 

The microspore development period of processing tomato was closely related to the floral organ 

morphology. The flower organ morphology was different during the development of different 

microspores in the same variety. The length of P1×20040805 flower bud was greater than that of 

the other two hybrid combinations in the mononuclear edge of microspores; the same 

microsporosis development period The flower patterns of different hybrid combinations are 

basically the same.  

The bud length of the hybridized combinations 20040805×ZuanShi and P3×20040805 ranged 

from 5.00 to 5.99 mm during microspore development of uninucleate microspores . In 

comparison, the bud length of C1 ranged from 6.00 to 6.99 mm. The mononuclear and apical 

cytological features were that the cells were perfectly round, with the nucleus near the cell wall 

and the germination hole. Floral form was enlargement, slightly open, with yellow-green bracts. 

The anther color was yellow-green and the anther was easy to peel. 

 

Keywords: Processing tomato; microspore development period; cytological characteristics; 

floral morphology 
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1. Background/ Objectives and Goals 

Selective laser melting (SLM) is a powder-based additive manufacturing technology that capable 

to fabricate complex geometry parts near full density. Due to layer-by-layer process with high 

intensity of laser power, the defects such as, deformation, residual stress, thermal accumulation 

will be able to worst the surface roughness. Laser surface re-melting is a post process that can 

improve the surface quality of parts manufactured by SLM process. 

 

2. Methods 

In this study, the Taguchi method is applied to investigate relation between surface roughness 

and re-melting process parameters, including scanning speed, laser power, and hatch space in 

laser surface re-melting process. The better surface quality is acquired by optimized combination 

of process parameters. A square carbon steel part was used in the laser re-melting experiment. 

The surface roughness was measured by a white light interferometer. In addition, the scanning 

strategies were also investigated in the study.  

 

3. Expected Results/ Conclusion/ Contribution 

From the experimental results, the optimal combination of parameters can be obtained. Through 

the design parameters optimal process, the experimental surface roughness was improved from 

6μm to 2.29μm. Then, several scanning strategies (offset scanning, line scanning, meander 

scanning, meander scanning with hatch vector, and lightning scanning) are applied to explore the 

influences on surface quality. The results showed that the surface was improved from 2.29μm to 

2.08μm. 

 

Keywords: SLM, laser re-melting, Taguchi method 
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1. Background/ Objectives and Goals 

Na metal is among the most promising anodes, owing to its high theoretical capacity of 1,166 

mA h g
-1

 and favorable redox voltage of −2.71 V vs. standard hydrogen electrode. However, 

several major issues such as low Coulombic efficiency (CE), infinity volume change, and 

unpredictable electrodeposition of metal (dendritic growth) should be resolved in order to 

achieve feasible electrochemical performances of Na metal anode. 

 

2. Methods 

A thin pyroprotein layer was coated on a Cu substrate via spin coating of regenerated silk fibroin 

followed by pyrolysis at 800 °C. The layer were composed of highly disordered carbon building 

blocks in which Na ion can be diffused and contacted with numerous defective carbon sites. 

 

3. Expected Results/ Conclusion/ Contribution 

Homogeneous deposition of Na metal can be induced on the pyroprotein-coated Cu electrode 

even at a high current rate of ~4 mA cm
-2

. The nucleation overpotential of the pyroprotein-coated 

Cu electrode remarkably decreases by ~10 mV, which is a much lower value than that (~26 mV) 

of bare Cu foil electrode. In addition, the pyroprotein-coated Cu electrode achieved stable Na 

metal deposition/stripping cycles over ~300 cycles with an average CE of ~99.96%, which is the 

highest value reported in metal anodes thus far. Moreover, the pyroprotein-coated Na metal 

anodes exhibit a significantly low cell-to-cell variation with CE deviations of ~0.43%. 

Considering the simple fabrication process and well-established chemistry of the 

pyroprotein-coated Cu electrode, the electrochemical performances of the pyroprotein-coated Cu 

electrode deserve significant attention. The feasibility of the pyroprotein-coated Cu electrode 

will be further demonstrated via a full-cell test with a reported polyanion cathode. 

 

Keywords: catalyst, pyroprotein, sodium metal, rechargeable battery 
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Abstract 

This paper proposes a control system to reduce vibration within fragile wooden houses using a 

simple damping device requiring only minimal electric power. The proposed device generates 

viscous damping force that increases in proportion to the velocity of the vibration, and it is 

electronically adjusted by PWM signal. The value of the viscous damping coefficient of the 

damping device is determined by the sliding mode control method. The changeover function of 

the control system is designed by a zero point setting method on the basis of the vibration 

characteristics of the controlled object, a fragile wooden frame of a house. In the control 

simulation, when the wooden frame equipped with the proposed system is vibrated using data 

from the Great Hanshin-Awaji Earthquake, it is not destroyed and maintains its original frame. 

The maximum electrical power for damping control is only 185 [mW]. Therefore, it is 

considered that the proposed damping control system is useful for reducing vibration within a 

fragile wooden house. 

 

Keywords: Variable Viscous Damping Coefficient, Vibration Control System, Sliding Mode 

Control, Wooden House 

 

1. INTRODUCTION 

Japan is well-known as a country with a lot of earthquakes as many active faults are all over the 

country. Many houses have been destroyed by huge earthquakes, such as the Great 

Hanshin-Awaji Earthquake, The Great East Japan Earthquake, and so on (City of Kobe, 2011, 

National Institute for Land and Infrastructure Management, 2016). After those great earthquakes, 

the studies of vibration suppression have become an active area of interest for the revision of 

earthquake resistance standards. 

 

Vibration suppression is roughly classified into active and passive methods. A MR fluid damper 

is one of the active vibration damping devices which generates damping force according to the 

electric field intensity applied to the electromagnetic rheological fluid in the cylinder (Sato et al., 

2005). Although the damping force of the MR fluid damper is very large, it is thought that it is 
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unsuitable for a fragile wooden house because it is large and heavy (Nakano, 2013). For example, 

the size of a MR fluid damper, which generates the maximum damping force of 40 [kN], is 

φ85[mm]×220[mm] and its maximum electrical consumption is 82.8[W] (Shen, 2007). It is 

considered that its size and electrical consumption are acceptable for a large building but too 

large for a small wooden house. 

 

There is a possibility of the frames of wooden houses being wrenched when large vibration is 

applied to such a small wooden house equipped with a strong damping device (Noguchi et al., 

2006, Yamazaki et al., 2013). If the torsion of the frame is large, the wooden house may be 

destroyed. Hence, it is required that a damping device should have the ability to appropriately 

release stress by vibrating the house. Furthermore, in order to be applied to such a wooden house, 

its damping force should be varied according to the vibrating situation appropriately. And it is 

preferable if it is small and lightweight. 

 

The authors have been studying reducing vibration with a damping device attached to a moving 

car (Takahara et al., 2007, Adachi et al., 2016a, Adachi et al., 2016b). The device has a simple 

structure which converts a linear-motion to electric power. The damping force of the 

linear-motion device can be varied by adjusting the current flowing though the coils of the 

device. It was confirmed that its damping force can be adjusted by PWM signal (Adachi et al., 

2018). 

 

In this study, the linear-motion damping device is applied to frames of a partitioned tenement 

house which is insufficient in strength. The shape of the damping device is suitable to be 

installed at the corners of the frame. A damping control system using the linear-motion device is 

designed based on the sliding mode control method.  

 

Here, the damping characteristics of the proposed device will be shown first. Secondly, the 

physical model of a wooden house will be described, and the mathematical model of the control 

system including the damping device structured using the sliding mode control theory. Thirdly, 

the designed damping control system will be numerically applied to reduce the vibration of the 

wooden house undergoing a Great Hanshin-Awaji Earthquake simulation. The simulation will 

illustrate that the proposed system is useful for reducing vibration of a fragile wooden house. 

 

2. Outline of The Damping Device 

The damping device is cylindrical. It consists of stator coils and a mover. The mover is an Nd 

Fe-B magnet bar, which is positioned in the center of the device. The magnets are positioned 

with the same magnet poles facing each other in order to mutually intensify magnetic flux. 

Because the stator coils wound in opposite directions to the adjacent coils are connected in series, 

the generated power synchronizes and becomes large. 
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When the mover is linearly driven, electromotive force is generated. The motion of the mover is 

hindered according to the value of the electric current that flows through the coil. The viscous 

damping force can be varied by adjusting the electric current flowing through the coil. Therefore, 

it is considered that the proposed device can be used as a vibration control device having a 

variable viscous damping coefficient if the electric current flowing can be controlled by 

electrical signal. Although changing the resistance connected to the damping device is a very 

simple method for varying the electric current, it is difficult to change the resistance 

automatically during device vibration. Here, varying the interval of electric current flow by 

PWM signal is selected in order to vary the value of the electric current flowing through the 

whole circuit. 

 

Figure 1 shows a bidirectional switch for adjusting the generated electric current. The terminal of 

the right side of this circuit is connected to the damping device. When the ON signal is input into 

the gate of the photo-coupler, both of the Nch MOS-FETs (IRFB4020) are driven at the same 

time. Then, the damping device and the resistance are connected so that the generated electric 

current flows in the circuit by those driven FET. No electric current flows in the circuit when 

those MOS-FETs are OFF. Because electric power is consumed in only this bidirectional switch 

circuit, the power consumption in the damping device is very small. The maximum power 

consumption is only 185 [mW]. The damping characteristics of the damping device are measured 

using the bidirectional switch circuit. The variation of the mover position to the duty rate of the 

PWM signal is measured when a weight of 15[kg] is placed on the plate connected to the mover. 

Here, the duty rate of the PWM signal is set from 1[%] to 99[%]. Figure 2 shows the variation of 

viscous damping coefficient of the damping device to the duty rate of the PWM signal. In Fig.2, 

the solid line is an approximate function which is used to determine the duty rate. 

 

   

            

 

 

3. Design of a Damping Control System 

3.1 Modeling of Wooden Houses 

There are a lot of flat tenement houses along the small alleys of urban areas (Osaka City, 2013). 

Most of them are made of wood and are fragile. In such areas, if such fragile houses are 

destroyed by earthquakes, rubble hinders emergency vehicles and causes a fear of hindering 

Fig.1: Drive circuit using  

     the bidirectional switch 

Fig.2: Viscous damping coefficient  

     for duty ratio of PWM signal 
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evacuations in a disaster. Therefore, fragile wooden houses need to be reinforced to keep them 

from collapsing during earthquakes. The proposed damping device is thought to be effective for 

reinforcing such tenement houses because it has a simple structure and consumes little electric 

power as mentioned previously.  

 

Figure 3 shows schematic drawings of a flat tenement house. It is assumed that two households 

share the common wall placed at the center of this house. Figure 4 (a) illustrates the wood frame 

of the wall and the proposed damping devices which are mounted between the wood pillars. 

External force z is assumed to be applied to the base of wall. Figure 4 (b) illustrates the lumped 

parameter model (Iwanami, 1986).  

 

The mathematical model of the wood frame is described as follows: 

 

 �̇� = 𝐀𝒙(𝑡) + 𝑩𝑤(𝑡) (1) 

 

Here, the earthquake force is w(t). For designing the control system, Eq (1) is rewritten as the 

state equation as follows: 

 

 �̇� = 𝐀𝒙(𝑡) + 𝑩𝑓𝑐(𝑡) + 𝑬𝑧(𝑡) (2) 

 

Here, 

𝒙(𝑡) = [𝑥1(𝑡) 𝑥2(𝑡) �̇�1(𝑡) �̇�2(𝑡)]𝑇, 𝑨 = [

0
0

−𝑘1 𝑚1⁄
0

 

0
0
0

−𝑘2 𝑚2⁄

 

1
0
0
0

 

0
1
0
0

], 𝑩 = [

0
0

1 𝑚1⁄

−1 𝑚2⁄

], 

 𝑬 = [

0
0

𝑘1 𝑚1⁄

𝑘2 𝑚2⁄

] 

 

m1: weight of the left wood pillar 

m2: weight of the right wood pillar 

k1: spring constant of the left wood pillar 

k2: spring constant of the right wood pillar 

𝑥1(𝑡): deviation of the top of the left wood pillar 

𝑥2(𝑡): deviation of the top of the right wood pillar 

�̇�1(𝑡): velocity of the left wood pillar 

�̇�2(𝑡): velocity of the right wood pillar 

𝑓𝑐(𝑡) : damping force 
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 z(t) is the horizontal displacement of house sill caused by earthquake. 

The damping force fc(t) is as follows: 

 

𝑓𝑐(𝑡) = 𝑐𝑎𝑐𝑡(𝑡)𝑣(𝑡) (3) 

 

𝑣(𝑡) = �̇�2(𝑡) −  �̇�1(𝑡) (4) 

 

𝑐𝑎𝑐𝑡(𝑡) = 𝑢(𝑡) + 𝐶𝑐𝑜𝑛        (30 ≤ 𝑐𝑎𝑐𝑡(𝑡) ≤ 120) (5) 

 

Here, 𝑣(𝑡) is relative velocity. cact(t) is the input of the system, the viscous damping coefficient, 

including the calculated viscous damping coefficient u(t) and mechanical constant damping 

coefficient Ccon. 

 

 

 

 

Fig. 3: Sketch of the tenement house 

 

 

     

 

 

Fig. 4: The structure models 
 

3.2 Design of Sliding Mode Control 

The mathematical model includes non-linear and time-varying characteristics as mentioned 

previously. Specifically, the differential equation has the product term of the input u(t) and the 

(a) The structures model of wood frame (b) Abstracted structure model 
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state variable v(t). That is, the whole system including the damping device is regarded as a 

bilinear system. In order to prevent collapse of a house, the displacement 𝑥1(𝑡) and the velocity 

�̇�1(𝑡) should be suppressed within the durability limit ranges. Furthermore, the vibration of the 

house also should be converged in a short time. 

 

Because the rapid change of the wood frames of the house increase the probability of collapse, it 

is necessary that the increase of velocity �̇�1(𝑡) is suppressed by a control system. Therefore, the 

feedback-gain to determine the viscous damping coefficient should be varied according to the 

vibrating situation. Here, the control system is designed based on a sliding mode control method, 

which is useful for controlling a non-linear object. The control system can vary the 

feedback-gain by a changeover function. The S parameter of the changeover function is designed 

by a zero point setting method (Ohnuki et al., 1997, Santo et al., 2002). 

 

Figure 5 shows the block diagram of the control system. The changeover function σ is as 

follows: 

 

 𝜎(𝑡) = 𝑺𝒙(𝑡) (6) 

 

Here, the S parameter is a line vector which shows an inclination of a switching hyperplane. The 

S is designed to set the real part of zero point as less than –e. S is calculated as the solution of 

Riccati equation as follows.  

 

 𝑺 = 𝑩𝑇𝑷 (7) 

 

 𝑷𝑨𝜀 + 𝑨𝜀
𝑇𝑷 − 𝑷𝑩𝑩𝑇𝑷 + 𝑸 = 𝟎 (8) 

 

 𝑨𝜀 = 𝑨 + 휀𝑰     0 ≤ ε (9) 

 

The S which satisfies Eq.(7) is strictly positive real and has a stable zero point. When ε is set at 

one, the S is calculated as [−331.12 −371.93 25.596 −15.528]. 

 

By a Lyapunov theorem, when the �̇� is a negative function, the sliding mode exists, and the σ 

converges to zero in the hyperplane. Then, the changeover feedback-gain is determined so as to 

make the �̇�  a negative function. However, because the determination of the changeover 

feedback-gain causes a discontinuous change of the input signal, there is a possibility that 

chattering occurs in the control input. To prevent such the discontinuous change of the input 

signal, the changeover feedback-gain is calculated as Eq.(10). 
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𝒉(𝑡) = {

𝒉𝟏                                       𝜎𝑥(𝑡) > 𝛼

𝒉𝟐                                       𝜎𝑥(𝑡) < −𝛼
𝒉𝟏 − 𝒉𝟐

2𝛼
𝜎𝑥(𝑡) +

𝒉𝟏 + 𝒉𝟐

2𝛼
   − 𝛼 < 𝜎𝑥(𝑡) < 𝛼

   (10) 

 

Here, α is a changeover area. The i th element of the changeover feedback-gain is decided by 

𝒉𝟏𝒊 > (𝑺𝑩)−𝟏(𝑺𝑨)𝒊  when 𝜎𝑥(𝑡) > 𝛼 . On the other hand, the i th element is 

𝒉𝟐𝒊 < (𝑺𝑩)−𝟏(𝐒𝐀)𝑖  when 𝜎𝑥(𝑡) < −𝛼 . Here, the parameters are selected as α = 0.5, 

𝒉𝟏 = [−1400 1200 − 40 − 40], 𝒉𝟐 = [−1800 1000 − 50 − 50], respectively. 

The control input is determined as follows: 

 

𝑢(𝑡) = −𝒉𝒙(𝑡) (11) 

 

 

Fig. 5: Block diagram of the control system 

 

4. Simulation and Results 

The vibration response of the wood frame equipped with the designed control system is 

simulated using MATLAB (The MathWorks, Inc.) when large vibrations are applied to the frame 

by an earthquake. Here, the parameters are set as Table1. 

 

Figure 6 shows the simulation results. Figure 6 (a) is the displacement of the Great 

Hanshin-Awaji Earthquake for 60 seconds which shakes the frame. Figure 6 (b) and (c) show the 

change of 𝑥1(𝑡) and 𝑥2(𝑡), respectively. The viscous damping coefficient, the input value, and 

the damping force are illustrated in Fig.6 (d) and (e), respectively. 

 

In Fig. 6 (c), the solid line shows the displacement of 𝑥1(𝑡), when the damping system is 

equipped on the wood frame. For comparison, the displacement of 𝑥1(𝑡) is shown as the dotted 
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line in the same figure when the wood frame is not reinforced with the damping system. From 

the simulation, the frame equipped with the proposed damping system converges in about 43 

seconds. On the other hand, the wood frame equipped without the damping system continues to 

shake over 60 seconds. Figure 7 (b) shows the variation of the 𝑥1(𝑡) and �̇�1(𝑡) on a phase 

plane when the damping system is equipped on the wood frame. From the result, their trajectory 

converges to origin without exceeding the allowable velocity �̇�1(𝑡) one [m/s]. In the case with 

no control, Fig.7 (a) shows that �̇�1(𝑡)  exceeds the allowable velocity and the vibration 

continues. Furthermore, whether or not the wood frame collapses are numerically tested by 

wallstat ver.4.0.1 (Nakagawa et al., 2010) using the vibration obtained by the above control 

simulation. The proposed system can prevent the collapse of the frame and suppress its distortion 

in 76.2 [mm]. On the other hand, the wood frame is broken in the case with no control. This 

result means that residents will be able to escape from a fragile wooden house after the 

earthquake because the house equipped with the proposed system does not collapse even with 

the conditions of the Great Hanshin-Awaji Earthquake. Therefore, it is considered that the 

proposed damping control system is useful for reducing vibration of a fragile wooden house.  

 

Table 1: The parameters of the simulation 

m1 

[kg] 

m2 

[kg] 

k1 

[N / m] 

k2 

[N / m] 

Ccon 

[N s/m] 
α 

5.62 4.48 2600 2600 0.08 0.5 
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Fig. 6: Results of the Damping Device by Simulation 

 

 

 

 

Fig. 7: The phase plane of x1(t) and �̇�1(𝑡) 

 

5. Conclusions 

This paper proposed the control system to reduce vibration within a fragile wooden house using 

(a) The Earthquake Input (b) x1 of displacement 

(d) Viscous damping coefficient (c) x2 of displacement 

(e) Damping force 

(a) Not using control (b) Using control 



 

537 

a simple damping device requiring only minimal electric power. The consumed maximum 

electrical power of the proposed damping device was very small. The proposed damping system 

is easily mounted on the frames of wooden houses because its structure is simple and small. 

 

In the control simulation, when the wooden frame equipped with the proposed system was 

vibrated by a simulation created from the Great Hanshin-Awaji Earthquake data, the house was 

not destroyed and maintained its original frame. Therefore, it is considered that the proposed 

system is useful for reducing vibration within a fragile wooden house. That is, residents will be 

able to escape from a fragile wooden house if the proposed damping control system is equipped 

on the frame of the house. 

 

In this experiment, the two dampers were used to reduce the vibration of the wood frame. 

Because the pattern of produced damping force from those damping devices was same, it was 

controlled only by one control system. In a case where a plurality of damping devices are 

equipped on various places of wooden house, they should be controlled cooperatively. In order 

to design a cooperative control system of dampers, a stress analysis of respective parts of 

wooden houses is needed. On the basis of the stress analysis, we want to construct a damping 

control system which flexibly copes with stress in consideration of the characteristics of the 

elasticity of the wood material. 
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1. Background/ Objectives and Goals 

Aberrant epidermal growth factor receptor (EGFR) signaling is one of the most critical 

oncogenic pathways in non-small cell lung cancer cells that can trigger tumor progression. 

Although the successful strategy that tyrosine kinase inhibitors (TKIs) have been found effective 

in treating patients harboring activating mutations of EGFR, an acquired secondary 

mutation-T790M ( point-mutation) or third mutation-C797S (point mutation) which lowers the 

affinity to TKIs can lead to EGFR TKI resistance after this standard treatment. Thus, how to 

suppress the EGFR downstream signaling cascade has long been considered an important 

therapeutic approach for cancer interventions.  

 

2. Methods 

Lung adenocarcinoma cells were treated with T315 and cell proliferation and apoptotic 

proportion were determined by the MTS assay, flow cytometry and western blot. The effects of 

T315 on EGFR mRNA and protein levels, autophosphorylation, ubiquitination and degradation 

were evaluated by real-time PCR and western blot, respectively. Direct targeting of T315 to 

EGFR was confirmed by the in vitro kinase assay and mass spectrometry. Finally, the pre-clinical 

effect of T315 was validated in the murine xenograft model using EGFR-TKI resistant cancer 

cell line, H1975 in combination with a second-generation TKI, afatinib.   

 

3. Expected Results/ Conclusion/ Contribution 

Exposure to T315 induces apoptosis in lung cancer cell lines, including EGFR wild-type cells, 

A549 and EGFR mutant cells, PC9 and H1975 cells. T315 decreases the EGFR protein level and 

facilitates dephosphorylation of its downstream targets, p-AKT and p-ERK in a dose dependent 

manner, both of which mediate lung cancer cell survival. We further indicated that T315 

increased EGFR autophosphorylation at tyr-1045 in the autophosphorylation domain and 

enhanced EGFR degradation through the ubiquitin-proteasome pathway by increasing the 

interaction between the ubiquitin E3 ligase, Casitas B-lineage Lymphoma (CBL), and EGFR. In 

mailto:poison720222@hotmail.com
mailto:pcyang@ntu.edu.tw
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addition, the data from mass spectrometry indicated that T315 may directly bind to the 

extracellular domain of EGFR (24-624 amino acid), thereby triggering tyr-1045 

autophosphorylation. Finally, the combination of T315 with BIBW2992 (also called Afatinib, an 

irreversible EGFR tyrosine kinase inhibitor) additively suppresses NSCLC cell growth in vitro 

and in the mouse xenograft model. Taken together, these results suggest that small compound, 

T315 is a novel class of anti-cancer drug that is able to inhibit the growth of EGFR TKI-resistant 

lung adenocarcinoma cells by inducing the degradation of EGFR. 

 

Keywords: T315, lung adenocarcinoma, epidermal growth factor receptor degradation, Casitas 

B-lineage Lymphoma 
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1. Background/ Objectives and Goals 

The US Food and Drug Administration (FDA) have approved a genetically engineered virus to 

treat patients contained with advanced melanoma. Among innovative treatments for cancer 

therapy, virotherapy represents a class of promising cancer therapeutics, with viruses from 

several families currently being evaluated in clinical trials. Most clinical trials of virotherapy 

have treated with patients via intratumoral injection. However, one of the most important 

technical solutions needed for clinical virotherapy is enhanced systemic delivery. Achieving 

efficacious and accurate systemic delivery will greatly broaden opportunities in virotherapy. 

Significant developments in technological solutions improving delivery, potency and purity for 

virotherapy have given rise to recent success. Specificity in viral delivery however will greatly 

enhance therapeutic gains. 

 

2. Methods 

Magnetic nanoparticles provide accelerated vector accumulation in target sites when directed 

with magnetic field-enforced delivery. Effective magnetic-mediated delivery technology is 

critical for biomedical application and has inspired various approaches. Interestingly, magnetic 

nanoparticles coated-virus delivery can improve the activity of viral infection and stabilize 

modified virus against the inhibitory effects of serum. An appropriate magnetic field strength can 

be operated with a micro-scale ‘spot’, shifting the remote guidance from the organ and tissue 

level down to the micro level. Notably, AAV serotype 2 (AAV2) show significant promise at both 

the preclinical and clinical level as delivery agents for human gene transfer. Taken together, this 

provides strong motivation for the design of a remotely directed “ironized” virus for 

micro-virotherapy. The validity of this concept was tested with a genetic approach to 

photodynamic therapy (PDT), circumventing PDT sensitizer-based side effects and providing 

highly specific light-triggered virotherapy in AAV2-infected cells. Sensitization is achieved 

intra-cellularly with expression of the photosensitive KillerRed protein. 

 

3. Expected Results/ Conclusion/ Contribution 

To translate the proof-of-principle results to pre-clinical application, we performed 

mailto:jjyang@ibms.sinica.edu.tw
mailto:pcyang@ntu.edu.tw
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light-triggered virotherapy treatment using remotely Ironized AAV2-KillerRed in athymic 

BALB/c nude mice with EGFR-TKI-resistant H1975 (EGFRL858R/T790M) xenograft tumors. 

Notably, treatment with Ironized AAV2-KillerRed was associated with strong suppression of 

tumor growth, contrasted by a large area of tumor necrosis indicated by H&E (hematoxylin and 

eosin) staining, extensive positive staining by TUNEL (terminal deoxynucleotidyl transferase 

dUTP nick end labeling) assay, and the nucleic acid labeled by DAPI 

(4’,6-diamidino-2-phenylindole) staining compared with other treatments. Also, the light blue 

colored area stained with Prussian Blue indicated the distribution and increased presence of iron 

in the samples exposed to the magnetic field and Ironized AAV2. Single administration of 

Ironized AAV2-KillerRed injected by tail vein resulted in significantly suppressed tumor 

outgrowth, however it lacked in long-term suppression. Impressively, when we further injected 

Ironized AAV2-KillerRed at Day 8, a complete cessation of volume growth was achieved for a 

further 5 days and was significantly inhibited beyond this (P < 0.015). To assess the 

magnetization or light irradiation independently in suppression of tumor growth, both conditions 

using Ironized AAV2-KillerRed did not significantly alter tumor growth. In contrast, delivery of 

AAV2-KillerRed only or Ironized AAV2-KillerRed with a magnetization field and light 

irradiation did not result in any statistically relevant anti-tumor effect due to the most intense 

expression in the liver tissue by using AAV2 after systemic injection. Taken together, this result 

implied that Ironized AAV2 without the magnetization may accumulate in the liver since the 

clearance of the iron oxide nanoparticles accumulated in the liver and spleen13 and AAV2’s 

natural targeting property. Concurrent delivery is consistent with other studies to assist in 

overcoming the inherently difficult challenge in achieving systemic delivery.  

In summary, we have demonstrated specificity in anti-tumor effects with light-triggered 

virotherapy achieved with remotely guided “Ironized” virus delivery. Such a technological 

concept could be harnessed to improve therapeutic efficacy and accuracy with systemic delivery 

via the bloodstream. There are several distinguishing features of our Ironized AAV2, such as 

targeted delivery, light-triggered activation of virotherapy, lack of recombination and genomic 

integration, and strong pre-clinical safety record, that define potential advantages of this concept. 

Furthermore, magnetic resonance imaging (MRI) instruments can be applied to create pulsed 

magnetic field gradients in desired direction, and it may provide the prospect of shaping the 

accumulation within an internal 3D volume. 

 

Keywords: adeno-associated virus serotype 2, iron oxides nanoparticles, KillerRed, localized 

delivery 
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Abstract:【Objective】To investigate the effects of reduced glutathione (GSH) on 

photosynthesis and its site of action in leaves of cucumber seedlings under the stress of low 

temperature (10℃/6℃).【Method】Cucumber cultivar ‘Jinyan 4’ as experimental material and 

were grown in an illumination incubator with a light period of 14 h/10 h and a day-night 

temperature of 25℃/20℃, Nitrogen monoxide (NO) donor (SNP, NO donor), GSH synthase 

inhibitor (BSO, buth ionine sulfoxide) and NADPH synthase inhibitor (6-AN, 6-aminonicotinic 

acid amide) were sprayed on cucumber seedling leaves. After 24 hours, the temperature dropped 

to 10℃/6℃, The changes of cell membrane permeability, gas exchange parameters and 

chlorophyll fluorescence parameters of cucumber seedling leaves were measured.【Result】

Compared with the control, the water + SNP treatment significantly increased the relative water 

content, chlorophyll content, net photosynthetic rate (Pn), transpiration rate (Tr) and stomatal 

conductance (Gs), Maximum photochemical efficiency (Fv/Fm) of photosystem II (ΦPSII), 

quantum yield dissipated by non-regulatory energy Y(NO), photochemical quenching coefficient 

(qP), apparent photosynthetic electron transport rate (ETR) of cucumber seedlings after 24 h of 

low temperature stress, significantly decreased intercellular CO2 concentration (Ci), alleviated 

continual enhancement of MDA content (MDA) content and the quantum yield dissipated by 

regulatory energy (NPQ); Compared with water+SNP treatment, BSO+SNP and 6AN+SNP 

treatment significantly reduced the relative water content, chlorophyll content, Fv/Fm, ΦPSII, qP, 

ETR, Pn, Gs, Tr and Y (NPQ), MDA and electrolyte leakage rate significantly increased; at the 

same time, the water+SNP treatment could maintain high fluorescence yield, and gradually 

increase the OJIP phase of rapid chlorophyll fluorescence induction curve, while the treatment of 

BSO+SNP and 6AN+SNP significantly reduced the effect of SNP; water+SNP treatment of 

cucumber seedlings leaf the maximal photochemical efficiency of primary photochemistry (ΦPo), 

the quantum yield of light energy absorption by PSII reaction center for electron transfer (φEo) 

and the probability of capturing excitons for transporting electrons to other electron acceptors 

downstream of the electron transport chain QA(ψO), fluorescence parameters related to the 

acceptor-side properties of the PSII reaction center include the oxygen release complex (FO-K), 

the reduction capacity of QA (FK-J), the reduction capacity of QB (FI-P) and the density of active 

reaction centers per excited cross-section (RC/CS) were significantly higher than CK, the 

maximum rate of reduction (MO) and relative variable fluorescence (VJ) of J phase of the 

fluorescence parameter QA related to the closure of the reaction center were significantly lower 

than CK; Compared with water+SNP treatment, BSO+SNP and 6AN+SNP treatment φPo, φEo 

and ψO, RC/CS, FK-J, FJ-I and FI-P decreased significantly, while MO and VJ increased 

significantly. 【Conclusion】It is concluded that GSH as an antioxidant or signaling molecule 

played an important role in enhanced the relative water content, reducing membrane lipid 

peroxidation, stabilizing photosynthetic system II (PSII) and increasing the electron transport 
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ability of the donor and acceptor side of the PSII reaction center electron transfer chain increases 

the photosynthetic capacity of the leaves, thereby enhancing the low temperature tolerance of 

cucumber seedlings. 

    Key words: low temperature stress; GSH; NO; cucumber seedings; photosynthetic 

characteristics 
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Abstract:To explore exogenous hydrogen sulfide (H2S) and nitric oxide (NO) interaction on 

seedlings photosynthetic physiological characteristics and chlorophyll fluorescence parameters 

in the leaves of processing tomato under salt stress, two processing tomato cultivars KT-7 (strong 

salt tolerance) and KT-32(salt-sensitive) with different salt tolerances were selected as 

experiment materials by using.Research of 50μmol/L H2S and 100μmol/L NO were determined 

by pot culture. Effects of interaction on the growth, osmoregulation, material accumulation, the 

reactive oxygen metabolism, photosynthesis and chlorophyll fluorescence characteristics on 

seedlings of processed tomato were investingated under 200 mmol/L NaCl stress. The results 

showed that exogenous hydrogen sulfide and nitric oxide interactions improved the growth, 

proline content, soluble sugar content,  chlorophyll a and b, carotenoids contents, net 

photosynthetic rate(Pn), stomatal conductance(Gs), transpiration rate (Tr), maximal 

photochemical efficiency of PSⅡ(Fv/Fm) and PSⅡactual photochemical efficiency(ΦPSⅡ) of 

processing tomato seedlings, but the level of concentration of CO2 (Ci), parameters of quantum 

yield of regulated energy dissipation［Y( NPQ), non-photochemical quenching coefficient 

(qN),the electrolyte elakage rate, the content of malondiadehyde and the reactive oxygen species 

were decreased. The quantum yield of non-regulatory energy dissipation of PSⅡ［Y( NO)］

remained low. In summary, there were certain degree of synergy between exogenous H2S and 

NO,which could increase photosynthetic pigment content and improve photochemical electron 

transport efficiency and efficiently protect processing tomato leaves from PSⅡ damage, and 

weakened the injury of reactive oxygen species on the plasma membrane in processed tomato 

cells and then increased the adaptability of tomato seedlings to salt stress. The synergistic effect 

of the two signaling molecules will provide the theoretical basis for alleviating the physiological 

mechanism of salt tress in tomato seedlings.  

Key words: hydrogen sulfide; nitric oxide;processing tomato;photosynthetic; chlorophyll 

fluorescence 

 

* Corresponding author: 429034424@qq.com 

mailto:429034424@qq.com


 

546 

Both authors contributed equally to this study. 

  



 

547 

APLSBE-0125 

Effects of Exogenous Ascorbic Acid on photosynthesis characteristics and Fast 

Chlorophyll Fluorescence Induction Dynamics in Processing Tomato 

Seedlings under Salt Stress 

 

Xian-Jun Chen
a
, Hui-ying Liu

b
* 

a
 Department of Horticulture, Agricultural College, Shihezi University, Shihezi, 832003, 

Xinjiang, P.R. China 

E-mail address: 413884924@qq.com 
b
 Key Laboratory of Special fruits and vegetables Cultivation Physiology and Germplasm 

Resources Utilization of Xinjiang Production and Contruction Crops, Shihezi, 832003, Xinjiang, 

P.R. China 

E-mail address: hyliuok@aliyun.com  * Corresponding author 

 
 

1. Background/ Objectives and Goals 

At present, soil secondary salinization is one of the most harmful environmental factors 

limiting plant growth and yield of tomato (Solanum lycopersicum L.) under protected cultivation 

in China. Our previous studies showed the AsA (ascorbic acid) play an important roles in plant 

growth and stress tolerance. however, the mechanism underlying AsA-enhanced photosynthesis 

of salt-stressed plants is currently unclear. Here, the objective of this experiment was to 

investigate the effects exogenous AsA mediated endogenous AsA level on the photosynthesis 

characteristics and the fast chlorophyll fluorescence induction dynamics paremeters in 

processing tomato seedlings under NaCl (100 mmol·L-1
) stress by spraying salt-stressed tomato 

leaves with AsA (0.5 mmol·L-1
), LYC (lycorine, an inhibitor of AsA Synthesis, 0.25mmol·L-1

) 

and LYC+AsA, respectively.      

 

2. Methods 

Hydroponic experiments were carried out in a solar green-house at the Shihezi University 

Agricultural Experiment Station,Shihezi University, China. The experimental plots included five 

treatments: (a) Control: no NaCl, no AsA, and no LYC; (b) NaCl: 100 mM NaCl; (c) NA: 100 

mM NaCl + 0.5 mM AsA; (d) NL: 100 mM NaCl + 0.25 mM LYC; and (e) NAL: 100 mMNaCl 

+ 0.25 mM LYC + 0.5 mM AsA. The NaCl was added to the nutrient solution. For the NA and 

NL treatment, AsA and LYC were sprayed onto the seedling leaves at 9:00 a.m. every day for 3 

days, respectively. For the NAL treatment, the entire foliar regions of salt-stressed plants were 

pretreated with LYC for1 h and subsequently treated with AsA. The concentrations of AsA and 

LYC were selected according to the results of preliminary experiments. The containers were 

arranged in a randomized complete block with three replicates pertreatment.  

 

3. Expected Results/ Conclusion/ Contribution 
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The results showed that salt stress changed the pigment composition and proportion, 

decreased the photosynthetic rate and inhibited the electron transfer activity in leaves of 

processed tomato seedling. The application of exogenous LYC further decreased the 

photosynthetic rate and the electron transfer activity of salt-stressed tomato seedlings. However, 

the application of exogenous ASA can induce significant increase in the contents of  

endogenous AsA, carotenoid (Car), chlorophyll a (Chla), chlorophyll b (Chlb), Chla+Chlb, and 

net photosynthetic rate (Pn) and intercellular carbon dioxide concentration (Ci) in the leaves of 

salt-stressed plants or salt-stress plants treated with LYC. Exogenous ASA application also can 

alleviate the increase trend of J phase variable fluorescence (VJ), Ratio of variable  fluorescence 

FK to the amplitude FJ-Fo (Wk), Approximated initial slope of the fluorescence transient (MO), 

Absorption flux per RC (ABS/RC), Trapped energy flux per RC (at t=Fo) (TRo/RC), Dissipated 

energy flux per RC (at t=Fo) (DIo/RC), Absorption flux per CS (at t=Fo) (ABS/CSo) and the 

probability for excitation energy transfer between the antennae of several PS II units (PG) in the 

leaves of salt-stressed plants with or without LYC. Furthermore, the application of AsA 

significantly enhanced the efficiency of PS Ⅱ light and quantum yield for electron transport (at 

t=Fo) (φEo), Performance index on absorption basis (PIABS), Performance index on cross section 

basis (at t=Fo) (PICSo), quantum yield for the reduction of end acceptors of PSI per photon 

absorbed (φRo), Normalised total complementary area above the OJIP transie (reflecting 

single-turnover QA reduction events) (Sm). Taken together, our findings demonstrate that 

exogenous AsA alleviates inhibition of salt-induced on photosynthesis mainly by improving the 

PSII photochemical activity and electron transfer efficiency, and protecting the pigment and the 

photosynthetic reaction center from salt-induced oxidative damage, and balancing the uneven 

distribution of light energy. 

 

Key words: Processing tomato seedlings; NaCl stress; photosynthetic characteristics; 

chlorophyll fluorescence induction dynamics; JIP-test． 
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Abstract 

The objective of this experiment was to survey the chlorophyll content, photosynthetic 

characteristics and membrane peroxidation of sour jujube underNaCl stress with exogenous ALA, 

After comprehensive evaluation, the optimal ALA treatment concentration for alleviating NaCl 

stress was screened.The chlorophyll content of days 3 and 6after spraying different 

concentrations of exogenous 5-aminolevulinic acid (ALA, 50, 75, 100 and 150 mg·L
-1

) under the 

stress of 150 mol·L
-1

NaCl was detected, photosynthetic characteristics, antioxidant enzyme 

activity and the effect of malondialdehyde (MDA) content.The results showed that compared 

with NaCl stress, chlorophyll a (Chl a), total chlorophyll content (Chl), net photosynthetic rate 

(Pn), transpiration rate (Tr), superoxide dismutase (SOD), peroxidase ( POD) and catalase (CAT) 

were significantly increased on days 3 and 6 after 50, 75, 100 and 150 mg·L
-1

 ALA treatment, 

and chlorophyll b (Chl b) was 50-150 mg·L
-1

 On the 3rd day after treatment and 100, 150 mg·L
-1

, 

the 6th day after treatment was significantly increased; stomatal conductance (Gs) was treated at 

50~150 mg·L
-1

 on the 3rd day and 75, 100, 150. The levels of CO2 (Ci) and MDA were 

significantly decreased on the 6th day and the 6th day after treatment with 50~150 mg·L
-1

ALA.It 

showed that under the 150mol·L
-1

NaCl stress, spraying of exogenous ALA can enhance the 

chlorophyll content and enhance the activity of antioxidant enzymes, there by promoting 

photosynthesis of leaves, alleviating the damage of NaCl stress on sour jujube seedlings, and 

improving the salt tolerance of sour jujube. Principal component analysis showed that Chl a, Chl, 

SOD and CAT could be used as the main indicators to evaluate the effect of spraying different 

concentrations of ALA on NaCl stress. The comprehensive evaluation showed that different 

concentrations of exogenous ALA could alleviate the damage of salt jujube seedlings induced by 

salt stress, and the best effect was obtained on the 3rd day with 100 mg·L
-1

 ALA treatment. 

 

Keywords : sour jujube, NaCl treatment, ALA, Photosynthesis, membrane peroxidation, 

alleviative the salt demage 
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[objective]Xinjiang is the largest wine production base in the western China. The development 

scale of Cabernet Sauvignonin is continuously expanding However, due to the fragile ecological 

environment, it often suffers from adverse conditions such as saline, alkali, drought, high 

temperature and low temperature etc., The quality of the grape fruits has suffered an adverse 

effect in Xinjiang.Resveratrol is a kind of non-flavonoid polyphenol compound with astragalus 

structure, which mainly exists in 72 plants, such as grape, giant knotweed, peanut, mulberry, and 

has antioxidant, cardiovascular protection, anti-cancer, anti-aging and other physiological effects. 

To study the changes of resveratrol and related enzyme activities in different developmental 

stages of fruit, and to analyze the relationships between Res accumulation and key enzyme 

activities, which is of great significance for understanding and controlling the content of 

resveratrol in grape and regulating wine quality. 

This study provided theoretical basis for selecting Cabernet Sauvignonanvil panicle 

combinations with high resveratrol content in northern Xinjiang by studying the content of 

resveratrol and related enzyme activities in fruits of Cabernet Sauvignon grapes of different 

rootstocks at different stages. 

In this study, the content ofresveratrol andenzyme activities in different fruits of Cabernet 

Sauvignon grapes from different rootstocks were used to provide a theoretical basis for the 

selection of Cabernet Sauvignon root combinations with higher Res content in northern Xinjiang. 

[methods]Five resistant rootstocks (3309C, 1103P, 140R, SO4, 5C) from Zhengzhou fruit 

research institute, Chinese academy of agricultural sciences were selected from the experimental 

station of college of agriculture, Shiheziuniversity.  

The scion isCabernet Sauvignon (CS)superior 169. Anvil spike portfolio includes CS/3309C、

CS/1103P、CS/140R、CS/ SO4、CS/5C, with CS from seedling for comparison, the test of anvil 

spike in 2015 using hard graft engraftment in laboratories. Sampling was started at the fruit color 

turning stage (August 10) until the fruit was fully mature (September 25). Each sampling interval 

was 15 days, and a total of 4 samples were taken (8-10, 8-25, 9-10, 9-25). Five clusters of fruits 

were randomly selected for each treatment, and the skins and seeds were accurately separated 

after mixing evenly. Samples from 0.3 g, repeat 5 times, after liquid nitrogen frozen in a timely 

manner to - 80 ℃ refrigerator.Res contents and PAL, C4H, 4CL, CoA and 4CA activities in 

grape skins and seeds of CS grapes with different anvil panicles at different stages were 

determined.Not only the content of Res and the activity of PAL, C4H, 4CL, COA and 4CA in 

pericarp and seed were analyzed, but also the correlation between the content of Res and the 
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activity of related enzymes was analyzed. 

[results]The results of this study indicated that the rootstock had a certain effect on the Res 

content and related enzyme activities in the fruit of the rootstock grape.In each combination of 

rootstocks, the content of Res in CS/140R, CS/SO4, CS/5C peel and seed increased significantly 

compared with CS.Among them, the CS/140R combination had the highest Res content in seeds 

and peels, while the CS/1103P and CS/3309C combinations had no significant difference 

compared with CS.In the effect of rootstock on the activity of Res synthesis related enzymes in 

mature fruit, the rootstocks were significantly related to enzyme activity.Compared with CS, 

140R can significantly increase the activity of each enzyme, and its activity in seeds and peels is 

significantly higher than other rootstock combinations; SO4 can significantly increase PAL, 4CA, 

COA activity in the skin and seeds; 3309C can significantly increase the seed PAL, 4CL activity; 

1103P can significantly increase the activity of PAL, C4H and PAL in the pericarp; the activity of 

PAL, C4H and 4CL in the seed and peel of 5C rootstock is lower, only 4CA, COA activity is 

higher, but its seed and The content of Res in the pericarp is higher, which may be related to the 

influence of 4CA and COA activity on Res synthesis.After the correlation analysis of PAL, C4H, 

4CL, CoA and 4CA activity with Res content, it was found that the activity of these 5 enzymes 

and Res content in seed and peel all reached the significant correlation level, and the correlation 

coefficient between CoA and 4CA activity and Res content was the highest. 

[conclusion]The conclusions were that compared with self-root seedlings, resistant rootstocks 

can improve Res content in CS grape seeds and pericarp as well as the activity of keyenzymes in 

their synthesis. CS/140R was the most advantageous combinationfor improving Res content, 

CoA and 4CA activity in the seeds and pericarp of CS grape. 

 


